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FROM THE PREFACE TO THE FIRST ENGLISH EDITION 


THE present book is one of the series on Theoretical Physics, in which we 
endeavour to give an up-to-date account of various departments of that science. 
The complete series will contain the following nine volumes: 

1. Mechanics. 2. The classical theory of fields. 3. Quantum mechanics 
(non-relativistic theory). 4. Relativistic quantum theory. 5. Statistical physics. 
6. Fluid mechanics. 7. Theory of elasticity. 8. Electrodynamics of continuous 
media. 9. Physical kinetics. 

Of these, volumes 4 and 9 remain to be written. 

The scope of modern theoretical physics is very wide, and we have, of 
course, made no attempt to discuss in these books all that is now included in 
the subject. One of the principles which guided our choice of material was 
not to deal with those topics which could not properly be expounded without 
at the same time giving a detailed account of the existing experimental results. 
For this reason the greater part of nuclear physics, for example, lies outside the 
scope of these books. Another principle of selection was not to discuss very 
complicated applications of the theory. Both these criteria are, of course, 
to some extent subjective. 

We have tried to deal as fully as possible with those topics that are included. 
For this reason we do not, as a rule, give references to the original papers, 
but simply name their authors. We give bibliographical references only to 
work which contains matters not fully expounded by us, which by their com- 
plexity lie “on the borderline” as regards selection or rejection. We have 
tried also to indicate sources of material which might be of use for reference. 
Even with these limitations, however, the bibliography given makes no pre- 
tence of being exhaustive. 

We attempt to discuss general topics in such a way that the physical signifi- 
cance of the theory is exhibited as clearly as possible, and then to build up the 
mathematical formalism. In doing so, we do not aim at ‘mathematical 
rigour” of exposition, which in theoretical physics often amounts to self- 
deception. 

The present volume is devoted to non-relativistic quantum mechanics. By 
“relativistic theory” we here mean, in the widest sense, the theory of all 
quantum phenomena which significantly depend on the velocity of light. The 
volume on this subject (volume 4) will therefore contain not only Dirac’s 
relativistic theory and what is now known as quantum electrodynamics, but 
also the whole of the quantum theory of radiation. 


Institute of Physical Problems L. D. Lanpau 
USSR Academy of Sciences E. M. Lirsnitz 


August 1956 
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PREFACE TO THE SECOND ENGLISH EDITION 


For this second edition the book has been considerably revised and en- 
larged, but the general plan and style remain as before. Every chapter has 
been revised. In particular, extensive changes have been made in the sections 
dealing with the theory of the addition of angular momenta and with collision 
theory. A new chapter on nuclear structure has been added; in accordance 
with the general plan of the course, the subjects in question are discussed only 
to the extent that is proper without an accompanying detailed analysis of the 
experimental results. 

We should like to express our thanks to all our many colleagues whose 
comments have been utilised in the revision of the book. Numerous com- 
ments were received from V. L. Ginzburg and Ya. A. Smorodinskii. We are 
especially grateful to L. P. Pitaevskii for the great help which he has given in 
checking the formulae and the problems. 

Our sincere thanks are due to Dr. Sykes and Dr. Bell, who not only 
translated excellently both the first and the second edition of the book, but 
also made a number of useful comments and assisted in the detection of 
various misprints in the first edition. 

Finally, we are grateful to the Pergamon Press, which always acceded to 
our requests during the production of the book. 


L. D. Lanpau 
October 1964 E. M. Lirsuirz 
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NOTATION 


Operators are denoted by a circumflex 

dg element in configuration space 

fom = ff. = (n| f |m) matrix elements of the quantity f (see definition in §11) 
wonm = (En—Em)/h transition frequency 

{f, 6} = fé—8f commutator of two operators 

A Hamiltonian 

6, A electric and magnetic fields 

6, phase shifts of wave functions 

€ixt antisymmetric unit tensor 


A. = Agt iAy 
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CHAPTER I 


THE BASIC CONCEPTS OF QUANTUM MECHANICS 


§1. The uncertainty principle 


WHEN we attempt to apply classical mechanics and electrodynamics to explain 
atomic phenomena, they lead to results which are in obvious conflict with 
experiment. This is very clearly seen from the contradiction obtained on 
applying ordinary electrodynamics to a model of an atom in which the elec- 
trons move round the nucleus in classical orbits. During such motion, as in 
any accelerated motion of charges, the electrons would have to emit electro- 
magnetic waves continually. By this emission, the electrons would lose their 
energy, and this would eventually cause them to fall into the nucleus. Thus, 
according to classical electrodynamics, the atom would be unstable, which 
does not at all agree with reality. 

This marked contradiction between theory and experiment indicates that 
the construction of a theory applicable to atomic phenomena—that is, pheno- 
mena occurring in particles of very small mass at very small distances— 
demands a fundamental modification of the basic physical concepts and laws. 

As a starting-point for an investigation of these modifications, it is conveni- 
ent to take the experimentally observed phenomenon known as electron 
diffraction.+ It is found that, when a homogeneous beam of electrons passes 
through a crystal, the emergent beam exhibits a pattern of alternate maxima 
and minima of intensity, wholly similar to the diffraction pattern observed 
in the diffraction of electromagnetic waves. Thus, under certain conditions, 
the behaviour of material particles—in this case, the electrons—displays 
features belonging to wave processes. | 

How markedly this phenomenon contradicts the usual ideas of motion is 
best seen from the following imaginary experiment, an idealisation of the 
experiment of electron diffraction by a crystal. Let us imagine a screen 
impermeable to electrons, in which two slits are cut. On observing the 
passage of a beam of electrons{ through one of the slits, the other being 
covered, we obtain, on a continuous screen placed behind the slit, some pat- 
tern of intensity distribution; in the same way, by uncovering the second 
slit and covering the first, we obtain another pattern. On observing the 
passage of the beam through both slits, we should expect, on the basis of 
ordinary classical ideas, a pattern which is a simple superposition of the other 
two: each electron, moving in its path, passes through one of the slits and 


t+ The phenomenon of electron diffraction was in fact discovered after quantum mechanics was 
invented. In our discussion, however, we shall not adhere to the historical sequence of development 
of the theory, but shall endeavour to construct it in such a way that the connection between the basic 
principles of quantum mechanics and the experimentally observed phenomena is most clearly shown 
} The beam is supposed so rarefied that the interaction of the particles in it plays no part. 
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has no effect on the electrons passing through the other slit. The phenomenon 
of electron diffraction shows, however, that in reality we obtain a diffraction 
pattern which, owing to interference, does not at all correspond to the sum 
of the patterns given by each slit separately. It is clear that this result can 
in no way be reconciled with the idea that electrons move in paths. 

Thus the mechanics which governs atomic phenomena—quantum mechanics 
or wave mechanics—must be based on ideas of motion which are fundamentally 
different from those of classical mechanics. In quantum mechanics there is 
no such concept as the path of a particle. This forms the content of what is 
called the uncertainty principle, one of the fundamental principles of quantum 
mechanics, discovered by W. HEISENBERG in 1927. 

In that it rejects the ordinary ideas of classical mechanics, the uncertainty 
principle might be said to be negative in content. Of course, this principle 
in itself does not suffice as a basis on which to construct a new mechanics of 
particles. Such a theory must naturally be founded on some positive asser- 
tions, which we shall discuss below (§2). However, in order to formulate 
these assertions, we must first ascertain the statement of the problems which 
confront quantum mechanics. To do so, we first examine the special nature 
of the interrelation between quantum mechanics and classical mechanics. A 
more general theory can usually be formulated in a logically complete manner, 
independently of a less general theory which forms a limiting case of it. Thus, 
relativistic mechanics can be constructed on the basis of its own fundamental 
principles, without any reference to Newtonian mechanics. It is in principle 
impossible, however, to formulate the basic concepts of quantum mechanics 
without using classical mechanics. The fact that an electronf has no definite 
path means that it has also, in itself, no other dynamical characteristics.| 
Hence it is clear that, for a system composed only of quantum objects, 
it would be entirely impossible to construct any logically independent 
mechanics. The possibility of a quantitative description of the motion of an 
electron requires the presence also of physical objects which obey classical 
mechanics to a sufficient degree of accuracy. If an electron interacts with 
such a “‘classical object’’, the state of the latter is, generally speaking, altered. 
The nature and magnitude of this change depend on the state of the electron, 
and therefore may serve to characterise it quantitatively. 

In this connection the ‘‘classical object” is usually called apparatus, and 
its interaction with the electron is spoken of as measurement. However, it 
must be emphasised that we are here not discussing a process of measurement 
in which the physicist-observer takes part. By measurement, in quantum 
mechanics, we understand any process of interaction between classical and 

t It is of interest to note that the complete mathematical formalism of quantum mechanics was 
constructed by W. HEISENBERG and E. SCHRODINGER in 1925-6, before the discovery of the uncertainty 
principle, which revealed the physical content of this formalism. 

{ In this and the following sections we shall, for brevity, speak of ‘an electron’’, meaning in general 


any object of a quantum nature, i.e. a particle or system of particles obeying quantum mechanics and 


not classical mechanics. 
|| We refer to quantities which characterise the motion of the electron, and not to those, such as the 
charge and the mass, which relate to it as a particle; these are parameters. 
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quantum objects, occurring apart from and independently of any observer. 
The importance of the concept of measurement in quantum mechanics was 
elucidated by N. Bonr. 

We have defined “‘apparatus”’ as a physical object which is governed, with 
sufficient accuracy, by classical mechanics. Such, for instance, is a body 
of large enough mass. However, it must not be supposed that apparatus is 
necessarily macroscopic. Under certain conditions, the part of apparatus may 
also be taken by an object which is microscopic, since the idea of ‘‘with 
sufficient accuracy” depends on the actual problem proposed. Thus, the 
motion of an electron in a Wilson chamber is observed by means of the 
cloudy track which it leaves, and the thickness of this is large compared with 
atomic dimensions; when the path is determined with such low accuracy, 
the electron is an entirely classical object. 

Thus quantum mechanics occupies a very unusual place among physical 
theories: it contains classical mechanics as a limiting case, yet at the same 
time it requires this limiting case for its own formulation. 

We may now formulate the problem of quantum mechanics. A typical 
problem consists in predicting the result of a subsequent measurement from 
the known results of previous measurements. Moreover, we shall see later 
that, in comparison with classical mechanics, quantum mechanics, generally 
speaking, restricts the range of values which can be taken by various physical 
quantities (for example, energy): that is, the values which can be obtained 
as a result of measuring the quantity concerned. The methods of quantum 
mechanics must enable us to determine these admissible values. 

The measuring process has in quantum mechanics a very important pro- 
perty: it always affects the electron subjected to it, and it is in principle 
impossible to make its effect arbitrarily small, for a given accuracy of measure- 
ment. ‘The more exact the measurement, the stronger the effect exerted by 
it, and only in measurements of very low accuracy can the effect on the mea- 
sured object be small. This property of measurements is logically related 
to the fact that the dynamical characteristics of the electron appear only as a 
result of the measurement itself. It is clear that, if the effect of the measuring 
process on the object of it could be made arbitrarily small, this would mean 
that the measured quantity has in itself a definite value independent of the 
measurement. 

Among the various kinds of measurement, the measurement of the co- 
ordinates of the electron plays a fundamental part. Within the limits of 
applicability of quantum mechanics, a measurement of the co-ordinates of an 
electron can always be performedt with any desired accuracy. 

Let us suppose that, at definite time intervals At, successive measurements of 
the co-ordinates of an electron are made. The results will not in general lie 
on a smooth curve. On the contrary, the more accurately the measurements 


t Once again we emphasise that, in speaking of “performing a measurement’’, we refer to the 
interaction of an electron with a classical “‘ apparatus’’, which in no way presupposes the presence of 
an external observer. 
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are made, the more discontinuous and disorderly will be the variation of 
their results, in accordance with the non-existence of a path of the electron. 
A fairly smooth path is obtained only if the co-ordinates of the electron are 
measured with a low degree of accuracy, as for instance from the condensa- 
tion of vapour droplets in a Wilson chamber. 

If now, leaving the accuracy of the measurements unchanged, we diminish 
the intervals At between measurements, then adjacent measurements, of 
course, give neighbouring values of the co-ordinates. However, the results 
of a series of successive measurements, though they lie in a small region of 
space, will be distributed in this region in a wholly irregular manner, lying on 
no smooth curve. In particular, as At tends to zero, the results of adjacent 
measurements by no means tend to lie on one straight line. 

This circumstance shows that, in quantum mechanics, there is no such 
concept as the velocity of a particle in the classical sense of the word, i.e. the 
limit to which the difference of the co-ordinates at two instants, divided by 
the interval At between these instants, tends as Az tends to zero. However, 
we shall see later that in quantum mechanics, nevertheless, a reasonable 
definition of the velocity of a particle at a given instant can be constructed, 
and this velocity passes into the classical velocity as we pass to classical mech- 
anics. But whereas in classical mechanics a particle has definite co-ordinates 
and velocity at any given instant, in quantum mechanics the situation is 
entirely different. If, as a result of measurement, the electron is found to have 
definite co-ordinates, then it has no definite velocity whatever. Conversely, 
if the electron has a definite velocity, it cannot have a definite position in 
space. For the simultaneous existence of the co-ordinates and velocity would 
mean the existence of a definite path, which the electron has not. Thus, in 
quantum mechanics, the co-ordinates and velocity of an electron are quantities 
which cannot be simultaneously measured exactly, i.e. they cannot simultane- 
ously have definite values. We may say that the co-ordinates and velocity 
of the electron are quantities which do not exist simultaneously. In what 
follows we shall derive the quantitative relation which determines the pos- 
sibility of an inexact measurement of the co-ordinates and velocity at the same 
instant. 

A complete description of the state of a physical system in classical mech- 
anics is effected by stating all its co-ordinates and velocities at a given instant; 
with these initial data, the equations of motion completely determine the 
behaviour of the system at all subsequent instants. In quantum mechanics 
such a description is in principle impossible, since the co-ordinates and the 
corresponding velocities cannot exist simultaneously. Thus a description 
of the state of a quantum system is effected by means of a smaller number of 
quantities than in classical mechanics, i.e. it is less detailed than a classical 
description. 

A very important consequence follows from this regarding the nature of the 
predictions made in quantum mechanics. Whereas a classical description 
suffices to predict the future motion of a mechanical system with complete 
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accuracy, the less detailed description given in quantum mechanics evidently 
cannot be enough to do this. This means that, even if an electron is in a state 
described in the most complete manner possible in quantum mechanics, its 
behaviour at subsequent instants is still in principle uncertain. Hence quan- 
tum mechanics cannot make completely definite predictions concerning the 
future behaviour of the electron. For a given initial state of the electron, a 
subsequent measurement can give various results. The problem in 
quantum mechanics consists in determining the probability of obtaining vari- 
ous results on performing this measurement. It is understood, of course, 
that in some cases the probability of a given result of measurement may be 
equal to unity, i.e. certainty, so that the result of that measurement is unique. 

All measuring processes in quantum mechanics may be divided into two 
classes. In one, which contains the majority of measurements, we find those 
which do not, in any state of the system, lead with certainty to a unique 
result. The other class contains measurements such that for every possible 
result of measurement there is a state in which the measurement leads with 
certainty to that result. These latter measurements, which may be called 
predictable, play an important part in quantum mechanics. The quantitative 
characteristics of a state which are determined by such measurements are 
what are called physical quantities in quantum mechanics. If in some state 
a measurement gives with certainty a unique result, we shall say that in this 
state the corresponding physical quantity has a definite value. In future we 
shall always understand the expression ‘‘physical quantity” in the sense given 
here. 

We shall often find in what follows that by no means every set of physical 
quantities in quantum mechanics can be measured simultaneously, i.e. can 
all have definite values at the same time. We have already mentioned one 
example, namely the velocity and co-ordinates of an electron. An important 
part is played in quantum mechanics by sets of physical quantities having 
the following property: these quantities can be measured simultaneously, 
but if they simultaneously have definite values, no other physical quantity 
(not being a function of these) can have a definite value in that state. We 
shall speak of such sets of physical quantities as complete sets; in particular 
cases a complete set may consist of only one quantity. 

Any description of the state of an electron arises as a result of some mea- 
surement. We shall now formulate the meaning of a complete description of 
a state in quantum mechanics. Completely described states occur as a result 
of the simultaneous measurement of a complete set of physical quanti- 
ties. From the results of such a measurement we can, in particular, deter- 
mine the probability of various results of any subsequent measurement, 
regardless of the history of the electron prior to the first measurement. 

In quantum mechanics we need concern ourselves in practice only with 
completely described states, and from now on (except in §14) we shall under- 
stand by the states of a quantum system just these completely described 
states. 
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§2. The principle of superposition 


Passing now to an exposition of the fundamental mathematical formalism 
of quantum mechanics, we shall denote by q the set of co-ordinates of a quan- 
tum system, and by dg the product of the differentials of these co-ordinates. 
This dg is often called an element of volume in the configuration space of the 
system; for one particle, dg coincides with an element of volume dV in 
ordinary space. 

The basis of the mathematical formalism of quantum mechanics lies in the 
fact that any state of a system can be described, at a given moment, by a 
definite (in general complex) function ‘Y(q) of the co-ordinates. The square 
of the modulus of this function determines the probability distribution of the 
values of the co-ordinates: |Y’|*dg is the probability that a measurement 
performed on the system will find the values of the co-ordinates to be in the 
element dg of configuration space. The function ' is called the wave function 
of the system (sometimes also the probability amplitude).+ 

A knowledge of the wave function allows us, in principle, to calculate the 
probability of the various results of any other measurement (not of the co- 
ordinates) also. All these probabilities are determined by expressions bi- 
linear in ‘¥ and ¥*. The most general form of such an expression is 


[J ¥@¥*) oa 2) dad, (2.1) 


where the function ¢(q, g’) depends on the nature and the result of the mea- 
surement, and the integration is extended over all configuration space. The 
probability YW* of various values of the co-ordinates is itself an expression 
of this type.{ 

The state of the system, and with it the wave function, in general varies 
with time. In this sense the wave function can be regarded as a function of 
time also. If the wave function is known at some initial instant, then, from 
the very meaning of the concept of complete description of a state, it is in 
principle determined at every succeeding instant. The actual dependence 
of the wave function on time is determined by equations which will be de- 
rived later. 

The sum of the probabilities of all possible values of the co-ordinates of 
the system must, by definition, be equal to unity. It is therefore necessary 
that the result of integrating |‘f’|? over all configuration space should be equal 
to unity: 


[teRdg =1. (2.2) 


This equation is what is called the normalisation condition for wave functions. 
If the integral of |¥|? converges, then by choosing an appropriate constant 
coefficient the function can always be, as we say, normalised. Sometimes, 


+ It was first introduced into quantum mechanics by SCHRODINGER in 1926. 
+ It is obtained from (2.1) when $(9, 9’) = 5(q—Qo) 5(4’—4o), where 5 denotes the delta function, 
defined in §5 below; qo denotes the value of the co-ordinates whose probability is required. 
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however, wave functions are used which are not normalised; moreover, we 
shall see later that the integral of |¥'|? may diverge, and then Y cannot be 
normalised by the condition (2.2). In such cases |¥|? does not, of course, 
determine the absolute values of the probability of the co-ordinates, but the 
ratio of the values of ||? at two different points of configuration space deter- 
mines the relative probability of the corresponding values of the co-ordinates. 

Since all quantities calculated by means of the wave function, and having a 
direct physical meaning, are of the form (2.1), in which Y appears multiplied 
by ‘¥’*, it is clear that the normalised wave function is determined only to 
within a constant phase factor of the form e‘* (where « is any real number), 
whose modulus is unity. This indeterminacy is in principle irremovable; 
it is, however, unimportant, since it has no effect upon any physical results. 

The positive content of quantum mechanics is founded on a series of 
propositions concerning the properties of the wave function. These are as 
follows. 

Suppose that, in a state with wave function ¥'\(q), some measurement leads 
with certainty to a definite result (result 1), while in a state with V,(q) it 
leads to result 2. Then it is assumed that every linear combination of ¥, 
and ‘Vy, i.e. every function of the form c,V,-+-c,'Y, (where c, and c, are con- 
stants), gives a state in which that measurement leads to either result 1 o¢ 
result 2. Moreover, we can assert that, if we know the time dependence of 
the states, which for the one case is given by the function Y,(q, 2), and for the 
other by ¥’,(q, ¢), then any linear combination also gives a possible dependence 
of a state on time. These propositions can be immediately generalised to 
any number of different states. 

The above set of assertions regarding wave functions constitutes what is 
called the principle of superposition of states, the chief positive principle of 
quantum mechanics. In particular, it follows at once from this principle 
that all equations satisfied by wave functions must be linear in ¥. 

Let us consider a system composed of two parts, and suppose that the state 
of this system is given in such a way that each of its parts is completely 
described.t ‘Then we can say that the probabilities of the co-ordinates q, of 
the first part are independent of the probabilities of the co-ordinates g, of the 
second part, and therefore the probability distribution for the whole system 
should be equal to the product of the probabilities of its parts. This means 
that the wave function ‘Py9(q,, g.) of the system can be represented in the form 
of a product of the wave functions Y,(g,) and ¥,(g,) of its parts: 


“Fy2(91 92) = F191) Vo(92)- (2.3) 


If the two parts do not interact, then this relation between the wave function 
of the system and those of its parts will be maintained at future instants also, 


+ This, of course, means that the state of the whole system is completely described also. However, 
we emphasise that the converse statement is by no means true: a complete description of the state 


of the whole system does not in general completely determine the states of its individual parts (see 
also §14). 
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i.e. we can write | 
P10(G1 Ges t) = ‘V4 t) ‘Vo(Qo, #)- (2.4) 


§3. Operators 

Let us consider some physical quantity f which characterises the state 
of a quantum system. Strictly, we should speak in the following discussion 
not of one quantity, but of a complete set of them at the same time. 
However, the discussion is not essentially changed by this, and for brevity 
and simplicity we shall work below in terms of only one physical quantity. 

The values which a given physical quantity can take are called in quantum 
mechanics its eigenvalues, and the set of these is referred to as the spectrum 
of eigenvalues of the given quantity. In classical mechanics, generally speak- 
ing, quantities run through a continuous series of values. In quantum mech- 
anics also there are physical quantities (for instance, the co-ordinates) whose 
eigenvalues occupy a continuous range; in such cases we speak of a continuous 
spectrum of eigenvalues. As well as such quantities, however, there exist in 
quantum mechanics others whose eigenvalues form some discrete set; in 
such cases we speak of a discrete spectrum. 

We shall suppose for simplicity that the quantity f considered here has a 
discrete spectrum; the case of a continuous spectrum will be discussed in §5. 
The eigenvalues of the quantity f are denoted by f,,, where the suffix 7 takes 
the values 0, 1, 2,3, .... We also denote the wave function of the system, in 
the state where the quantity f has the value f,, by ¥,. The wave functions 
f,, are called the eigenfunctions of the given physical quantity f. Each of these 
functions is supposed normalised, so that 


i} IP,[2dg = 1. (3.1) 


If the system is in some arbitrary state with wave function ‘’, a measure- 
ment of the quantity f carried out on it will give as a result one of the eigen- 
values f,. In accordance with the principle of superposition, we can assert 
that the wave function must be a linear combination of those eigenfunc- 
tions Y’,, which correspond to the values f, that can be obtained, with prob- 
ability different from zero, when a measurement is made on the system and 
it is in the state considered. Hence, in the general case of an arbitrary state, 
the function ¥ can be represented in the form of a series 


W = DagVns (3.2) 


where the summation extends over all m, and the a,, are some constant coefh- 


cients. 

Thus we reach the conclusion that any wave function can be, as we say, 
expanded in terms of the eigenfunctions of any physical quantity. A set of 
functions in terms of which such an expansion can be made is called a complete 


(or closed) set. 
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The expansion (3.2) makes it possible to determine the probability of find- 
ing (i.e. the probability of getting the corresponding result on measurement), 
in a system in a state with wave function , any given value f,, of the quantity 
f. For, according to what was said in the previous section, these probabili- 
ties must be determined by some expressions bilinear in ‘Y and Y*, and 
therefore must be bilinear in a, and a,*. Furthermore, these expressions 
must, of course, be positive. Finally, the probability of the value f, must 
become unity if the system is in a state with wave function ¥ = V,,, and 
must become zero if there is no term containing ,, in the expansion (3.2) 
of the wave function ¥. This means that the required probability must be 
unity if all the coefficients a, except one (with the given 7) are zero, that one 
being unity; the probability must be zero, if the a, concerned is zero. The 
only essentially positive quantity satisfying these conditions is the square of the 
modulus of the coefficient a,. Thus we reach the result that the squared 
modulus |a,,|* of each coefficient in the expansion (3.2) determines the prob- 
ability of the corresponding value f,, of the quantity f in the state with wave 
function ¥. The sum of the probabilities of all possible values f,, must be 
equal to unity; in other words, the relation 


D la_|? = 1 . (3.3) 
n 


must hold. 

If the function ‘Y were not normalised, then the relation (3.3) would not 
hold either. The sum % |a,|? would then be given by some expression 
bilinear in ‘Y and Y*, and becoming unity when ‘¥ was normalised. Only 
the integral { ‘YY* dg is such an expression. Thus the equation 


E and,” = | WH* dg (3.4) 
must hold. 


On the other hand, multiplying by ‘¥ the expansion ‘¥* = La,*¥,,* of 
the function ‘Y* (the complex conjugate of ), and integrating, we obtain 


| YV* dg = Ea,* | WY dg. 
Comparing this with (3.4), we have 
p> a,a,* = p> a,* | WF dg, 


from which we derive the following formula determining the coefficients a, 
in the expansion of the function Y in terms of the eigenfunctions , : 


dp = wy, # dg. (3.5) 
If we substitute here from (3.2), we obtain 


a, = 2 am [ve dq, 
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from which it is evident that the eigenfunctions must satisfy the conditions 
Lin En* dg = Sam, (3.6) 


where 5,,, = 1 for = mand 8, = Oforn 4m. The fact that the integrals 
of the products '¥,,'¥,,* with m # n vanish is called the orthogonality of the 
functions ’,,. Thus the set of eigenfunctions Y,, forms a complete set of 
normalised and orthogonal (or, for brevity, orthonormal) functions. 

We shall now introduce the concept of the mean value f of the quantity f 
in the given state. In accordance with the usual definition of mean values, 
we define f as the sum of all the eigenvalues f,, of the given quantity, each 
multiplied by the corresponding probability |a,|?. Thus 


f= X falanl?. (3.7) 


We shall write f in the form of an expression which does not contain the 
coefficients a, in the expansion of the function WY, but this function itself. 
Since the products a,a,* appear in (3.7), it is clear that the required expres- 
sion must be bilinear in ¥ and ¥*. We introduce a mathematical opera- 
tor, which we denotet by / and define as follows. Let (f¥) denote the result 
of the operator f acting on the function ‘¥. We define f in such a way that 
the integral of the product of (f¥) and the complex conjugate function Y* 
is equal to the mean value f: 


f= [¥*F¥) de. (3.8) 


It is easily seen that, in the general case, the operator f is a lineart 
integral operator. For, using the expression (3.5) for a,, we can rewrite the 
definition (3.7) of the mean value in the form 


f = Dfudnan® = | Y*(Z an fh) dg. 


Comparing this with (3.8), we see that the result of the operator / acting on 
the function ‘¥ has the form 


(FP) = Ean fab n (3.9) 


If we substitute here the expression (3.5) for a,, we find that fis an integral 
operator of the form 


(f¥) = | Kg, a¥(q’) dg’, (3.10) 
where the function K(gq, q’) (called the kernel of the operator) is 
K(q, 7’) = [fn¥ n*(7')¥ n(9)- (3.11) 


t By convention, we shall always denote operators by letters with circumflexes. 
t An operator is said to be linear if it has the properties 


ACV AY.) =f APY 2 and f(a) = af ¥, 


where Y, and YF, are arbitrary functions and a is an arbitrary constant. 
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Thus, for every physical quantity in quantum mechanics, there is a definite 
corresponding linear operator. 

It is seen from (3.9) that, if the function ’ is one of the eigenfunctions ,, 
(so that all the a,, except one are zero), then, when the operator / acts on it, 
this function is simply multiplied by the corresponding eigenvalue f,: 


iY, =o (3.12) 
(In what follows we shall always omit the parentheses in the expression 
(f¥), where this cannot cause any misunderstanding; the operator is taken 
to act on the expression which follows it.) ‘Thus we can say that the eigen- 
functions of the given physical quantity f are the solutions of the equation 


SP =fY, 

where f is a constant, and the eigenvalues are the values of this constant for 
which the above equation has solutions satisfying the required conditions. 
Of course, while the operator / is still defined only by the expressions (3.10) 
and (3.11), which themselves contain the eigenfunctions Y,,, no further con- 
clusions can be drawn from the result we have obtained. However, as we 
shall see below, the form of the operators for various physical quantities can 
be determined from direct physical considerations, and then the above pro- 
perty of the operators enables us to find the eigenfunctions and eigenvalues 
by solving the equations f¥ = f¥. 

The values which can be taken by real physical quantities are obviously 
real. Hence the mean value of a physical quantity must also be real, in any 
state. Conversely, if the mean value of a physical quantity is real in every 
state, its eigenvalues also are all real; to show this, it is sufficient to note that 
the mean values coincide with the eigenvalues in the states described by the 
functions Y’,. 

From the fact that the mean values are real, we can draw some conclusions 
concerning the properties of operators. Equating the expression (3.8) to its 
complex conjugate, we obtain the relation 


erty) dg =f ¥Cf*E*) dy, (3.13) 


where /* denotes the operator which is the complex conjugate of f.t This 
relation does not hold in general for an arbitrary linear operator, so that it is 
a restriction on the form of the operator f/. For an arbitrary operator f we 
can find what is called the transposed operator f defined in such a way that 


[ ¥f®) dg = [ (FP) da, (3.14) 


where ‘¥ and © are two different functions. If we take, as the function ®, 
the function ‘’* which is the complex conjugate of ‘Y’, then a comparison with 
(3.13) shows that we must have 


f=f}*. (3.15) 
+ By definition, if for the operator f we have ib = ¢, then the complex conjugate operator f * is 
that for which we have f#p* = 4*. 


12 The Basic Concepts of Quantum Mechanics §3 


Operators satisfying this condition are said to be Hermitian.t Thus the 
operators corresponding, in the mathematical formalism of quantum 
mechanics, to real physical quantities must be Hermitian. 

We can formally consider complex physical quantities also, i.e. those 
whose eigenvalues are complex. Let f be such a quantity. Then we can 
introduce its complex conjugate quantity f*, whose eigenvalues are the com- 
plex conjugates of those of f. We denote by f+ the operator corresponding 
to the quantity f*. It is called the Hermitian conjugate of the operator f and, 
in general, will be different from the complex conjugate operator /*: from 
the condition f* = (f)* we find at once that 


frase (3.16) 


from which it is clear that f+ is in general not the same as f*. For a real 
physical quantity f= f+, i.e. the operator is the same as its Hermitian 
conjugate (Hermitian operators are also called self-conjugate). 

We shall show how the orthogonality of the eigenfunctions of an Hermitian 
operator corresponding to different eigenvalues can be directly proved. Let 
f, and f,, be two different eigenvalues of the quantity f, and V,, ‘¥’,, the cor- 
responding eigenfunctions: 


fn =fiVn oF vee = fimn¥ m- 


Multiplying both sides of the first of these equations by Y’,,*, and both 
sides of the complex conjugate of the second by ‘P,, and subtracting corre- 
sponding terms, we find 


Y tft nV nf se rigs = (f, n—f ml nt mn*: 


We integrate both sides of this equation over g. Since /* = h by (3.14) the 
integral on the left-hand side of the equation is zero, so that we have 


(fa—fm) | Ya ¥ ni dq = 0, 


whence, since f, #f,,, we obtain the required orthogonality property of the 
functions ¥,, and ¥,. 

We have spoken here of only one physical quantity f, whereas, as we said 
at the beginning of this section, we should have spoken of a complete set 
of physical quantities. We should then have found that to each of these 
quantities f, g, ... there corresponds its operator f, g, .... The eigenfunctions 
YY, then correspond to states in which all the quantities concerned have 
definite values, i.e. they correspond to definite sets of eigenvalues f,,, 2,, --. 
and are simultaneous solutions of the system of equations 


f¥H=f¥, GY =Be,.... 


{ For a linear integral operator of the form (3.10), the Hermitian condition means that the kernel 
of the operator must be such that K(q, q’) = K*(q’, g). 
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§4. Addition and multiplication of operators 


Let f and g be two physical quantities which can simultaneously take 
definite values, and f and g their operators. The eigenvalues of the sum 
f+g of these quantities are equal to the sums of the eigenvalues of f and g. 
To this new quantity f+g there will obviously correspond an operator equal 
to the sum of the operators f and g. For, if V,, are the eigenfunctions com- 
mon to the operators f and #, then it follows from /¥,, = f,'¥,, ZV, =n 
that 

(f +£)¥ n = (fnt8n)¥E ns 


i.e. the eigenvalues of the operator f+-4 are equal to the sums /,, +2,. 

If the quantities f and g cannot simultaneously take definite values, then 
it is meaningless to speak of their sum in the direct sense just mentioned. 
It is conventional in quantum mechanics to define the sum of the quantities 
fand g in such cases as the quantity whose mean value in an arbitrary state 
is equal to the sum of the mean values f and 2: 


fte=f+é. (4.1) 


It is clear that, to the quantity {+g so defined, there corresponds an operator 
j+é. For, by formula (3.8), we have 


fre = | ¥*+OY¥ dq = [¥efE dot [YE dg = +3. 


The eigenvalues and eigenfunctions of the operator /+- will not, in general, 
now bear any relation to those of the quantities f and g. It is evident that, 
if the operators f and ¢ are self-conjugate, the operator f+ will be so too, 
so that its eigenvalues are real and are those of the new quantity f+g thus 
defined. 

The following theorem should be noted. Let fy and gy be the smallest 
eigenvalues of the quantities f and g, and (f+g), that of the quantity f+g. 
Then 


(f+2)0 = fotZo- (4.2) 


The equality holds if f and g can be measured simultaneously. The proof 
follows from the obvious fact that the mean value of a quantity is always 
greater than or equal to its least eigenvalue. In a state in which the quantity 
f+g has the value (f-+g),) we have f+g = (f+g)», and since, on the other 
hand, f+g = f+2 > fot+go, we arrive at the inequality (4.2). 

Next, let f and g once more be quantities that can be measured simultane- 
ously. Besides their sum, we can also introduce the concept of their product 
as being a quantity whose eigenvalues are equal to the products of those of the 
quantities f and g. It is easy to see that, to this quantity, there corresponds 
an operator whose effect consists of the successive action on the function 
of first one and then the other operator. Such an operator is represented 
mathematically by the product of the operators f and g. For, if V,, are the 


14 The Basic Concepts of Quantum Mechanics §4 


eigenfunctions common to the operators f and , we have 
EY, = fgFn = fen¥'n = &nf En = galanin 


(the symbol /¢ denotes an operator whose effect on a function ¥ consists of 
the successive action first of the operator # on the function Y and then of the 
operator f on the function g¥). We could equally well take the operator gf 
instead of fg, the former differing from the latter in the order of its factors. 
It is obvious that the result of the action of either of these operators on the 
functions ,, will be the same. Since, however, every wave function Y can 
be represented as a linear combination of the functions ¥,,, it follows that 
the result of the action of the operators fg and gf on an arbitrary function will 
also be the same. This fact can be written in the form of the symbolic 
equation /é = gf or 


fe—éf = 0. (4.3) 


Two such operators f and ¢ are said to commute with each other. Thus 
we arrive at the important result: if two quantities f and g can simultaneously 
take definite values, then their operators commute with each other. 

The converse theorem can also be proved (§11): if the operators f and g 
commute, then all their eigenfunctions can be taken common to both; 
physically, this means that the corresponding physical quantities can be 
measured simultaneously. Thus the commutability of the operators is a 
necessary and sufficient condition for the physical quantities to be simultane- 
ously measurable. 

A particular case of the product of operators is an operator raised to some 
power. From the above discussion we can deduce that the eigenvalues of an 
operator /” (where p is an integer) are equal to the pth powers of the eigen- 
values of the operator f. Any function 4(/) of an operator can be defined 
as an operator whose eigenvalues are equal to the same function ¢4(f) of 
the eigenvalues of the operator f. If the function ¢( f) can be expanded as a 
Taylor series, this expresses the effect of the operator ¢( /) in terms of those 
of various powers f ?. 

In particular, the operator f -1 is called the inverse of the operator f. It is 
evident that the successive action of the operators f and f 1 on any function 
leaves the latter unchanged, ie. ff-1 = ff = 1. 

If the quantities f and g cannot simultaneously take definite values, the 
concept of their product cannot be defined in the above manner. This 
appears in the fact that the operator /# is not self-conjugate in this case, and 
hence cannot correspond to any physical quantity. For, by the definition 
of the transpose of an operator we can write 


[8B dq = [ ¥/GO) dq = [ (80)(F¥) ae. 


Here the operator f acts only on the function V’, and the operator Z on ®, so 
that the integrand is a simple product of two functions ® and f WY. Again 
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using the definition of the transpose of an operator, we can write 


[ ¥AO dq = [ (FP)G0) dg =| O4F¥ ag. 


Thus we obtain an integral in which the functions ¥ and ® have changed 
places as compared with the original one. In other words, the operator % 
is the transpose of /#, and we can write 


=, (4.4) 


i.e. the transpose of the product /¢ is the product of the transposes of the 
factors written in the opposite order. Taking the complex conjugate of both 
sides of equation (4.4), we have 


(fa) = fr. (4.5) 
If each of the operators f and g is Hermitian, then ( /2)* = gf. It follows 
from this that the operator /¢ is Hermitian if and only if the factors f and 
commute. 
We note that, from the products /# and gf of two non-commuting Hermitian 
operators, we can form an Hermitian operator by taking the symmetrical 
combination 


i fe+é/f). (4.6) 


Such expressions are sometimes needed; they are called symmetrised pro- 
ducts. 

It is easy to see that the difference /é—g/ is an anti-Hermitian operator 
(i.e. one for which the transpose is equal to the complex conjugate taken with 
the opposite sign). It can be made Hermitian by multiplying by 7; thus 


i( 8-8) 
is again an Hermitian operator. 
In what follows we shall sometimes use for brevity the notation 


8 =#-&, (4.7) 
called the commutator of these operators. It is easily seen that 
(78, h} = tf, WE+ftg, hy. (4.8) 


We notice that, if {f, h} = 0 and {%, hy = (), it does not in general follow 
that f and g commute. 


§5. The continuous spectrum 


All the relations given in §§3 and 4, describing the properties of the eigen- 
functions of a discrete spectrum, can be generalised without difficulty to the 
case of a continuous spectrum of eigenvalues. 

Let f be a physical quantity having a continuous spectrum. We shall 
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denote its eigenvalues by the same letter f simply, without suffix, in accordance 
with the fact that f takes a continuous range of values. We denote by ‘; the 
eigenfunction corresponding to the eigenvalue f. Just as an arbitrary wave 
function ¥ can be expanded in a series (3.2) of eigenfunctions of a quantity 
having a discrete spectrum, it can also be expanded (this time as an integral) 
in terms of the complete set of eigenfunctions of a quantity with a continuous 
spectrum. This expansion has the form 


¥(q) = | a/¥,(a) of, (5.1) 


where the integration is extended over the whole range of values that can be 
taken by the quantity f. 

The subject of the normalisation of the eigenfunctions of a continuous 
spectrum is more complex than in the case of a discrete spectrum. The 
requirement that the integral of the squared modulus of the function should 
be equal to unity cannot here be satisfied, as we shall see below. Instead, 
we try to normalise the functions ¥’y in such a way that |a,|? df is the prob- 
ability that the physical quantity concerned, in the state described by the 
wave function V’, has a value between f and f+df. This is a direct generali- 
sation of the case of a discrete spectrum, where the square |a,,|? determines 
the probability of the eigenvalue f,,. Since the sum of the probabilities of all 
possible values of f must be equal to unity, we have 


Jlaltaf=t (5.2) 


(similarly to the relation (3.3) for a discrete spectrum). 
Proceeding in exactly the same way as in the derivation of formula (3.5), 
and using the same arguments, we can write, firstly, 


[eee dg = | la, af 
and, secondly, 


[eve dg = | i a*¥ WY dfdg. 


By comparing these two expressions we find the formula which determines 
the expansion coefficients, 


a, = | ¥(g)¥s*(q) da, (5.3) 


in exact analogy to (3.5). 
To derive the normalisation condition, we now substitute (5.1) in (5.3), 
and obtain 


apa | ar ({¥ y'¥,* dq) df’. 


This relation must hold for arbitrary a;, and therefore must be satisfied 
identically. For this to be so, it is necessary that, first of all, the coefficient 
of a, under the integral sign (i.e. the integral [ ¥,‘P,* dg) should be zero for | 
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all f’ #f. For f’ =f, this coefficient must become infinite (otherwise the 
integral over f’ would vanish). ‘Thus the integral f Py'Y',* dq is a function 
of the difference f’—f, which becomes zero for values of the argument 


different from zero and is infinite when the argument is zero. We denote 
this function by 8(f’—f): 


J YE # dg = 8(f’'—f). (5.4) 
The manner in which the function 6(f’—/) becomes infinite for f’—f = 0 
is determined by the fact that we must have 
[ 80°) ardf’ = ay. 


It is clear that, for this to be so, we must have 


i} 8(f'—f) df’ = 1. 


The function thus defined is called a delta function, and was first used in 
quantum mechanics by P. A. M. Dirac. We shall write out once more the 
formulae which define it. They are 

8(x) = Oforx £0, 98(0) = a, (5.5) 
while 
J 8(x) dx = 1. (5.6) 
We can take as limits of integration any numbers such that x = 0 lies between 
them. If f(x) is some function continuous at x = 0, then 


J Se) dx = fo). | (5.7) 
This formula can be written in the more general form 
| 8(—a)f(x) dx = fla), (5.8) 


where the range of integration includes the point x = a, and f(x) is continuous 
at x = a. It is also evident that 


8(—x) = 8(x), (5.9) 
i.e. the delta function is even. Finally, writing 


_[ ex) ae = | 50) = 


la)” 
B(ax) = (1/|a]) 8(~), (5.10) 


we can deduce that 


where « is any constant. 

The formula (5.4) gives the normalisation rule for the eigenfunctions of a 
continuous spectrum; it replaces the condition (3.6) for a discrete spectrum. 
We see that the functions ‘W; and Wy with f # f’ are, as before, orthogonal. 
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However, the integrals of the squared moduli |Y;|? of the functions diverge 
for a continuous spectrum. 

The functions Y’;(q) satisfy still another relation similar to (5.4). To derive 
this, we substitute (5.3) in (5.1), which gives 


¥(qQ) = | LAS PAGED df) dq’, 
whence we can at once deduce that we must have 


[¥P@V¥4@ df = 8-9). (5.11) 
There is, of course, an analogous relation for a discrete spectrum: 
DEAT )E ng) = 8(q'—4). (5.12) 


Comparing the pair of formulae (5.1), (5.4) with the pair (5.3), (5.11), we 
see that, on the one hand, the function (gq) can be expanded in terms of 
the functions ¥’;(q) with expansion coefficients ay and, on the other hand, 
formula (5.3) represents an entirely analogous expansion of the function 
ays = a(f) in terms of the functions f’;*(q), while the ‘Y’(qg) play the part of 
expansion coefficients. The function a(f), like ¥(q), completely determines 
the state of the system; it is sometimes called a wave function in the f repre- 
sentation (while the function ‘¥(q) is called a wave function in the g representa- 
tion). Just as |"(q)|? determines the probability for the system to have co- 
ordinates lying in a given interval dg, so |a(f)|? determines the probability for 
the values of the quantity f to lie in a given interval df. On the one hand, 
the functions f ,(q) are the eigenfunctions of the quantity f in the g representa- 
tion; on the other hand, their complex conjugates are the eigenfunctions of 
the co-ordinate g in the f representation. 

Let ¢(f) be some function of the quantity f, such that ¢ and fare related in 
a one-to-one manner. Each of the functions ’,(q) can then be regarded as 
an eigenfunction of the quantity ¢, corresponding to a value of the latter 
determined by ¢ = ¢(f). Here, however, the normalisation of these functions 
must be changed: the eigenfunctions ‘4(qg) of the quantity ¢ must be 
normalised by the condition 


[ FerPant dg = 16(F)—-$)] 


whereas the functions ‘f’; are normalised by the condition (5.4). The argu- 
ment of the delta function becomes zero only for f’ = f. As f’ approaches f, 


we have 4( f’)—4( f) = [d¢(f)/df] . (f’—f). By (5.10) we can therefore writet 


1 
[47 )—-4(f)] = ana ‘—f). (5.13) 


¢ In general, if f(x) is some one-valued function (the inverse function need not be one-valued), we 
have 
1 


aLB) =D, ap tert 


where a; are the roots of the equation ¢(x) = 0. 
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Thus the normalisation condition for the functions Y, can be written in 
the form 


1 
You Pan* dg = ————(f’—f). 
| gr) ¥ gir)” dg laser (fs 
Comparing this with (5.4), we see that the functions Y's and ’; are related 
by 
1 
eae 
Vidd(f)/df| 


There are also physical quantities which in one range of values have a 
discrete spectrum, and in another a continuous spectrum. For the eigen- 
functions of such a quantity all the relations derived in this and the previous 
sections are, of course, true. It need only be noted that the complete set 
of functions is formed by combining the eigenfunctions of both spectra. 
Hence the expansion of an arbitrary wave function in terms of the eigenfunc- 
tions of such a quantity has the form 


¥(q) = Zan¥la)+ | a¥(g) df, (5.15) 


where the sum is taken over the discrete spectrum and the integral over the 
whole continuous spectrum. 

The co-ordinate q itself is an example of a quantity having a continuous 
spectrum. It is easy to see that the operator corresponding to it is simply 
multiplication by g. For, since the probability of the various values of the 
co-ordinate is determined by the square |‘¥(q)|?, the mean value of the 
co-ordinate is G = f q|'¥'?dg. On the other hand, the mean value of the 
co-ordinate must be determined by its operator as g=fVV*G¥ dg. A 
comparison of the two expressions shows that the operator g is simply 
multiplication by g; this may be symbolically written in the formt 


q=4. (5.16) 


The eigenfunctions of this operator must be determined, according to the 
usual rule, by the equation gto, = Jo'l'g,, Where gg temporarily denotes the 
actual values of the co-ordinate as distinct from the variable g. Since this 
equation can be satisfied either by Y, = 0 or by g = qp, it is clear that the 
eigenfunctions which satisfy the normalisation condition are} 


Yo, = 8(q—q)- (5.17) 


Fou) (5.14) 


t In future we shall always, for simplicity, write operators which amount to multiplication by some 
quantity in the form of that quantity itself. 
{ The expansion coefficients for an arbitrary function ‘Y in terms of these eigenfunctions are 


ae i) ‘F(q)8(q—4o) dq = ‘F(qo). 
The probability that the value of the co-ordinate lies in a given interval dqp is 
lag |? dg = |¥(40)l? dao, 
as it should be. 
2 
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§6. The passage to the limiting case of classical mechanics 


Quantum mechanics contains classical mechanics in the form of a certain 
limiting case. The question arises as to how this passage to the limit is 
made. 

In quantum mechanics an electron is described by a wave function which 
determines the various values of its co-ordinates; of this function we so far 
know only that it is the solution of a certain linear partial differential equation. 
In classical mechanics, on the other hand, an electron is regarded as a material 
particle, moving in a path which is completely determined by the equations 
of motion. ‘There is an interrelation, somewhat similar to that between 
quantum and classical mechanics, in electrodynamics between wave optics 
and geometrical optics. In wave optics, the electromagnetic waves are 
described by the electric and magnetic field vectors, which satisfy a definite 
system of linear differential equations, namely Maxwell’s equations. In 
geometrical optics, however, the propagation of light along definite paths, or 
rays, is considered. Such an analogy enables us to see that the passage from 
quantum mechanics to the limit of classical mechanics occurs similarly to the 
passage from wave optics to geometrical optics. 

Let us recall how this latter transition is made mathematically. Let u be 
any of the field components in the electromagnetic wave. It can be written 
in the form u = ae‘? (with a and¢ real), where a is called the amplitude and } 
the phase of the wave. The limiting case of geometrical optics corresponds 
to small wavelengths; this is expressed mathematically by saying that ¢ 
(called in geometrical optics the eikonal) varies by a large amount over short 
distances; this means, in particular, that it can be supposed large in absolute 
value. 

Similarly, we start from the hypothesis that, to the limiting case of classical 
mechanics, there correspond in quantum mechanics wave functions of the 
form ¥ = ae‘?, where a is a slowly varying function and ¢ takes large values. 
As is well known, the path of a particle can be determined in mechanics by 
means of the variational principle, according to which what is called the 
action S of a mechanical system must take its least possible value (the principle 
of least action, or Hamilton’s principle). In geometrical optics the path of the 
rays is determined by what is called Fermat’s principle, according to which the 
optical path length of the ray, i.e. the difference between its phases at the 
beginning and end of the path, must take its least (or greatest) possible 
value. 

On the basis of this analogy, we can assert that the phase ¢ of the wave 
function, in the limiting (classical) case, must be proportional to the mech- 
anical action S of the physical system considered, i.e. we must have 
S = constant x ¢. The constant of proportionality is called Planck’s con- 
stantt and is denoted by fi. It has the dimensions of action (since ¢ is 


+ It was introduced into physics by M. PLANCK in 1900. The constant i, which we use everywhere 
in this book, is, strictly speaking, Planck’s constant divided by 27. 
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dimensionless) and has the value 
h = 1-054 x 10-2? erg sec. 


Thus, the wave function of an ‘‘almost classical” (or, as we say, quasi- 
classical) physical system has the form 


Y = acSin, (6.1) 


Planck’s constant / plays a fundamental part in all quantum phenomena. 
Its relative value (compared with other quantities of the same dimensions) 
determines the ‘‘extent of quantisation” of a given physical system. The 
transition from quantum mechanics to classical mechanics, corresponding to 
large phase, can be formally described as a passage to the limit % -> 0 (just 
as the transition from wave optics to geometrical optics corresponds to a 
passage to the limit of zero wavelength, d -> 0). 

We have ascertained the limiting form of the wave function, but the 
question still remains how it is related to classical motion in a path. In 
general, the motion described by the wave function does not tend to motion 
in a definite path. Its connection with classical motion is that, if at some 
initial instant the wave function, and with it the probability distribution of 
the co-ordinates, is given, then at subsequent instants this distribution will 
change according to the laws of classical mechanics (for a more detailed dis- 
cussion of this, see the end of §17). 

In order to obtain motion in a definite path, we must start from a wave 
function of a particular form, which is perceptibly different from zero only 
in a very small region of space (what is called a wave packet); the dimensions 
of this region must tend to zero with #. Then we can say that, in the quasi- 
classical case, the wave packet will move in space along a classical path of a 
particle. 

Finally, quantum-mechanical operators must reduce, in the limit, simply 
to multiplication by the corresponding physical quantity. 


§7. The wave function and measurements 


Let us again return to the process of measurement, whose properties have 
been qualitatively discussed in §1; we shall show how these properties are 
related to the mathematical formalism of quantum mechanics. 

We consider a system consisting of two parts: a classical apparatus and 
an electron (regarded as a quantum object). The process of measurement 
consists in these two parts’ coming into interaction with each other, as a 
result of which the apparatus passes from its initial state into some other; 
from this change of state we draw conclusions concerning the state of the 
electron. The states of the apparatus are distinguished by the values of some 
physical quantity (or quantities) characterising it—the “readings of the ap- 
paratus”. We conventionally denote this quantity by g, and its eigenvalues 
by g,; these take in general, in accordance with the classical nature of the 
apparatus, a continuous range of values, but we shall—merely in order to 
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simplify the subsequent formulae—suppose the spectrum discrete. The 
states of the apparatus are described by means of quasi-classical wave func- 
tions, which we shall denote by ®,,(£), where the suffix m corresponds to the 
“reading” g,, of the apparatus, and & denotes the set of its co-ordinates. The 
classical nature of the apparatus appears in the fact that, at any given instant, 
we can say with certainty that it is in one of the known states ®, with some 
definite value of the quantity g; for a quantum system such an assertion 
would, of course, be unjustified. 

Let ®,(€) be the wave function of the initial state of the apparatus (before 
the measurement), and (gq) some arbitrary normalised initial wave function 
of the electron (q denoting its co-ordinates). These functions describe the 
state of the apparatus and of the electron independently, and therefore the 
initial wave function of the whole system is the product 


F(q) P(E). (7.1) 


Next, the apparatus and the electron interact with each other. Applying the 
equations of quantum mechanics, we can in principle follow the change of 
the wave function of the system with time. After the measuring process it 
may not, of course, be a product of functions of and qg. Expanding the 
wave function in terms of the eigenfunctions ®, of the apparatus (which 
form a complete set of functions), we obtain a sum of the form 


X An(q)Palé), (7.2) 


where the A,(q) are some functions of q. 

The classical nature of the apparatus, and the double role of classical 
mechanics as both the limiting case and the foundation of quantum mechanics, 
now make their appearance. As has been said above, the classical nature of 
the apparatus means that, at any instant, the quantity g (the “reading of the 
apparatus”) has some definite value. This enables us to say that the state 
of the system apparatus -+ electron after the measurement will in actual fact 
be described, not by the entire sum (7.2), but by only the one term which 
corresponds to the “reading” g,, of the apparatus, 


A,{q)P nl). (7-3) 


It follows from this that A,(g) is proportional to the wave function of the 
electron after the measurement. It is not the wave function itself, as is seen 
from the fact that the function A,(qg) is not normalised. It contains both 
information concerning the properties of the resulting state of the electron 
and the probability (determined by the initial state of the system) of the 
occurrence of the mth ‘“‘reading”’ of the apparatus. 

Since the equations of quantum mechanics are linear, the relation between 
An(q) and the initial wave function of the electron ‘F'(q) is in general given by 
some linear integral operator: 


An(q) = | Kula Y¥(@) 44’, (7.4) 
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with a kernel Kn(q, q’) which characterises the measurement process con- 
cerned. 

We shall suppose that the measurement concerned is such that it gives a 
complete description of the state of the electron. In other words (see §1), 
in the resulting state the probabilities of all the quantities must be indepen- 
dent of the previous state of the electron (before the measurement). Mathe- 
matically, this means that the form of the functions A,,(q) must be determined 
by the measuring process itself, and does not depend on the initial wave 
function ‘Y(q) of the electron. Thus the A, must have the form 


A,(q) a nPn(Q)s (7.5 ) 


where the ¢, are definite functions, which we suppose normalised, and only 
the constants a, depend on '¥(q). In the integral relation ( 7.4) this corresponds 
to a kernel Kn(q, q’) which is a product of a function of g and a function of q': 


Kn(q 1’) = bn(Q)Pn*(7:); (7.6) 
then the linear relation between the constants a and the function Y’(q) is 
a, = { ¥(q)¥.*(Q) dg, (7.7) 


where the ’,(q) are certain functions depending on the process of measure- 
ment. 

The functions ¢,,(g) are the normalised wave functions of the electron after 
measurement. Thus we see how the mathematical formalism of the theory 
reflects the possibility of finding by measurement a state of the electron 
described by a definite wave function. 

If the measurement is made on an electron with a given wave function 
‘Y(q), the constants a, have a simple physical meaning: in accordance with 
the usual rules, |a,|? is the probability that the measurement will give the 
nth result. The sum of the probabilities of all results is equal to unity: 


= Ja,|? = 1. (7.8) 


In order that equations (7.7)and(7.8)should hold foran arbitrary normalised 
function ‘V'(q), it is necessary (cf. §3) that an arbitrary function ‘(g) can be 
expanded in terms of the functions V,(q). This means that the functions 
‘F'n(g) form a complete set of normalised and orthogonal functions. 

If the initial wave function of the electron coincides with one of the func- 
tions '",(g), then the corresponding constant a, is evidently equal to unity, 
while all the others are zero. In other words, a measurement made on an 
electron in the state Y,(q) gives with certainty the mth result. 

All these properties of the functions ¥,,(¢) show that they are the eigen- 
functions of some physical quantity (denoted by f) which characterises the 
electron, and the measurement concerned can be spoken of as a measurement 
of this quantity. 

It is very important to notice that the functions ‘¥,(q) do not, in general, 
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coincide with the functions ¢,,(g); the latter are in general not even mutually 
orthogonal, and do not form a set of eigenfunctions of any operator. This 
expresses the fact that the results of measurements in quantum mechanics 
cannot be reproduced. If the electron was in a state Y’,(q), then a measure- 
ment of the quantity f carried out on it leads with certainty to the value /,. 
After the measurement, however, the electron is in a state ¢,(q) different 
from its initial one, and in this state the quantity f does not in general take 
any definite value. Hence, on carrying out a second measurement on the 
electron immediately after the first, we should obtain for f a value which did 
not agree with that obtained from the first measurement.} To predict (in the 
sense of calculating probabilities) the result of the second measurement from 
the known result of the first, we must take from the first measurement the 
wave function ¢,,(q) of the state in which it resulted, and from the second 
measurement the wave function ¥’,(q) of the state whose probability is re- 
quired. This means that from the equations of quantum mechanics we deter- 
mine the wave function ¢,,(g, t) which, at the instant when the first measure- 
ment is made, is equal to¢,,(¢g); the probability of the mth result of the second 
measurement, made at time #, is then given by the squared modulus of the 
integral [b,(q, #)Yn*(9) dg. 

We see that the measuring process in quantum mechanics has a “‘two- 
faced” character: it plays different parts with respect to the past and future 
of the electron. With respect to the past, it ‘‘verifies” the probabilities of the 
various possible results predicted from the state brought about by the previ- 
ous measurement. With respect to the future, it brings about a new state 
(see also §44). Thus the very nature of the process of measurement involves 
a far-reaching principle of irreversibility. 

This irreversibility is of fundamental significance. We shall see later (at 
the end of §18) that the basic equations of quantum mechanics are in them- 
selves symmetrical with respect to a change in the sign of the time; here 
quantum mechanics does not differ from classical mechanics. ‘The irrever- 
sibility of the process of measurement, however, causes the two directions 
of time to be physically non-equivalent, i.e. creates a difference between the 
future and the past. 


+ It must be remarked that there is an important exception to the statement that results of measure- 
ments cannot be reproduced: the one quantity the result of whose measurement can be exactly re- 
produced is the co-ordinate. Two measurements of the co-ordinates of an electron, made ata sufficiently 
small interval of time, must give neighbouring values; if this were not so, it would mean that the 
electron had an infinite velocity. Mathematically, this is related to the fact that the co-ordinate 
commutes with the operator of the interaction energy between the electron and the apparatus, since this 
energy is (in non-relativistic theory) a function of the co-ordinates only. 


CHAPTER II 


ENERGY AND MOMENTUM 


§8. The Hamiltonian operator 

THE wave function Y’ completely determines the state of a physical system 
in quantum mechanics. This means that, if this function is given at some 
instant, not only are all the properties of the system at that instant described, 
but its behaviour at all subsequent instants is determined (only, of course, to 
the degree of completeness which is generally admissible in quantum mech- 
anics). The mathematical expression of this fact is that the value of the deri- 
vative 0'¥'/dt of the wave function with respect to time at any given instant 
must be determined by the value of the function itself at that instant, and, 
by the principle of superposition, the relation between them must be linear. 
In the most general form we can write 


idv/jat = LY, 


where £ is some linear operator; the factor i is introduced here for conveni- 
ence. 

We shall derive some properties of the operator £. Since the integral 
J ¥Y* dg is a constant independent of time, we have 


= {ea fro + [ea 0 
de Breage re a 


Substituting here OW /ot = —iL¥, OW*/at = i£*¥* and using in the first 
integral the definition of the transpose of an operator, we can write 


| VL*Y* dg — | WEY dg = | YeLePy dg — | PLY dg 


= | w*(L*—L)¥ dg = 0. 


Since this equation must hold for an arbitrary function ¥, it follows that we 
must have identically £*—£ = 0, or 

L=L*. 
The operator £ is therefore Hermitian. Let us find the classical quantity to 


which the operator £ corresponds. To do this, we use the limiting expression 
(6.1) for the wave function and write 


the slowly varying amplitude a need not be differentiated. Comparing this 
25 
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equation with the definition dV /at = —iL'Y, we see that, in the limiting 
case, the operator L reduces to simply multiplying by —(1//) 0S/at. This 
means that —(1//) 0S/dt is the physical quantity into which the Hermitian 
operator L passes. 

As is well known from mechanics, the derivative —0@S/0t is just HAMILTON’s 
function H for a mechanical system. ‘Thus the operator AL is what corres- 
ponds in quantum mechanics to HAMILTON’s function; this operator, which 
we shall denote by H7, is called the Hamiltonian operator or, more briefly, the 
Hamiltonian of the system. The relation between 0¥'/dt and ¥ is 


ih ov jot = AY. (8.1) 


If the form of the Hamiltonian is known, equation (8.1) determines the wave 
functions of the physical system concerned. This fundamental equation of 
quantum mechanics is called the wave equation. 


§9. The differentiation of operators with respect to time 


The concept of the derivative of a physical quantity with respect to time 
cannot be defined in quantum mechanics in the same way as in classical mech- 
anics. For the definition of the derivative in classical mechanics involves 
the consideration of the values of the quantity at two neighbouring but 
distinct instants of time. In quantum mechanics, however, a quantity which 
at some instant has a definite value does not in general have definite values at 
subsequent instants; this was discussed in detail in §1. 

Hence the idea of the derivative with respect to time must be differently 
defined in quantum mechanics. It is natural to define the derivative f of a 
quantity f as the quantity whose mean value is equal to the derivative, with 
respect to time, of the mean value f. Thus we have the definition 


f=f. (9.1) 
Starting from this definition, it is easy to obtain an expression for the 


quantum-mechanical operator f corresponding to the quantity jf. Since 
f= [¥efYT dg, 


f=f= : [ery - {vty a [pyre + fay 
"dt pe a at ? dt” 
Here @//ét is the operator obtained by differentiating the operator f with 


respect to time; / may depend on the time as a parameter. Substituting for 
ovat, oY*/dt their expressions according to (8.1), we obtain 


G J ‘ 
f= | why d+ { (Hers fy dq—- { wef) dq. 
Since the operator H is Hermitian, we have 


| (Hee) PP) dg = i wef dq: 
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thus 
j-f on ee dg. 


Since, on the other hand, we must have, by the definition of mean values, 
f=sw¥* f ‘dg, it is seen that the expression in parentheses under the integral 
is the required operator f re i 


of i 
7 5 ttm). (9.2) 


We notice that, if the operator / is independent of time, f reduces, apart 
from a constant factor, to the result of commuting the operator f with the 
Hamiltonian. 

A very important class of physical quantities is formed by those whose 
operators do not depend explicitly on time, and also commute with the 
Hamiltonian, so that f = 0. Such quantities are said to be conserved. 

If the operator f is identically zero, then f = f = 0, that is, f is constant. 
In other words, the mean value of the quantity remains constant in time. 
We can also assert that, if in a given state the quantity f has a definite value 
(i.e. the wave function is an eigenfunction of the operator f), then it will 
have a definite value (the same one) at subsequent instants also. 


§10. Stationary states 
If the system is not in a varying external field, its Hamiltonian cannot 
contain the time explicitly. This follows at once from the fact that, in the 


t In classical mechanics we have for the total derivative, with respect to time, of a quantity f which 
is a function of the generalised co-ordinates g; and momenta p; of the system 


df af of. of. 
ao “pe (Gait spf) 


Substituting, in accordance with HaMILTon’s equations, g; = 0H/0p,; and p; = —@H/@q;, we obtain 


df/dt = of/et+[H, f], 


Hn= >. Go-ze) 


is what is called the Poisson bracket for the quantities f and H (see Mechanics, §42). On comparing with 


where 


the expression (9.2), we see that, as we pass to the limit of classical mechanics, the operator i, if fH ) 
reduces in the first approximation to zero, as it should, and in the second approximation (with respect 
to h) to the quantity A[H, f]. This result is true also for any two quantities f and g; the operator 


i( fé- éf ) tends in the limit to the quantity A[ f, g] , where [f, g] is the Poisson bracket 


fe] ( og of og af 
g)= > a Se eee 
—~\09q; Op; Op, 09; 
i 
This follows at once from the fact that we can always formally imagine a system whose Hamiltonian 
is g. 
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absence of an external field (or in a constant external field) all times are 
equivalent so far as the given physical system is concerned. Since, on the 
other hand, any operator of course commutes with itself, we reach the con- 
clusion that HamILTon’s function is conserved for systems which are not in a 
varying external field. As is well known, a HAMILTON’s function which is 
conserved is called the energy. Thus we have the law of conservation of 
energy in quantum mechanics. Here it signifies that, if in a given state the 
energy has a definite value, this value remains constant in time. 

States in which the energy has definite values are called stationary states 
of asystem. They are described by wave functions ’,, which are the eigen- 
functions of the Hamiltonian operator, i.e. which satisfy the equation 
HY.,, = E,,¥,,, where E,, are the eigenvalues of the energy. Correspondingly, 
the wave equation (8.1) for the function Y’,, 


ih OY,0t = AY, = E,¥, 
can be integrated at once with respect to time and gives 


ee = et/ME,ty,(q), (10.1) 


where ¢,, is a function of the co-ordinates only. This determines the relation 
between the wave functions of stationary states and the time. 

We shall denote by the small letter 4 the wave functions of stationary states 
without the time factor. These functions, and also the eigenvalues of the 
energy, are determined by the equation 


Ay = Ep. (10.2) 


The stationary state with the smallest possible value of the energy is called 
the normal or ground state of the system. 

The expansion of an arbitrary wave function YY in terms of the wave func- 
tions of stationary states has the form 


Y = E age ME st n(q). (10.3) 


The squared moduli |a,,|? of the expansion coefficients, as usual, determine 
the probabilities of various values of the energy of the system. 

The probability distribution for the co-ordinates in a stationary state is 
determined by the squared modulus |'¥,|* = |¥,,|?; we see that it is indepen- 
dent of time. The same is true of the mean values 


f= [Patf¥n da = | pnt fbn dg 


of any physical quantity f (whose operator does not depend explicitly on the 
time), and therefore of the probabilities of its various values. 

As has been said, the operator of any quantity that is conserved commutes 
with the Hamiltonian. This means that any physical quantity that is con- 
served can be measured simultaneously with the energy. 
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Among the various stationary states, there may be some which correspond 
to the same value of the energy, but differ in the values of some other physical 
quantities. Such eigenvalues of the energy (or, as we say, energy levels of 
the system), to which several different stationary states correspond, are said 
to be degenerate. Physically, the possibility that degenerate levels can exist 
is related to the fact that the energy does not in general form by itself a 
complete set of physical quantities. 

In particular, it is easy to see that, if there are two conserved physical 
quantities f and g whose operators do not commute, then the energy levels of 
the system are in general degenerate. For, let 4 be the wave function of a 
stationary state in which, besides the energy, the quantity f also has a definite 
value. Then we can say that the function gj does not coincide (apart from a 
constant factor) with ; if it did, this would mean that the quantity g also 
had a definite value, which is impossible, since f and g cannot be measured 
simultaneously. On the other hand, the function gy is an eigenfunction of the 
Hamiltonian, corresponding to the same value E of the energy as #: 


H( gb) =8Hp = E(Bp). 
Thus we see that the energy EZ corresponds to more than one eigenfunction, 
i.e. the energy level is degenerate. 

It is clear that any linear combination of wave functions corresponding 
to the same degenerate energy level is also an eigenfunction for that value of 
the energy. In other words, the choice of eigenfunctions of a degenerate 
energy level is not unique. Arbitrarily selected eigenfunctions of a degener- 
ate energy level are not, in general, orthogonal. By a proper choice of linear 
combinations of them, however, we can always obtain a set of orthogonal 
(and normalised) eigenfunctions (and this can be done in infinitely many 
ways; for the number of independent coefficients in a linear transformation 
of n functions is m?, while the number of normalisation and orthogonality 
conditions for m functions is 4n(n+-1), i.e. less than n?), 

These statements concerning the eigenfunctions of a degenerate energy 
level relate, of course, not only to eigenfunctions of the energy, but also to 
those of any operator. Thus only those functions are automatically ortho- 
gonal which correspond to different eigenvalues of the operator concerned; 
functions which correspond to the same degenerate eigenvalue are not in 
general orthogonal. 

If the Hamiltonian of the system is the sum of two (or more) parts, 
H = H, +H, one of which contains only the co-ordinates g, and the other 
only the co-ordinates g,, then the eigenfunctions of the operator Hf can be 
written down as products of the eigenfunctions of the operators H, and Hy,, 
and the eigenvalues of the energy are equal to the sums of the eigenvalues of 
these operators. 

The spectrum of eigenvalues of the energy may be either discrete or 
continuous. A stationary state of a discrete spectrum always corresponds to 
a finite motion of the system, i.e. one in which neither the system nor any 


30 Energy and Momentum §11 


part of it moves off to infinity. For, with eigenfunctions of a discrete spec- 
trum, the integral f ||? dg, taken over all space, is finite. This certainly 
means that the squared modulus [¥|* decreases quite rapidly, becoming 
zero at infinity. In other words, the probability of infinite values of the co- 
ordinates is zero; that is, the system executes a finite motion, and is said to 
be in a bound state. 

For wave functions of a continuous spectrum, the integral f ||? dg diverges. 
Here the squared modulus |‘f'|? of the wave function does not directly deter- 
mine the probability of the various values of the co-ordinates, and must be 
regarded only as a quantity proportional to this probability. The divergence 
of the integral { ||? dg is always due to the fact that |¥|? does not become 
zero at infinity (or becomes zero insufficiently rapidly). Hence we can say 
that the integral f ||? dg, taken over the region of space outside any arbi- 
trarily large but finite closed surface, will always diverge. This means that, 
in the state considered, the system (or some part of it) is at infinity. Fora 
wave function which is a superposition of the wave functions of various 
stationary states of a continuous spectrum, the integral f |Y|? dg may 
converge, so that the system lies in a finite region of space. However, it can 
be shown that, in the course of time, this region moves unrestrictedly, and 
eventually. the system moves off to infinity.t Thus the stationary states of a 
continuous spectrum correspond to an infinite motion of the system. 


§11. Matrices 


We shall suppose for convenience that the system considered has a discrete 
energy spectrum; all the relations obtained below can be generalised at once 
to the case of a continuous spectrum. Let ¥ = Xa,'¥,, be the expansion of 
an arbitrary wave function in terms of the wave functions ’,, of the stationary 
states. If we substitute this expansion in the definition f = f ¥*f¥ dq of 


t This can be seen as follows. The superposition of wave functions of a continuous spectrum has 
the form 


y= a pet MEN o(q) dE. 
The squared modulus of ‘¥ can be written in the form of a double integral: 


NP = ff aga tetime’2 ey g(ayh g(Q) AEA’ 


If we average this expression over some time interval T, and then let 7 tend to infinity, the mean values 
of the oscillating factors e(#/2)(£’-£)t, and therefore the whole integral, tend to zero in the limit. ‘Thus 
the mean value, with respect to time, of the probability of finding the system at any given point of 
configuration space tends to zero. This is possible only if the motion takes place throughout infinite 


space. 
We note that, for a function which is a superposition of functions of a discrete spectrum, we should 


have 
ry? = p> Ap Q yy tet MEm—Egtys the ® = x lantn(9)|?, 


i.e. the required probability remains finite on averaging over time. 
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the mean value of some quantity f, we obtain 
f= 2S ay* an fam(t)s (11.1) 
where f,,,,(t) denotes the integral 
fan(t) = | Fntf 8m da. (11.2) 


The set of quantities f,,,,(¢) with all possible m and mis called the matrixt of the 
quantity f, and each of the f,,,,(¢) is called the matrix element corresponding 
to the transition from state n to state m.t 
The dependence of the matrix elements f,,,,(¢) on time is determined (if 
the operator f does not contain the time explicitly) by the dependence of the 
functions Y’,, on time. Substituting for them the expressions (10.1), we find 
that 
Snm(t) = fame nant, (11.3) 
where 
Onm = (E,—E,,)/h (11.4) 


is what is called the transition frequency between the states n and m, and the 
quantities 


fam = | ba" Abm dg (11.5) 


form the matrix of the quantity f which is independent of time, and which 
is commonly used.|| We note that the ‘‘frequencies” w,,, satisfy the ob- 
vious relation 

Onmt@m = Wnt (11.6) 


The matrix elements of the derivative f are obtained by differentiating the 
matrix elements of the quantity f with respect to time; this follows directly 
from the fact that the mean value fis equal to f, i.e. 


f= py On* am fam(t)- 
From (11.3) we thus have for the matrix elements of f 
Snm(t) sr 10)nminm(t) (11.7) 


or (cancelling the time factor em! from both sides) for the matrix elements 
independent of time 


(f)nm = tWamtnm = (i/h)(E,—Em) fam- (11.8) 


{¢ The matrix representation of physical quantities was introduced by HEISENBERG in 1925, before 
ScCHRODINGER’s discovery of the wave equation. ‘‘Matrix mechanics” was later developed by M. 
Born, W. HEISENBERG and P. JORDAN. 

t In some cases, when each of the suffixes n and m has to be written in the form of several letters, 
we shall use the notation f,,” instead Of fym- The notation (n|f |m) is also used. 

|| It must be borne in mind that, because of the indeterminacy of the phase factor in normalized 
wave functions (see §2), the matrix elements f,, (and f,_(t)) also are determined only to within a factor 
of the form eilam-an), Here again this indeterminacy has no effect on any physical results. 
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To simplify the notation in the formulae, we shall derive all our relations 
below for the matrix elements independent of time; exactly similar relations 
hold for the matrices which depend on the time. 

For the matrix elements of the complex conjugate f* of the quantity f we 
obtain, taking into account the definition of the Hermitian conjugate operator, 


(F*)am = | dott im da = | bath hm dg = [tnt tint dg 


or 

(f*) nm ce Fran): (11.9) 

For real physical quantities, which are the only ones we usually consider, 
we consequently have | 

: Sum = fman* (11.10) 


(fmn™ stands for (f,,)*). Such matrices, like the corresponding operators, 
are said to be Hermitian. 

Matrix elements with m = m are called diagonal elements. These are 
independent of time, and (11.10) shows that they are real. The element fyn 
is the mean value of the quantity f in the state py. 

It is not difficult to obtain the “‘multiplication rule” for matrices. To do 
so, we first observe that the formula 


hiba = 2 fmnibm (11.11) 


holds. This is simply the expansion of the function fy, in terms of the func- 
tions ¥,,, the coefficients being determined in accordance with the general 
formula (3.5). Remembering this formula, let us write down the result of 
the product of two operators acting on the function y,,: 


bbbn = fl in) =f ginihe = E Lan fbr = 2 Bint mi m- 
Since, on the other hand, we must have 


fn = ($8) mn ms 


we arrive at the result that the matrix elements of the product fg are deter- 


mined by the formula 
(£2) mn = 2 fmeSin: (11.12) 


This rule is the same as that used in mathematics for the multiplication of 
matrices. 

If the matrix is given, then so is the operator itself. In particular, if the 
matrix is given, it is in principle possible to determine the eigenvalues of the 
physical quantity concerned and the corresponding eigenfunctions. 

We shall now consider the values of all quantities at some definite instant, 
and expand an arbitrary wave function V’ (at that instant) in terms of the 
eigenfunctions of HaMILTon’s operator H, i.e. of the wave functions ¢,, of 
the stationary states (these wave functions are independent of time): 


ba 2 Cmibms (11.13) 
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where the expansion coefficients are denoted by c,,. We substitute this expan- 
sion in the equation f¥ = f¥ which determines the eigenvalues and eigen- 
functions of the quantity f. We have 


E Cm Mb) =F E Cmte 


We multiply both sides of this equation by ¢,,* and integrate over g. Each 
of the integrals f ¥,,*f,, dg on the left-hand side of the equation is the cor- 
responding matrix element f,,,. On the right-hand side, all the integrals 
J ba*bn dg with m ¥ n vanish by virtue of the orthogonality of the functions 
Ym, and f %,,*%,, dq = 1 by virtue of their normalisation. Thus 


2 fnmm = fen, 


or 
2 (fum—SBam)em = 0, (11.14) 


where 6, = 0 for m #n and = 1 form=n. 

Thus we have obtained a system of homogeneous algebraic equations of 
the first degree (with the c,, as unknowns). As is well known, such a system 
has solutions different from zero only if the determinant formed by the 
coefficients in the equations vanishes, i.e. only if 


| fam—Panl = 0. 


The roots of this equation (in which f is regarded as the unknown) are the 
possible values of the quantity f. The set of values c,, satisfying the equations 
(11.14) when f is equal to any of these values determines the corresponding 
eigenfunction. 

If, in the definition (11.5) of the matrix elements of the quantity f, we take 
as w,, the eigenfunctions of this quantity, then from the equation ft, = frt, 
we have 


Sam = i Pa* fbn dq =fm i Prim dg. 


By virtue of the orthogonality and normalisation of the functions %,,, this 
gives fnum = 0 for n 4 m and fmm = fm. Thus only the diagonal matrix 
elements are different from zero, and each of these is equal to the correspond- 
ing eigenvalue of the quantity f. A matrix with only these elements different 
from zero is said to be put in diagonal form. In particular, in the usual 
representation, with the wave functions of the stationary states as the functions 
im, the energy matrix is diagonal (and so are the matrices of all other physical 
quantities having definite values in the stationary states). In general, the 
matrix of a quantity f, defined with respect to the eigenfunctions of some 
operator Z, is said to be the matrix of f 1m a representation in which g is diagonal. 
We shall always, except where the subject is specially mentioned, understand 
in future by the matrix of a physical quantity its matrix in the usual repre- 
sentation, in which the energy is diagonal. Everything that has been said 
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above regarding the dependence of matrices on time refers, of course, only 
to this usual representation.f 

By means of the matrix representation of operators we can prove the 
theorem mentioned in §4: if two operators commute with each other, they 
have their entire sets of eigenfunctions in common. Let f and g be two 
such operators. From /é == gf and the matrix multiplication rule (11.12), 
it follows that 


2X f mui <= 2 8 mifin: 


If we take the eigenfunctions of the operator / as the set of functions y,, with 
respect to which the matrix elements are calculated, we shall have f,,, = 0 
for m #k, so that the above equation reduces to frum2mn = &mnJnn» OF 


Emr fm—Sn) = 0. 


If all the eigenvalues f, of the quantity f are different, then for all m 4 n we 
have f,—fn #0, so that we must have g,,, = 0. Thus the matrix g,., is 
also diagonal, i.e. the functions %,, are eigenfunctions of the physical quantity 
galso. If, among the values f,,, there are some which are equal (i.e. if there 
are eigenvalues to which several different eigenfunctions correspond), then 
the matrix elements g,,,, corresponding to each such group of functions ¢, 
are, in general, different from zero. However, linear combinations of the 
functions 7, which correspond to a single eigenvalue of the quantity f are 
evidently also eigenfunctions of f; one can always choose these combinations 
in such a way that the corresponding non-diagonal matrix elements gin are 
zero, and thus, in this case also, we obtain a set of functions which are 
simultaneously the eigenfunctions of the operators f and @. 

The matrix f,,,, can be regarded as the operator / in the energy representa- 
tion. For the set of coefficients c, in the expansion (11.13) in terms of the 
eigenfunctions ¢,, of the Hamiltonian can be considered (cf. §5) as the wave 
function in the “‘E’ representation” (the variable being the suffix n which 
gives the number of the stationary state). The formula 


f= p> Ca leila 


for the mean value of the quantity f then corresponds to the general expression 
for the quantum-mechanical mean value of a quantity in terms of its operator 
and the wave function of the state concerned. 


PROBLEM 


The Hamiltonian of a system, and therefore the eigenvalues En of the energy, are functions 
of some parameter A. Show that 


SoLuTION. Differentiating the equation (7 —En)ibn = 0 with respect to A and then 


t Bearing in mind the diagonality of the energy matrix, it is easy to see that equation (11.8) is the 
operator relation (9.2) written in matrix form. 
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multiplying on the left by %,*, we obtain 


Oubn 0E, eH 
bn*(H — En)— = Yn* (— = =) tn 
OA oA oA 
On integration with respect to q, the left-hand side gives zero, since the operator A is Hermitian 
and therefore 
n 


| but — Ey)" dg = i Aa) nt dg 


The right-hand side gives the required equation. 


§12. Transformation of matrices 


The matrix elements of a given physical quantity can be defined with 
respect to various sets of wave functions, for example the wave functions of 
stationary states described by various sets of physical quantities, or the wave 
functions of stationary states of the same system in various external fields. 
The problem therefore arises of the transformation of matrices from one 
representation to another. 

Let $n(q) and Yn'(q) (n = 1,2, ...) be two complete sets of orthonormal 
functions, related by some linear transformation: 


Yn’ = & Smanibms (12.1) 


which is simply an expansion of the function yn’ in terms of the complete set 
of functions %. This transformation may be conventionally written in the 
operator form 


bn’ = Syn. (12.2) 


The operator S must satisfy a certain condition in order that the functions 
yn’ should be orthonormal if the functions %, are. Substituting (12.2) in 
the condition 


| Pm’*dn’ de = Binns 
and using the definition of the transposed operator (3.14), we have 
| Sba)St bm dg = f bm*S*5 pn dg = Sinn. 
If these equations hold for all m and m, we must have $*.§ = 1, or 
S* = §+ = §-1, (12.3) 


i.e. the inverse operator is equal to the Hermitian conjugate operator. 
Operators having this property are said to be unitary. Owing to this property, 
the transformation yn, = S-ly%y’ inverse to (12.1) is given by 


¥n = & Samm. (12.4) 
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Writing the equations $+S = 1 and S$+ = 1 in matrix form, we obtain 
the following forms of the unitarity condition: 


% Sim*Sin a Smn (12.5) 
2 Sml* Sat — Omnis ; (12.6) 


Let us now consider some physical quantity f and write down its matrix 
elements in the ‘‘new” representation, i.e. with respect to the functions yn’. 
These are given by the integrals 


f'n! dq = f (Sént)(FSn) dg 
= | m*S* fSuin dq 


= | bm* 5-1 Sibn dg. 


Hence we see that the matrix of the operator f in the new representation is 
equal to the matrix of the operator 
fi = SYS (12.7) 
in the old representation. 
The sums of the diagonal elements of matrices are of importance in certain 
calculations in quantum mechanics. Such a sum is called the trace or spurt 
of the matrix and denoted by tr /: 


tf = E fan. (12.8) 


It may be noted first of all that the trace of a product of two matrices is 
independent of the order of multiplication: 


tr (fg) = tr (ef), (12.9) 


since the rule of matrix multiplication gives 
tr (fe) = BB fargen = EE genfae = tr (ef). 


Similarly we can easily see that, for a product of several matrices, the trace 
is unaffected by a cyclic permutation of the factors; for example, 


tr (feh) = tr (hfg) = tr (ghf). (12.10) 


An important property of the trace is that it does not depend on the choice 
of the set of functions with respect to which the matrix elements are defined, 
since 


(tr fy = tr(S-IfS) = tr(SS-If) = trf. 


+ From the German word Spur. The notation sp f is also used. The trace can be defined, of course, 
only if the sum over 7 is convergent; we shall assume that this condition is satisfied. 
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§13. The Heisenberg representation of operators 


In the mathematical formalism of quantum mechanics described here, the 
operators corresponding to various physical quantities act on functions of the 
co-ordinates and do not usually depend explicitly on time. The time depen- 
dence of the mean values of physical quantities is due only to the time 
dependence of the wave function of the state, according to the formula 


Fe) = | ¥#G, OF YG 9 dg. (13.1) 


The quantum-mechanical treatment can, however, be formulated also in a 
somewhat different but equivalent form, in which the time dependence is 
transferred from the wave functions to the operators. Although we shall not 
use this Heisenberg representation of operators in the present volume, a state- 
ment of it is given here with a view to applications in the relativistic theory. 

We define the operator 


S = exp[—(i/A)A1), (13.2) 


where A is the Hamiltonian of the system. By definition, its eigenfunctions 
are the same as those of the operator H, i.e. the stationary-state wave functions 
¥n(q), where 


Sibn(q) = eM) Entyyn(q), (13.3) 


Hence it follows that the expansion (10.3) of an arbitrary wave function 
‘YY in terms of the stationary-state wave functions can be written in the 
operator form 


aCe t) _ S¥(q, 0), (13.4) 


i.e. the effect of the operator S$ is to convert the wave function of the system 
at some initial instant into the wave function at an arbitrary instant. 

According to the definition (3.16), using the fact that the operator A is 
Hermitian, we have 


St = exp (tHe = exp(f = §-1, 


ie. S is a unitary operator, as it should be, since formula (13.4) (with the 
time ¢ as a parameter) may be regarded asa particular case of the transforma- 
tion (12.1). 

Defining, as in (12.7), the time-dependent operator 
f@ = S-¥S, (13.5) 


we have 
Fo) = [ F(a, OFYG, 0) dg, (13.6) 


and thus obtain the formula (3.8) for the mean value of the quantity fina 
form in which the time dependence is entirely transferred to the operator (for 
our definition of an operator rests on formula (3.8)). 
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It is evident that the matrix elements of the operator (13.5) with respect 
to the stationary-state wave functions are the same as the time-dependent 
matrix elements fnm(t) defined by formula (11.3). 

Finally, differentiating the expression (13.5) with respect to time (assuming 
that the operators f and H do not themselves involve #), we obtain 


a, 1 p 
a = Hf ffl), (13.7) 


which is similar in form to (9.2) but has a somewhat different significance: 
the expression (9.2) defines the operator f corresponding to the physical 
quantity /, while the left-hand side of equation (13.7) is the time derivative 
of the operator of the quantity / itself. 


§14. The density matrix 


Let us consider a system which is a part of some closed system. We 
suppose that the closed system as a whole is in some state described by the 
wave function V(q, x), where x denotes the set of co-ordinates of the system 
considered, and g the remaining co-ordinates of the closed system. This 
function in general does not fall into a product of functions of x and of q 
alone, so that the system does not have its own wave function.t 

Let f be some physical quantity pertaining to the system considered. Its 
operator therefore acts only on the co-ordinates x, and not ong. The mean 
value of this quantity in the state considered is 


f= [[P@nf¥G@,») dade. (14.1) 
We introduce the function p(x’, x) defined by 
p(x’, x) = f ¥*(g,x’)¥(a,x) dg, (14.2) 


where the integration is extended only over the co-ordinates g; this function 
is called the density matrix of the system. From the definition (14.2) it is 
evident that the function is ‘“Hermitian’’: 


p*(x, x") = p(x’, x). (14.3) 


The ‘“‘diagonal elements”’ of the density matrix 


p(x, x) = i) ['Y(q, x)|? dg 


evidently determine the probability distribution for the co-ordinates of the 
system. 


+ In order that (q, x) should (at a given instant) fall into such a product, the measurement as a 
result of which this state was brought about must completely describe the system considered and the 
remainder of the closed system separately. In order that ‘(q, x) should continue to have this form at 
subsequent instants, it is necessary in addition that these parts of the closed system should not interact 
(see §2). Neither of these conditions is now assumed. 


§14 The density matrix 39 


Using the density matrix, the mean value f can be written in the form 
f = | Lfo(x’, x)] z'=2 dx. (14.4) 


Here / acts only on the variables x in the function p(x’, x); after calculating 
the result of its action, we put x’ = x. We see that, if we know the density 
matrix, we can calculate the mean value of any quantity characterising the 
system. It follows from this that, by means of p(x’, x), we can also determine 
the probabilities of various values of the physical quantities in the system. - 
Thus we reach the conclusion that the state of a system which does not have a 
wave function can be described by means of a density matrix. This does not 
contain the co-ordinates g which do not belong to the system concerned, 
though, of course, it depends essentially on the state of the closed system 
as a whole. 

The description by means of the density matrix is the most general form 
of quantum-mechanical description of the system. The description by means 
of the wave function, on the other hand, is a particular case of this, cor- 
responding to a density matrix of the form p(x’, x) = Y*(«’)W(x). The 
following important difference exists between this particular case and the 
general one.t For a state having a wave function there is always a complete 
set of measuring processes such that they lead with certainty to definite 
results (mathematically, this means that ’ is an eigenfunction of some opera- 
tor). For states having only a density matrix, on the other hand, there is no 
complete set of measuring processes whose result can be uniquely predicted. 

Let us now suppose that the system is closed, or became so at some instant. 
Then we can derive an equation giving the change in the density matrix with 
time, similar to the wave equation for the ¥ function. The derivation can be 
simplified by noticing that the required linear differential equation for 
p(x’, x, t) must be satisfied in the particular case where the system has a wave 
function, i.e. 

p(x’, x, t) = P*(x’, t)¥ (x, 2). 


Differentiating with respect to time and using the wave equation (8.1), we 
have 


2p OM, t) PAR" 2) 
th— = ih¥*(x' ,t)——§— + ih ¥ (x, t___——- 
ot ot ot 


= W*(x', NAY (x, t)—Y(x, t)AH’*e*(x', 1), 


where Hf is the Hamiltonian of the system, acting on a function of x, 
and H’ is the same operator acting on a function of x’. The functions 
Y*(x’, ¢) and ‘Y(x, #) can obviously be placed behind the respective operators 
H and H’, and we thus obtain the required equation: 


th Op(x', x, t)/0t = (H—H"*)p(x’,x, 2). (14.5) 


{ States having a wave function are sometimes called “pure” states, as distinct from “mixed” 
states, which are described by a density matrix. 
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Let ‘Y’,(x, t) be the wave functions of the stationary states of the system, 
i.e. the eigenfunctions of its Hamiltonian. We expand the density matrix 
in terms of these functions; the expansion consists of a double series in the 
functions ‘’,,(x, #) and ‘Y,(x«’, 2), which we write in the form 


p(x’, x,t) = pap Qian ¥ n*(x’, t)F m(x, t) 
= EE apantin®(’ Wm etn End, (14.6) 


For the density matrix, this expansion plays a part analogous to that of the 
expansion (10.3) for wave functions. Instead of the set of coefficients a,, 
we have here the double set of coefficients a,,,. These clearly have the pro- 
perty of being “‘Hermitian’’, like the density matrix itself: 


Ann” = Cyne (14.7) 
For the mean value of some quantity f we have, substituting (14.6) in (14.4), 


f= pap ann i Y#(x, t)f'E m(x, t) dx, 


or 
f =. pp? Amnfam(t) = pp? Amntnme* [1XE,-E pt, (14.8) 


where finn are the matrix elements of the quantity f. This expression is 
similar to formula (11.1). 

The quantities a,,, must satisfy certain inequalities. The ‘diagonal 
elements” p(x, x) of the density matrix, which determine the probability 
distribution for the co-ordinates, must obviously be positive quantities. It 
therefore follows from the expression (14.6) (with x’ = x) that the quadratic 


form 
2 x a dace cn 


constructed with the coefficients a@,,, (where the €, are arbitrary complex 
quantities) must be positive. This places certain conditions, known from the 
theory of quadratic forms, on the quantities a,,,._ In particular, all the 
“diagonal” quantities must clearly be positive: 


Ann > 9, (14.9) 
and any three quantities dyn, @mm and @,_,, must satisfy the inequality 
Annmm = |Amn|?. (14.10) 


To the ‘‘pure” case, where the density matrix reduces to a product of 
functions, there evidently corresponds a matrix a,,,, of the form 


Qsin = And, 
We shall indicate a simple criterion which enables us to decide, from the 


} The description of a system by means of the quantities a,j, was introduced independently by 
L. LANDAU and F, Biocu in 1927. 
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form of the matrix a@mn, whether we are concerned with a “‘pure” or a 
“‘mixed”’ state. In the pure case we have 
(2*) mn = x Amxtin 
= py Oy.* A mAn* Ay 
= An Ay* x |a;,|? 


= * 
= Anan”, 


(2?) mn = Amn (14.11) 


i.e. the density matrix is equal to its own square. 


or 


§15. Momentum 


Let us consider a system of particles not in an external field. Since all 
positions in space of such a system as a whole are equivalent, we can say, in 
particular, that the Hamiltonian of the system does not vary when the system 
undergoes a parallel displacement over any distance. It is sufficient that this 
condition should be fulfilled for an arbitrary small displacement. 

An infinitely small parallel displacement over a distance Sr signifies a trans- 
formation under which the radius vectors r, of all the particles (a being the 
number of the particle) receive the same increment 6r:r, >r, + 6r. An 
arbitrary function (r,, re, ...) of the co-ordinates of the particles, under 
such a transformation, becomes the function 


#(r,+6r, r.+5r, ...) = f(r}, Pe, ...) tor. u Vall 
= (1+6r. py V a)¥(f1) Lay «-- ) 


(Vq denotes a “‘vector” whose components are the operators 0/0x,, 2/dy,, 
0/0z,). The expression in parentheses, i.e. 


1dr. & Va; 


can be regarded as the operator of an infinitely small displacement, which 
converts the function #(r,, ra, ... ) into the function 


o(r,+6r, r.+5r, ... ). 

The statement that some transformation does not change the Hamiltonian 
means that, if we make this transformation on the function Ay, the result is 
the same as if we make it only on the function and then apply the operator H. 
Mathematically, this can be written as follows. Let O be the operator which 
effects the transformation in question. Then we have O(Hs) = H(Oxs), whence 


OH—HO = 0, 


ie. the Hamiltonian must commute with the operator O. 

In the case considered, the operator O is the above-mentioned operator 
of an infinitely small displacement. Since the unit operator (the operator 
of multiplying by unity) commutes, of course, with any operator, and the 
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constant factor Sr can be taken in front of H, the condition OH—HO = 0 
reduces here to 


(= Va)H—H(z Va) = 0. (15.1) 


As we know, the commutability of an operator (not containing the time 
explicitly) with H means that the physical quantity corresponding to that 
operator is conserved. The quantity whose conservation for a closed system 
follows from the homogeneity of space is called momentum. 'Thus the relation 
(15.1) expresses the law of conservation of momentum in quantum mechanics ; 
the operator & 7, must correspond, apart from a constant factor, to the 
total momentum of the system, and each term \/, of the sum to the momen- 
tum of an individual particle. 

The coefficient of proportionality between the operator p of the momentum 
of a particle and the operator V can be determined by means of the passage 
to the limit of classical mechanics. Putting fp = cV and using the limiting 
expression (6.1) for the wave function, we have 


PY = (i/h) cacti SVS = c(i/h¥VS, 


i.e. in the classical approximation the effect of the operator p reduces to 
multiplication by (i/i)cVS. The gradient VS is, as we know from mech- 
anics, the momentum p of the particle; hence we must have (i/A)c = 1, 
Le. c = —2h. 
Thus the operator of the momentum of a particle is fp = —zhV/, or, in 
components, 
pe = —tholdx, py = —thdl/dy, p, = —ihd/dz. (15.2) 
It is easy to see that these operators are Hermitian, as they should be. 
For, with arbitrary functions (x) and ¢(x) which vanish at infinity, we have 


| bpp dx = —ih | i dix = ih i ya dx = { bpp dx, 


and this is the condition that the operator should be Hermitian. 

Since the result of differentiating functions with respect to two different 
variables is independent of the order of differentiation, it is clear that the 
operators of the three components of momentum commute with one another: 


Puby—Pub = 0, bub.—bibe = 0, Pubs bibs = 0. (15.3) 
This means that all three components of the momentum of a particle can 


simultaneously have definite values. 
Let us find the eigenfunctions and eigenvalues of the momentum operators. 


They are determined by the equations 
—ih op/dx = pap, —ih op/dy = pyb, —ih0p/oz = p,yp. (15.4) 
The solution of the first of these equations is . 


b = f(y, ze /Mrs2, 
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where f is independent of x. This solution remains finite for all values of «x, 
for any real value of p,. Thus the eigenvalues of the component p, of the 
momentum form a continuous spectrum extending from —0oo to +00; the 
same is true, of course, of the components p, and p,. 

The three equations (15.4) have, in particular, common solutions, which 
correspond to states with definite values of all three momentum components 
forming the vector p. These solutions are of the form 


pb = Ce /Mr-r, (15.5) 


where C is a constant. If all three components of the momentum are given 
simultaneously, we see that this completely determines the wave function 
of the particle. In other words, the quantities pz, py, pz form one of the poss- 
ible complete sets of physical quantities. 

Let us determine the normalisation coefficient in (15.5). According to the 
rule (5.4) for normalising the eigenfunctions of a continuous spectrum, we 
must have 


| Yoyo" dV = 8(p’—p) (15.6) 


(where dV = dxdydz), the integration being extended over all space; 5(p’—p) 
is the three-dimensional delta function, defined similarly to the one-dimen- 
sional function (the delta function of one variable).f The integration can 
be immediately effected by means of the formulat 


(1/2n) ff ds = 2). ree 
We have 
| poy* dV = C? J elt /MXp'-P)t dV 
= C¥(2nh)*8(p'—p). 
Hence we see that we must have C?(27h)’ = 1. Thus the normalised func- 


tion ys, is 
ty = (2h) * Pet mee, (15.8) 


f The three-dimensional function 8(r) can, in particular, be represented as a product of delta 
functions of the Cartesian components of the vector r: 8(r) = 8(x)8(y)8(z). 


{ The conventional meaning of this formula is that the function on the left-hand side has the 
property of the delta function expressed by the equation 


[ £@)8(@) dx =f. 
—O 
This follows from the Fourier integral formula 


f(x") = (1/2) i f(x)ele-2 dda, 


if we put x’ = 0. 
Separating the real part, we can also write formula (15.7) in the form 


(1/27) j cos ax dx = 8(«). (15.7a) 
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The expansion of an arbitrary wave function (r) of a particle in terms 
of the eigenfunctions 7, of its momentum operator is simply the expansion 
as a Fourier integral: 


We) = f a(p)yo(e) d8p = (2nh)-2” [ alp)et mvs dep (15.9) 


(where d3p = dp,dp,dp,). The expansion coefficients a(p) are, according 
to formula (5.3), 


a(p) = | Wr) bp*(x) dV = (2nh)-2 72 f b(r)eEMPs AY, (15.10) 


The function a(p) can be regarded (see §5) as the wave function of the 
particle in the ‘‘p representation”; |a(p)|? d3p is the probability that the 
momentum has a value in the interval d3p. The formulae (15.9) and (15.10) 
give the relation between the wave functions in the two representations. 

Just as the operator p corresponds to the momentum, determining its 
eigenfunctions in the “‘r representation”, we can introduce the idea of the 
operator f of the radius vector of the particle in the ‘‘p representation”. It 
must be defined so that the mean value of the co-ordinates can be represented 
in the form 


t= i a*(p)fa(p) d3p. (15.11) 


On the other hand, this mean value is determined from the wave function 
(x) by 
r= i; ptr dV. 


Writing #(r) in the form (15.9) we have (integrating by parts)+ 
| ry(e) = (2nh)-8 f ra(petimo= aap 
= (2nh)-9/? | ihet ™"*[Za(p)/ap] d°p. 
Using this expression and (15.10), we find 


t= i) br dV = (2nh)-3/2 | | b*(r)ih[da(p)/Ap]et/™* d3pdV 


= | iha*(p)[2a(p)/ap] d%p. 
Comparing with (15.11), we see that the radius vector operator in the “‘p 
representation” is 
f = 1hd/dp. (15.12) 


¢ The derivative with respect to the vector p is understood as the vector whose components are the 
derivatives with respect to pz, Py be. 
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The momentum operator in this representation reduces simply to multipli- 
cation by p. 


PROBLEMS 


PRoBLEM 1. Express the operator 74 of a parallel displacement over a finite distance a 
in terms of the momentum operator. 


SoLuTIon. By the definition of the operator 7, we must have 
Tar) = y(r-+a). 
Expanding the function %(r-+a) in a Taylor series, we have 
Weta) = Y(e)-ta . A(e)/art ..., 


or, introducing the operator Pp = —i iV, 
; li 
bie-ba) = Ee B+5(<2 .p)4 = |v. 


The expression in brackets is the operator 


This is the required operator of the finite displacement. 


PROBLEM 2. Find the law of transformation of the wave function under a Galilean trans- 
formation. 


SOLUTION. We shall carry out the transformation on a wave function of free motion of 
a particle (a plane wave). Since any function Y can be expanded in terms of plane waves, 
this gives also the transformation law for an arbitrary wave function. 

The wave functions of free motion in frames of reference K and K’ (where K’ moves 
relative to K with velocity V) are 


YY = constant x eft/R)(D.r-Et) 
YW’ = constant x e(t/R)(p!.r’—E/t), 
with r = r’+V¢#, and the momenta and energies in the two systems are related byt 
p= ptmV, 
E = E'+V. p'+4mP?. 


Substituting these expressions for r, p and E in VY, we obtain 
t 
Y = WP" exp seat) 


= Y” exp [smv a(e+ r’) | (1) 


In this form the formula involves no quantities characterising the free motion of the particle, 
and gives the required general law of transformation of the wave function of an arbitrary 
state of the particle. For a system of particles a sum over the particles appears in the ex- 
ponent in (1). 


+ See Mechanics, §8. 
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§16. Uncertainty relations 


Let us derive the rules for commutation between momentum and co- 
ordinate operators. Since the result of successively differentiating with 
respect to one of the variables x, y, z and multiplying by another of them 
does not depend on the order of these operations, we have 


beV—Ipz =0, fuz—2p_ = 0, (16.1) 
and similarly for p,, p,. 
To derive the commutation rule for £, and x, we write 


(pax—xpa)b = —ih O(op)/Ox-+ihx Op/dx 
= —thy. 


We see that the result of the action of the operator p,x—xp, reduces to 
multiplication by —i#; the same is true, of course, of the commutation of py 
with y and p, with z. Thus we havet 


Ppux—xp, = —th, Piy—ypy = —th, p.2—2), = —th. (16.2) 
All the relations (16.1) and (16.2) can be written in the form 
Pik u— XP: = —ih8;, (Z, k => X,Y; @); (16.3) 


Before going on to examine the physical significance of these relations and 
their consequences, we shall derive two formulae which will be useful later. 
Let f(r) be some function of the co-ordinates. Then 


Pf(r)—f(r)b = —ihVf. (16.4) 
For 
(B/—/B)e = —ih[V(f/)—f VP] = —ihb Vf. 


A similar relation holds for the commutation of r with a ‘‘function’’ /(p) of 
the momentum operator: 


f(b)r—xf(b) = —shdflep. (16.5) 


It can be derived in the same way as (16.4) if we calculate in the p representa- 
tion, using the expression (15.12) for the co-ordinate operators. 

The relations (16.1) and (16.2) show that the co-ordinate of a particle along 
one of the axes can have a definite value at the same time as the components 
of the momentum along the other two axes; the co-ordinate and momentum 
component along the same axis, however, cannot exist simultaneously. In 
particular, the particle cannot be at a definite point in space and at the same 
time have a definite momentum p. 

Let us suppose that the particle is in some finite region of space, whose 
dimensions along the three axes are (of the order of magnitude of) Ax, Ay, Az. 


t These relations, discovered in matrix form by HEISENBERG in 1925, formed the genesis of modern 
quantum mechanics. 
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Also, let the mean value of the momentum of the particle be py. Mathe- 
matically, this means that the wave function has the form ¢ = u(r)e(@/™ Pot, 
where u(r) is a function which differs considerably from zero only in the 
region of space concerned. We expand the function ¢% in terms of the eigen- 
functions of the momentum operator (i.e. as a Fourier integral). The co- 
efficients a(p) in this expansion are determined by the integrals (15.10) of 
functions of the form u(r)e@/%@?)-", If this integral is to differ consider- 
ably from zero, the periods of the oscillatory factor e@/")(P-P)* must not be 
small in comparison with the dimensions Ax, Ay, Az of the region in which 
the function u(r) is different from zero. This means that a(p) will be con- 
siderably different from zero only for values of p such that (1/%)(p),.—p,)Ax < 
1, etc. Since |a(p)|? determines the probability of the various values of the 
momentum, the ranges of values of p,, p,,, p, in which a(p) differs from zero 
are just those in which the components of the momentum of the particle may 
be found, in the state considered. Denoting these ranges by Ap,, Ap,, Ap,, 
we thus have 


Ap,Ax ~h, Ap,Ay ~h, Ap,Ag ~ ii. (16.6) 


These relations, known as the uncertainty relations, were obtained by 
HEISENBERG. 

We see that, the greater the accuracy with which the co-ordinate of the 
particle is known (i.e. the less Ax), the greater the uncertainty Ap, in the 
component of the momentum along the same axis, and vice versa. In parti- 
cular, if the particle is at some completely definite point in space (Ax = 
Ay = Az = 0), then Ap, = Ap, = Ap, = 00. This means that all values 
of the momentum are equally probable. Conversely, if the particle has a 
completely definite momentum p, then all positions of it in space are equally 
probable (this is seen directly from the wave function (15.8), whose squared 
modulus is quite independent of the co-ordinates). 

As an example, let us consider a particle in a state described by the wave 
function 


ys = constant x elt/Mp,t-aa" /2n (16.7) 


(for simplicity, we consider a one-dimensional case, with the wave function 
depending on only one co-ordinate). The probabilities of the various values 
of the co-ordinates are 


pl? = constant x e-r* /T 


i.e. are distributed about the origin of co-ordinates (the mean value # = 0) 


according to a Gaussian law, with a standard deviation 4/ [(Ax)?] = 4/(h/2«) 
(Ax denotes the difference x—%)}. If the expansion coefficients a(p,) of 


{ As is well known, the Gaussian distribution for the probability w(x) of the values of some quantity 
x has the form 


wo(x) = [2ar(Ax)2]-W/2e-(Aavtaa), 
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this function are calculated as a Fourier integral according to the formula 
a(pz) = (2nh)-¥? | f(x)etimmer de, 


we obtain an expression of the form 
a(pPxz) = constant x e-(o-P,)"/2ne, 


The distribution of probabilities of values of the momentum is |a|? = 
constant x e—(?e~?x)*/Re, and consequently is also of Gaussian form, with a 
standard deviation 


V[(Apz)"] = V(Gah) 


(where Ap, = p,—p ). The product of the prandard deviations of co- 
ordinate and momentum is thus 


V[(AP2)? (Ax)*] = 34, (16.8) 


in agreement with the relation (16.6). 
Finally, we shall derive another useful relation. Let f and g be two 
physical quantities whose operators obey the commutation rule 


ig—8f = —ihé, (16.9) 


f It can be shown that this value of the product of the standard deviations is the least possible. 
To do this, we give the following formal derivation (H. WEYL). Let the state of the particle be de- 
scribed by the function ¢4(x);. for simplicity, we suppose the mean values of co-ordinate and momen- 
tum in this state to be zero. We consider the obvious inequality 


Slee 


2 
x >0, 


where « is an arbitrary real constant (the equality sign holds for a function of the form (16.7), and for 
no other). On calculating this integral, noticing that 


[ st ar = Gay 
[ (evs et 7 av = { er w= — [tae =—1, 


J a eo _— i pes -5 | Up de = (0p 


we obtain 
a®(Ax)®—a-+(1/h®)(Apz)? > 0. 


If this quadratic (in «) trinomial is positive for all «, the condition 


A(Ax)? (1/f2)(Ap,)? > 1 


or 


V{[(Ax)? (Apz)?] > ah (16.8a) 


must be fulfilled. 
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where ¢é is the operator of some physical quantity c. On the right-hand side 
of the equation the factor & is introduced in accordance with the fact that in 
the classical limit (i.e. as % > 0) all operators of physical quantities reduce 
to multiplication by these quantities and commute with one another. Thus, 
in the “‘quasi-classical” case, we can, to a first approximation, regard the right- 
hand side of equation (16.9) as being zero. In the next approximation, the 
operator ¢ can be replaced by the operator of simple multiplication by the 
quantity c. We then have 


fé—&f = —ihe. 
This equation is exactly analogous to the relation p,.x—xp, = —ih, the only 
difference being that, instead of the constant A, we have} the quantity fic. 


We can therefore conclude, by analogy with the relation AxAp, ~ fi, that 
in the quasi-classical case there is an uncertainty relation 


AfAg ~ fic (16.10) 


for the quantities f and g. 

In particular, if one of these quantities is the energy (f=) and the 
operator () of the other does not depend explicitly on the time, then by 
(9.2) c = g, and the uncertainty relation in the quasi-classical case is 


AEAg ~ hig. (16.11) 


t The classical quantity ¢ is the Poisson bracket of the quantities f and g; see the footnote in §9. 


CHAPTER III 


SCHRODINGER’S EQUATION 


§17. Schrodinger’s equation 


LET us now turn to determining the form of the Hamiltonian—a problem of 
the greatest importance, since its solution determines the form of the wave 
equation. 

We shall begin by considering one free particle, i.e. a particle which is not 
in any external field. Because of the complete homogeneity of space for such 
a particle, its Hamiltonian cannot explicitly contain the co-ordinates, and 
must be expressible in terms of the momentum operator only. Moreover, 
for a free particle both the energy and the momentum are conserved, and 
hence both these quantities can exist simultaneously. Since the value of the 
momentum vector completely determines the state of the particle, the eigen- 
values of the energy E must be expressible in the form of functions of the 
value of the momentum in the same state. Here E is a function only of the 
absolute value of the momentum, and not of its direction; this follows from 
the complete isotropy of space relative to the free particle, i.e. the equivalence 
of all directions in space. The actual form of the function E(p) is completely 
determined by the requirements of what is called Galileo’s relativity principle, 
which must hold in non-relativistic quantum mechanics just as much as in 
classical (non-relativistic) mechanics. As is found in mechanics,f this re- 
quirement leads to a quadratic dependence of the energy on the momentum: 
E = p?/2m, where the constant m is called the mass of the particle. 

If the relation E = p?/2m holds for every eigenvalue of the energy and 
momentum, the same relation must hold for their operators also: 


H = (1/2m)(p.2-+p/+),). (17.1) 
Substituting here from (15.2), we obtain the Hamiltonian of a freely moving 
particle in the form 
A = —(#2/2m)A, (17.2) 
where A = 0?/0x?-+4 02/dy2 4 02/022 is the Laplacian operator. 


If we have a system of non-interacting particles, its Hamiltonian is equal 
to the sum of the Hamiltonians of the separate particles: 


A = —t2 = (1/m)A, (17.3) 


(the sufhix a is the number of the particle; A, is the Laplacian operator in 
t See Mechanics, §4. 
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which the differentiation is with respect to the co-ordinates of the ath 
particle). 

The form of the Hamiltonian for a system of particles which interact with 
one another cannot be derived from the general principles of quantum mech- 
anics alone. It is found that it has in fact a form similar to that of HAMILTON’s 
function in classical mechanics: it is obtained by adding to the Hamiltonian 
of the non-interacting particles a certain function U(r,, fo, ... ) of their co- 
ordinates: 


H = —2h? X A,/m,+U(1,,r5)...). (17.4) 


The first term can be regarded as the operator of the kinetic energy and the 
second as that of the potential energy. The latter reduces to simple multipli- 
cation by the function U, and it follows from the passage to the limiting case 
of classical mechanics that this function must coincide with the one which 
gives the potential energy in classical mechanics. In particular, the Hamil- 
tonian for a single particle in an external field is 


H =§?/2m+ U(x, y, 2) = —(h2/2m)A+ U(x, y, 2), (17.5) 


where U(x, y, 2) is the potential energy of the particle in the external field. 

The eigenvalues of the kinetic energy operator are positive; this follows 
at once from the fact that this operator is equal to the sum of the squares 
of the operators of the momentum components with positive coefficients. 
Hence the mean value of the kinetic energy in any state is also positive. 

Substituting the expressions (17.2) to (17.5) in the general equation (8.1), 
we obtain the wave equations for the corresponding systems. We shall write 
out here the wave equation for a particle in an external field: 


th OV ot = —(h?/2m) AV + U(x, y, 2)¥. (17.6) 
The equation (10.2), which determines the stationary states, takes the form 
(h?/2m) Ads +[E—U(x, y, 2) ]p = 0. (17.7) 


The equations (17.6) and (17.7) were obtained by ScHRODINGER in 1926 and 
are called Schrédinger’s equations, with and without the time respectively. 
For a free particle, ScHRODINGER’s equation (17.7) has the form 


(H2/2m) Aws+ Eys = 0. (17.8) 


This equation has solutions finite in all space for any positive (or zero) value 
of the energy E. These solutions can be taken to be the common eigenfunc- 
tions (15.5) of the operators of the three momentum components. The com- 
plete wave functions of the stationary states will then have the form 


‘¥ = constant xe“C/MEHG Mt (EF — p2/2m), (17.9) 


Each such function describes a state in which the particle has a definite 
energy E and momentum p. This is a plane wave propagated in the direction 


3 
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of p and having an angular frequency E// and wavelength 27h/p (the latter 
is called the de Broglie wavelength of the particle). 

The energy spectrum of a freely moving particle is thus found to be con- 
tinuous, extending from zero to +00. Each of these eigenvalues (except 
E = 0) is degenerate, and the degeneracy is infinite. For there corresponds 
to every value of E, different from zero, an infinite number of eigenfunctions 
(17.9), differing in the direction of the vector p, which has a constant absolute 
magnitude. 

Let us enquire how the passage to the limit of classical mechanics occurs 
in SCHRODINGER’s equation, considering for simplicity only a single particle 
in an external field. Substituting in ScHRODINGER’s equation (17.6) the limit- 
ing expression (6.1) for the wave function, ‘Y = ae¢/™S, we obtain, on per- 
forming the differentiation, 

a neo. Vs)? af ONS al VS.Va Oe Ua =0 

ot j ot om 2m m ° 2m 
In this equation there are purely real and purely imaginary terms (we recall 
that S and a are real); equating each separately to zero, we obtain two 


equations 
2 


oS t$—(VS)P4U Aa=0 
Ct 2m ma awed 


Ga a 1 
—+—AS4+—VS.Va=0. 
ot 2m m 


Neglecting the term containing #? in the first of these equations, we obtain 
as 1 
—+—(VSP+U = 0, (17.10) 
ot 2m 


that is, the familiar classical Hamilton-Jacobi equation for the action S of a 
particle, as it should be. We see, incidentally, that, as h > 0, classical mech- 
anics is valid as far as quantities of the first (and not only the zero) order in 
h inclusive. 

The second equation obtained above, on multiplication by 2a, can be re- 


written in the form 

daz VS 

+dir(a ) = 0. (17.11) 
ot m 


This equation has an obvious physical meaning: a? is the probability density 
for finding the particle at some point in space ([¥|? = a); VS/u = p/u 
is the classical velocity v of the particle. Hence equation (17.11) is simply 
the equation of continuity, which shows that the probability density “moves” 
according to the laws of classical mechanics with the classical velocity v at 


every point. 


} The idea of a wave related to a particle was first introduced by L. pz BroGuE in 1924. 
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§18. The fundamental properties of Schrédinger’s equation 


The conditions which must be satisfied by solutions of SCHRODINGER’s 
equation are very general in character. First of all, the wave function must 
be single-valued and continuous in all space. The requirement of continuity 
is maintained even in cases where the field U(x, y, 2) itself has a surface of 
discontinuity. At such a surface both the wave function and its derivatives 
must remain continuous. Concerning the continuity of the derivatives, how- 
ever, it must be added that this does not hold if there is some surface beyond 
which the potential energy U becomes infinite. A particle clearly cannot 
penetrate at all into a region of space where U = 00, i.e. we must have 
ys = 0 everywhere in this region. The continuity of % means that y vanishes 
at the boundary of this region; the derivatives of ¢, however, in general are 
discontinuous in this case. 

If the field U(x, y, z) nowhere becomes infinite, then the wave function 
also must be finite in all space. The same condition must hold in cases where 
U becomes infinite at some point but does so only as 1/r8 with s < 2 (see 
also §35). | 

Let U,,;, be the least value of the function U(x, y, 2). Since the Hamil- 
tonian of a particle is the sum of two terms, the operators of the kinetic 
energy (7°) and of the potential energy, the mean value £ of the energy in any 
state is equal to the sum 74 U. But all the eigenvalues of the operator 7 
(which is the Hamiltonian of a free particle) are positive; hence the mean 
value T > 0. Recalling also the obvious inequality 0 > U.,;,, we find that 
E> Unin Since this inequality holds for any state, it is clear that it is valid 
for all the eigenvalues of the energy: 


| Hig 8 sare (18.1) 


Let us consider a particle moving in an external field which vanishes at 
infinity; we define the function U(x, y, 2), in the usual way, so that it vanishes 
at infinity. It is easy to see that the spectrum of negative eigenvalues of the 
energy will then be discrete, i.e. all states with E < 0 ina field which vanishes 
at infinity are bound states. For, in the stationary states of a continuous 
spectrum, which correspond to infinite motion, the particle reaches infinity 
(see §10); however, at sufficiently large distances the field may be neglected, 
the motion of the particle may be regarded as free, and the energy of a freely 
moving particle can only be positive. 

The positive eigenvalues, on the other hand, form a continuous spectrum 
and correspond to an infinite motion; for E > 0, ScHRODINGER’s equation 
in general has no solutions (in the field concerned) for which the integral 
J |e|? dV converges. 

Attention must be drawn to the fact that, in quantum mechanics, a particle 
in a finite motion may be found in those regions of space where EF < U; 

t However, it must be mentioned that, for some particular mathematical forms of the function 


U(x, y, 2) (which have no physical significance), a discrete set of values may be absent from the 
otherwise continuous spectrum. 
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the probability |:/|? of finding the particle tends rapidly to zero as the distance 
into such a region increases, yet it differs from zero at all finite distances. 
Here there is a fundamental difference from classical mechanics, in which 
a particle cannot penetrate into a region where U > E. In classical mechanics 
the impossibility of penetrating into this region is related to the fact that, 
for E < U, the kinetic energy would be negative, that is, the velocity would 
‘be imaginary, which is meaningless. In quantum mechanics, the eigen- 
values of the kinetic energy are likewise positive; nevertheless, we do not 
reach a contradiction here, since, if by a process of measurement a particle 
is localised at some definite point of space, the state of the particle is changed, 
as a result of this process, in such a way that it ceases in general to have any 
definite kinetic energy. 

If U(x, y, 2) > Oinall space (and U > Oat infinity), then, by the inequality 
(18.1), we have E, > 0. Since, on the other hand, for E > 0 the spectrum 
must be continuous, we conclude that, in this case, the discrete spectrum 
is absent altogether, i.e. only an infinite motion of the particle is possible. 

Let us suppose that, at some point (which we take as origin), U tends to 
— oo in the manner 

U x —ar-$ (a > 0). (18.2) 


We consider a wave function finite in some small region (of radius 7.) about 
the origin, and equal to zero outside this region. The uncertainty in the 
values of the co-ordinates of a particle in such a wave packet is of the order 
of 75; hence the uncertainty in the value of the momentum is ~ hi/r . The 
mean value of the kinetic energy in this state is of the order of h?/mr,?, and 
the mean value of the potential energy is ~ —«/r)*. Let us first suppose 
that s > 2. Then the sum 
h?/mr.2—«/r¢° 


takes arbitrarily large negative values for sufficiently small 75. If, however, 
the mean energy can take such values, this always means that the energy has 
negative eigenvalues which are arbitrarily large in absolute value. The mo- 
tion of the particle in a very small region of space near the origin corresponds 
to the energy levels with large |E|. The “normal” state corresponds to a 
particle at the origin itself, ie. the particle “falls” to the point r = 0. 

If, however, s < 2, the energy cannot take arbitrarily large negative values. 
The discrete spectrum begins at some finite negative value. In this case the 
particle does not “fall” to the centre. It should be mentioned that, in classical 
mechanics, the “fall’’ of a particle to the centre would be possible in principle 
in any attractive field (i.e. for any positive s). The case s = 2 will be specially 
considered in §35. 

Next, let us investigate how the nature of the energy spectrum depends on 
the behaviour of the field at large distances. We suppose that, as r -> 00, 
the potential energy, which is negative, tends to zero according to the power 
law (18.2) (r is now large in this formula), and consider a wave packet “filling” 
a spherical shell of large radius ry and thickness Ar < 79. Then the order 
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of magnitude of the kinetic energy is again h?/m(Ar)?, and of the potential 
energy, —a/ro*. We increase 79, at the same time increasing Ar, in such a 
way that Ar increases proportionally tory. If s < 2, then the sum f2/m(Ar)?— 
a/ro* becomes negative for sufficiently large rg. Hence it follows that there 
are stationary states of negative energy, in which the particle may be found, 
with a fair probability, at large distances from the origin. This, however, 
means that there are levels of arbitrarily small negative energy (it must be 
recalled that the wave functions rapidly tend to zero in the region of space 
where U > E). Thus, in this case, the discrete spectrum contains an infinite 
number of levels, which become denser and denser towards the level E = 0. 

If the field diminishes as —1/r* at infinity, with s > 2, then there are not 
levels of arbitrarily small negative energy. The discrete spectrum terminates 
at a level with a non-zero absolute value, so that the total number of levels is 
finite. 

SCHRODINGER’s equation (without the time) is real, as are the conditions 
imposed on its solution. Hence its solutions % can always be taken as real.f 
The eigenfunctions of non-degenerate values of the energy are automatically 
real, apart from the unimportant phase factor. For * satisfies the same 
equation as #, and therefore must also be an eigenfunction for the same value 
of the energy; hence, if this value is not degenerate, y and s5* must be essen- 
tially the same, i.e. they can differ only by a constant factor (of modulus unity). 
The wave functions corresponding to the same degenerate energy level need 
not be real, however, but by a suitable choice of linear combinations of them 
we can always obtain a set of real functions. 

The complete wave functions ¥ are determined by an equation in whose 
coefficients 7 appears. This equation, however, retains the same form if we 
replace ¢ in it by —é and at the same time take the complex conjugate. f 
Hence we can always choose the functions ’ in such a way that Y and Y* 
differ only by the sign of the time, a result which we know already from 
formulae (10.1) and (10.3). 

As is well known, the equations of classical mechanics are unchanged by 
time reversal, i.e. when the sign of the time is reversed. In quantum mechanics, 
the symmetry with respect to the two directions of time is expressed, as we 
see, in the invariance of the wave equation when the sign of t is changed and 
¥ is simultaneously replaced by Y*. However, it must be recalled that this 
symmetry here relates only to the equation, and not to the concept of 
measurement itself, which plays a fundamental part in quantum mechanics 
(as we have explained in detail in §7). 


§19. The current density 

In classical mechanics, the velocity of a particle is equal to its momentum 
divided by its mass. We shall show that the same relation holds in quantum 
mechanics, as we should expect. 


{ These assertions are not valid for systems in a magnetic field (see Chapter XV). 
} It is assumed that the potential energy U does not depend explicitly on the time: the system 
is either closed or in a constant (non-magnetic) field. 
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According to the general formula (9.2) for the differentiation of operators 
with respect to time, we have for the velocity operator © = ¢ 


% = (i/h)(Ar—rh). 
Using the expression (17.5) for H and formula (16.5), we obtain 
¢ = pjm. (19.1) 


Similar relations will clearly hold between the eigenvalues of the velocity 
and momentum, and between their mean values in any state. 

The velocity, like the momentum of a particle, cannot have a definite value 
simultaneously with the co-ordinates. But the velocity multiplied by an 
infinitely short time interval dt gives the displacement of the particle in the 
time dt. Hence the fact that the velocity cannot exist at the same time as 
the co-ordinates means that, if the particle is at a definite point in space at 
some instant, it has no definite position at an infinitely close subsequent 
instant. 

We may notice a useful formula for the operator f of the derivative, with 
respect to time, of some quantity f(r) which is a function of the radius vector 
of the particle. Bearing in mind that f commutes with U(r), we find 


f = (i/hi)(f—fHD) = (i]2mh)( Bf 78"). 
Using (16.4), we can write 
Bf = b . (fP-iAVS) = Bf .B—whP . VA, 
AB? = (Bf + ihVf).B = Bf -P+inVS PB. 
Substituting in the formula for f, we obtain the required expression: 
f =(1/2m)(p . Vf+ Vf -B). (19.2) 
Next, let us find the acceleration operator. We have 
¥ = (i/h)\(A9 — 912) = (mh) AB — pA) = (i/mh)\U — BU) 
(all the terms in H except U(r) commute with ). 
Using formula (16.4), we find 
my = —VU. (19.3) 


This operator equation is exactly the same in form as the equation of motion 
(NEWTON’s equation) in classical mechanics. 

The integral [ |'‘¥'|? dV, taken over some finite volume V, is the probability 
of finding the particle in this volume. Let us calculate the derivative of this 
probability with respect to time. We have 


d ov* ar i 
— { he) dV = { (vote) dV = - | (YA*Ve—P*AY) dV. 
dt ‘, ot at Ad 

V 
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Substituting here 
H = A* = —(i2/2m)A +U(x,y,2) 
and using the identity 
YA Y—PEAY = div (YVE*—P*VP), 
we obtain 


d 
= | trav =~ f aiviar, 
7 V 


where i denotes the vector 
i = (ih/2m)\(V¥V¥*—E*VP). (19.4) 


The integral of div i can be transformed by Gauss’s theorem into an integral 
over the closed surface S which boundst+ the volume V: 


d 
— | pepay =— | i. ae (19.5) 


It is seen from this that the vector i may be called the probability current density 
vector. The integral of this vector over a surface is the probability that the 
particle will cross the surface during unit time. The vector i and the prob- 
ability density ||? satisfy the equation 


a['|?/at-+-div i = 0, (19.6) 


which is analogous to the classical equation of continuity. 
Introducing the momentum operator, we can write the vector i in the form 


i = (1/2m)\(VpYv*-+_V* py), (19.7) 


It is useful to show how the orthogonality of the wave functions of 
states with different energies follows immediately from ScHRODINGER’S 
equation. Let ¥,, and %, be two such functions; they satisfy the equations 


—(?/2m) Aden + Ob, am Ena 
—(h?/ 2m) Ay,*+ Upn* i Entn*. 


We multiply the first of these by ¥,,* and the second by %, and subtract 
corresponding terms; this gives 


(En— n)Pmiptn® = (h?/ 2m) mApn* —Yn* Am) 
= (f?/2m) div (bm Vitn*—Yn*® Vbm)- 
If we now integrate both sides of this equation over all space, the right-hand 


+ The surface element df is defined as a vector equal in magnitude to the area df of the element 
and directed along the outward normal. 
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side, on transformation by Gauss’s theorem, reduces to zero, and we obtain 
(Em— n) | Pantha dV = 0, 


whence, by the hypothesis E,, # E,, there follows the required orthogonality 
relation 


| Umva® dV = 0. 


ScHRODINGER’s equation, in the general form His = Eis, can be obtained 
from the variational principle 


§20. The variational principle 


8 | w*(—Ey dq = 0. (20.1) 


Since % is complex, we can vary # and #* independently. Varying $*, we 
have 


| 8¢*(—Z)y dq = 0, 


whence, because 5y* is arbitrary, we obtain the required equation His = Ey. 
The variation of % gives nothing different. For, varying % and using the 
fact that the operator H is Hermitian, we have 


[ wT —2)3p dq = [ 34(H*—B)y* dq = 0, 


from which we obtain the complex conjugate equation H*p* = Ey*. 

The variational principle (20.1) requires an unconditional extremum of 
the integral. It can be stated in a different form by regarding EF as a Lagran- 
gian multiplier in a problem with the conditional extremum requirement 


8 i w*Ty dg = 0, (20.2) 
the condition being 
J Wp* dg = 1. (20.3) 


The least value of the integral in(20.2) (with the condition (20.3)) is the first 
eigenvalue of the energy, i.e. the energy E, of the normal state. The func- 
tion % which gives this minimum is accordingly the wave function yo of the 
normal state.t The wave functions #, (n > 0) of the other stationary states 
correspond only to an extremum, and not to a true minimum of the integral. 

In order to obtain, from the condition that the integral in (20.2) is a mini- 
mum, the wave function 1 and the energy Fi of the state next to the normal 
one, we must restrict our choice to those functions % which satisfy not only the 


+ In the rest of this section we shall suppose the wave functions ¢ to be real; they can always be 
so chosen (if there is no magnetic field). 
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normalisation condition (20.3) but also the condition of orthogonality with 
the wave function yy of the normal state: f yx) dg=0. In general, if the 
wave functions yo, 4, ... , %__y Of the first m states (arranged in order of in- 
creasing energy) are known, the wave function of the next state gives a mini- 
mum of the integral in (20.2) with the additional conditions 


[¥ dq = 1, | bm dg=0 (m=0,1,2,...,n—1). (20.4) 


We shall give here some general theorems which can be proved from the 
variational principle. 

The wave function #4 of the normal state does not become zero (or, as we 
say, has no nodes) for any finite values of the co-ordinates.{ In other words, 
it has the same sign in all space. Hence, it follows that the wave functions 
ib, (2 > 0) of the other stationary states, being orthogonal to #4, must have 
nodes (if ,, is also of constant sign, the integral { os, dg cannot vanish). 

Next, from the fact that %, has no nodes, it follows that the normal energy 
level cannot be degenerate. For, suppose the contrary to be true, and let 
#o, #q be two different eigenfunctions corresponding to the level Ey. Any 
linear combination cy+c’ps9’ will also be an eigenfunction; but by choosing 
the appropriate constants c, c’, we can always make this function vanish at 
any given point in space, i.e. we can obtain an eigenfunction with nodes. 

If the motion takes place in a bounded region of space, we must have 
% = 0 at the boundary of this region (see §18). To determine the energy 
levels, it is necessary to find, from the variational principle, the minimum 
value of the integral in (20.2) with this boundary condition. The theorem that 
the wave function of the normal state has no nodes means in this case that 
7% does not vanish anywhere inside this region. 

We notice that, as the dimensions of the region containing the motion 
increase, all the energy levels E,, decrease; this follows immediately from 
the fact that an extension of the region increases the range of functions which 
can make the integral a minimum, and consequently the least value of the 
integral can only diminish. 

The expression 


| $0p dq = [ [— E (H2/2ma yb Aay+ UP] dg 


for the states of the discrete spectrum of a particle may be transformed into 
another expression which is more convenient in practice. In the first term 
of the'integrand we write 


bAat = diva Vat) — (Va). 


t The proof of theorems concerning the zeros of eigenfunctions (see also §21) is given by M. A. 
LavrenT’Ev and L, A. LyusTernix, The Calculus of Variations (Kurs variatsionnogo ischislentya), 
2nd edition, chapter IX, Moscow 1950; R. Courant and D. Hitpert, Methods of Mathematical 
Physics, volume I, chapter VI, Interscience, New York 1953. 

¢ This theorem and its consequences are not in general valid for the wave functions of systems 
consisting of several identical particles (see footnote at the end of §63). 
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The integral of divg (Vays) over all space is transformed into an integral 
over an infinitely distant closed surface, and since the wave functions of the 
states of a discrete spectrum tend to zero sufficiently rapidly at infinity, this 
integral vanishes. ‘Thus 


[ pbb dq = [ [2 (/2ma)(Var)?-+ Up?) dg. (20.5) 


§21. General properties of motion in one dimension 


If the potential energy of a particle depends on only one co-ordinate (x), 
then the wave function can be sought as the product of a function of y and z 
and a function of x only. The former of these is determined by ScHR6- 
DINGER’s equation for free motion, and the second by the one-dimensional 
ScHRODINGER’s equation 

dy 2m 
pata U(x) ]b = 0. (21.1) 


Similar one-dimensional equations are evidently obtained for the problem of 
motion in a field whose potential energy is U(x, y, 2) = U1(x)+ Ue(y) + Ua(z), 
i.e. can be written as a sum of functions each of which depends on only one 
of the co-ordinates. In §§22-24 we shall discuss a number of actual examples 
of such “one-dimensional” motion. Here we shall obtain some general 
properties of the motion. 

We shall show first of all that, in a one-dimensional problem, none of the 
energy levels of a discrete spectrum is degenerate. ‘To prove this, suppose 
the contrary to be true, and let %, and #, be two different eigenfunctions 
corresponding to the same value of the energy. Since both of these satisfy 
the same equation (21.1), we have 


iby!" oy = (2m[h?)(U—E) = a", 
or yb — pe’, = 0 (the prime denotes differentiation with respect to x). 
Integrating this relation, we find 
$1'o—Yh2' = constant. (21.2) 


Since 4, = , = 0 at infinity, the constant must be zero, and so 


$1 po—Yrpe’ = 0, 
or a,’ vb, = Ya'/_. Integrating again, we obtain 4, = constant x ¥z, i.e. the 
two functions are essentially identical. 

The following theorem (called the oscillation theorem) may be stated for the 
wave functions y,,(x) of a discrete spectrum. The function %,(x) correspond- 
ing to the (n+1)th eigenvalue E,, (the eigenvalues being arranged in order of 
magnitude), vanishes times (for finitef values of x). 


T If the particle can be found only on a limited segment of the x-axis, we must consider the zeros 
of #,(x) within that segment. 
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We shall suppose that the function U(x) tends to finite limiting values as 
x -> +00 (though it need not be a monotonic function). We take the limiting 
value U(-+ 00) as the zero of energy (i.e. we put U(-+00) = 0), and we denote 
U(—o) by Ug, supposing that U; > 0. The discrete spectrum lies in the 
range of energy values for which the particle cannot move off to infinity; for 
this to be so, the energy must be less than both limiting values U(+00), 
i.e. it must be negative: 


E<0, (21.3) 


and we must, of course, have in any case E > U,,,,, i.e. the function U(x) 
must have at least one minimum with U,,;, < 0. 


Let us now consider the range of positive energy values less than U,: 
0<E<U, (21.4) 


In this range the spectrum will be continuous, and the motion of the particle 
in the corresponding stationary states will be infinite, the particle moving off 
towards x = +00. Itis easy to see that none of the eigenvalues of the energy 
in this part of the spectrum is degenerate either. To show this, it is sufficient 
to notice that the proof given above (for the discrete spectrum) still holds if 
the functions yx, #, are zero at only one infinity (in the present case they tend 
to zero as x > —0o). 

For sufficiently large positive values of x, we can neglect U(x) in Scur6- 
DINGER’S equation (21.1): 


ip! +-(2m|f2) Eb = 0. 
This equation has real solutions in the form of a stationary plane wave 
ys = acos(kx+8), (21.5) 


where a and 6 are constants, and the wave number k = p/h = »/(2mE)|i. 
This formula determines the asymptotic form (for x >+ 00) of the wave 
functions of the non-degenerate energy levels in the range (21.4) of the 
continuous spectrum. For large negative values of x, SCHRODINGER’s equation 
is 


p”—(2m|i?)\(Uy— Ey = 0. 
The solution which does not become infinite as x -> —o0 is 
b = bex®, where « = +/[2m(U,—B) fh. (21.6) 


This is the asymptotic form of the wave function as x -» —oo. Thus the 
wave function decreases exponentially in the region where E < U. 
Finally, for 
E>U, (21.7) 


the spectrum will be continuous, and the motion will be infinite in both 
directions. In this part of the spectrum all the levels are doubly degenerate. 
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This follows from the fact that the corresponding wave functions are deter- 
mined by the second-order equation (21.1), and both of the two independent 
solutions of this equation satisfy the necessary conditions at infinity (whereas, 
for instance, in the previous case one of the solutions became infinite as 
x -> —oo, and therefore had to be rejected). The asymptotic form of the 
wave function as x > +00 is 


pb = ayeh®+ aretha, (21.8) 


and similarly for x -» —oo. The term e*** corresponds to a particle moving 
to the right, and e~*** corresponds to one moving to the left. 

Let us suppose that the function U(x) is even [U(—x) = U(x)]. Then 
SCHRODINGER’s equation (21.1) is unchanged when the sign of the co- 
ordinate is reversed. It follows that, if 4(x) is some solution of this equation, 
then %(—x) is also a solution, and coincides with (x) apart from a constant 
factor: %(—x) = ob(x). Changing the sign of x again, we obtain (x) = 
c*yh(x), whence c= +1. Thus, for a potential energy which is symmetrical 
(relative to x = 0), the wave functions of the stationary states must be either 
even [f(—x) = ¥(x)] or odd [—(x) = —¢(x)].¢ In particular, the wave 
function of the ground state is even, since it cannot have a node, while an 
odd function always vanishes for x = 0 [4(0) = —4(0) = 0]. 

To normalise the wave functions of one-dimensional motion (in a continu- 
ous spectrum), there is a simple method of determining the normalisation 
coefficient directly from the asymptotic expression for the wave function for 
large values of |x|. 

Let us consider the wave function of a motion infinite in one direction, 
i.e. of a stationary state in the range (21.4) of the continuous spectrum. 
The normalisation integral diverges as x > 0o (as x > —oo, the function 
decreases exponentially, so that the integral rapidly converges). Hence, to 
determine the normalisation constant, we can replace % by its asymptotic 
value (for large positive x), and perform the integration, taking as the lower 
limit any finite value of x, say zero; this amounts to neglecting a finite quantity 
in comparison with an infinite one. We shall show that the wave function 
normalised by the delta function of p (the momentum of the particle at 
infinity) must have the asymptotic form (21.5) with a = 4/(2/r/hi), i.e. 


ny % >/(2/mh) cos(kx+-8) = 4/(1/2arh)[eter+0)4 e~tke+ ar), (21.9) 


Since we do not intend to verify the orthogonality of the functions corre- 
sponding to different p, on substituting the functions (21.9) in the normali- 
sation integral f %p*%»’ dx we shall suppose the momenta p to be arbitrarily 
close; we can therefore put 5 = 8’ (in general 6 is a function of p). Next, we 


+ In this discussion it is assumed that the stationary state is not degenerate, i.e. the motion is not 
infinite in both directions. Otherwise, when the sign of x is changed, two wave functions belonging 
to the energy level concerned may be transformed into each other. In this case, however, although 
the wave functions of the stationary states need not be even or odd, they can always be made so (by 
choosing appropriate linear combinations ofthe original functions). 
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retain in the integrand only those terms which diverge for p = p’; in other 
words, we omit terms containing the factor et#@+*)*, Thus we obtain 


J pti dx = (1/2sch) Cj gill! hae dy | erie di), 
0 0 


or 


| Pot ya: de = (1/2mhi) [ ef’ de, 


This integral, however, is identical with the normalisation integral for the 
wave function of free motion 


by = (20h) Petke, (21.10) 


which is normalised by the delta function of momentum (cf. (15.8)). 

The change to normalisation by the delta function of energy is effected, in 
accordance with (5.14), by multiplying %» by »/(dp/dE) = 1/+/v, where v is 
the velocity. Thus for free motion we have 


be = (2rhv) etka, (21.11) 
The probability current density in this wave is 
v|bx|? = 1/2crh. (21.12) 


Dividing the function (21.9) by +/v and using equation (21.12), we can 
formulate the following rule for the normalisation of the wave function for a 
motion infinite in one direction by the delta function of energy: having 
represented the asymptotic expression for the wave function in the form of 
a sum of two plane waves travelling in opposite directions, we must choose 
the normalisation coefficient in such a way that the probability current 
density in the wave travelling towards (or away from) the origin is 1/2zrh. 

Similarly, we can obtain an analogous rule for normalising the wave func- 
tions of a motion infinite in both directions. ‘The wave function will be 
normalised by the delta function of energy if the sum of the probability cur- 
rents in the waves travelling towards the origin from x = +00 and x = —0oo 
is 1/2h. 


§22. The potential well 


As a simple example of one-dimensional motion, let us consider motion in 
a square potential well, i.e. in a field where U(x) has the form shown in Fig. 1: 
U(x) = 0 for 0 <x <a, U(x) = U, for x <0 and x >a. It is evident 
a priori that for E < U, the spectrum will be discrete, while for E > U, 
we have a continuous spectrum of doubly degenerate levels. 

In the region 0 < x < a we have SCHRODINGER’s equation 


ip +(2m/f?) Ep = 0 (22.1) 


(the prime denotes differentiation with respect to x), while in the region 
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U(r) 
UY, 
a x 
Fic. 1 
outside the well 
b+ (2m/h?)(E— Up) = 0. (22.2) 


For x = 0 and x = a the solutions of these equations must be continuous 
together with their derivatives, while for x = +00 the solution of equation 
(22.2) must remain finite (for the discrete spectrum when EF < U,, it must 
vanish). 

For E < Us, the solution of equation (22.2) which vanishes at infinity is 


ys = constant xeTt**, where « = +/[(2m/h®)(U,—E)]; (22.3) 


the signs — and + in the exponent refer to the regions x > @ and x <0 
respectively. The probability ||? of finding the particle decreases exponen- 
tially in the region where E < U(x). Instead of the continuity of % and w’ 
at the edge of the potential well, it is convenient to require the continuity of 
~ and of its logarithmic derivative y’/s. Taking account of (22.3), we obtain 
the boundary condition in the form 


bp = Fr. (22.4) 


We shall not pause here to determine the energy levels in a well of arbitrary 
depth U, (see Problem 2), and shall analyse fully only the limiting case of 
infinitely high walls (Ug > 00). 

For Uy = ©, the motion takes place only between the points x = 0 and 
x = a and, as was pointed out in §18, the boundary condition at these points 
must be 


~=0. (22.5) 


(It is easy to see that this condition is also obtained from the general condition 
(22.4). For, when Uy -> 00, we have also « > o0 and hence y'/s > «0; 
since ’ cannot become infinite, it follows that 4 = 0.) We seek a solution 
of equation (22.1) inside the well in the form 


y =csin(kx+8), where k = »/(2mE/h?). (22.6) 


The condition % = 0 for x = 0 gives § = 0, and then the same condition for 


§22 The potential well 65 


x =a gives sin ka = 0, whence ka = nz, n being a positive integer,t or 
E,, = (n®h2/2ma\?, n= 1,2,3,.... (22.7) 


This determines the energy levels of a particle in a potential well. ‘The 
normalised wave functions of the stationary states are 


ty, = V(2/a) sin(anx/a). (22.8) 


From these results we can immediately write down the energy levels for a 
particle in a rectangular ‘‘potential box’’, i.e. for three-dimensional motion 
in a field whose potential energy U = Ofor0 <x <a,0<y<b,0<2<e 
and U = © outside this region. In fact, these levels are given by the sums 


ah? n? Ng? ns" 
En nny = (+a) (nm, Ng, Ng = 1, 2, 3, .. ) (22.9) 


and the corresponding wave functions by the products 


8 | mm, | 7M, | TMs 
Yn myn, = abe mT sa sa . (22.10) 


It may be noted that the energy Eo of the ground state is, by (22.7) or 
(22.9), of the order of /2/ml?, where J is the linear dimension of the region 
in which the particle moves. This result is in accordance with the uncertainty 
relation; when the uncertainty in the co-ordinate is ~/, the uncertainty in 
the momentum, and therefore the order of magnitude of the momentum 
itself, is ~A/l. The corresponding energy is ~ (h/1)?/m. 


PROBLEMS 


ProsLEM 1. Determine the probability distribution for various values of the momentum 
for the normal state of a particle in an infinitely deep square potential well. 


SoLuTION. The coefficients a(p) in the expansion of the function #, (22.8) in terms of the 
eigenfunctions (21.10) of the momentum are 


a(p) = | pop, dx = aH | sin( =» et mos dx. 


Calculating the integral and squaring its modulus, we obtain the required probability distri- 
bution: 


4rha pa 
—————_- cos’. 
(p2a® —7172hi?)? Qh 
PROBLEM 2. Determine the energy levels for the potential well shown in Fig. 2. 


SoLuTION. ‘The spectrum of energy values E < U,, which we shall consider, is discrete. 
In the region x < 0 the wave function is 


p= cen", where Kk, = V[(2m/h)(U,—E)], 


la(p)|? = 


¢ For n = 0 we should have ¢ = 0 identically. 
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U(x) 


U, 


Fic. 2 


while in the region x > a 
yo = coe", where kp = +/[(2m/h?)(U,—E)]. 
Inside the well (0 < x < a) we look for # in the form 
= csin(kx+8), where k=+/(2mE/h?). 
The condition of the continuity of 4’/~ at the edges of the well gives the equations 
Rcot 8 = « = \/[(2m/h®)U,—Fe], k cot(ha+8) = — Ky = —4/[(2m]h2)U,—}, 


or 


sin 8 = kh//(2mU,), sin(ka+8) = —Rhil/(2mU,). 
Eliminating 6, we obtain the transcendental equation 
ka = nn—sin“[kh|/(2mU,)]—sin-[Rhi|/(2mU,) ] (1) 


(where n = 1, 2, 3, ..., and the values of the inverse sine are taken between 0 and $7), whose 
roots determine the energy levels E = k?h?/2m. For each n there is in general one root; 
the values of 2 number the levels in order of increasing energy. 

Since the argument of the inverse sine cannot exceed unity, it is clear that the values of k 
can lie only in the range from 0 to ~/(2mU,/h?). The left-hand side of equation (1) increases 
monotonically with k, and the right-hand side decreases monotonically. Hence it is neces- 
sary, for a root of equation (1) to exist, that for k = +/(2mU,/h?) the right-hand side should 
be less than the left-hand side. In particular, the inequality 


av/(2mU,)/h > $n—sin-/(U,/U,), (2) 


which is obtained for n = 1, is the condition that at least one energy level exists in the well. 
We see that for given and unequal Uj, U, there are always widths a of the well which are so 
small that there is no discrete energy level. For U, = U,, the condition (2) is evidently always 
satisfied. 

For U, = U, = Usp (a symmetrical well), equation (1) reduces to 


sin“ [Ak/+/(2mU,)] = }(na—ka). (3) 
Introducing the variable € = $ka, we obtain for odd n the equation 
cos = +f, where y = (hi/a)«/(2/mU,), (4) 
and those roots of this equation must be taken for which tan £ > 0. For even n we obtain 
the equation . 
sin & = +y6, (5) 


and we must take those roots for which tan £ < 0. The roots of these two equations deter- 
mine the energy levels E = 2£?h?/ma?. ‘The number of levels is finite when y + 0. 
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In particular, for a shallow well in which Uo < h?/ma®, we have y > 1 and equation (5) 
has no root. Equation (4) has one root (with the upper sign on the right-hand side), 
£ x 1/y—1/2y8. Thus the well contains only one energy level, 


Eo =~ Up —(ma?/2h2)Up?, 


which is near the top of the well. 


PROBLEM 3. Determine the pressure exerted on the walls of a rectangular “potential 
box’’ by a particle inside it. 


SOLUTION. 'The force on the the wall perpendicular to the x-axis is the mean value of the 
derivative —@H/@a of the Hamilton’s function of the particle with respect to the length of 
the box in the direction of the x-axis. The pressure is obtained by dividing this force by the 
area bc of the wall. According to the formula derived in §11, Problem, the required mean 
value is found by differentiating the eigenvalue (22.9) of the energy. The result is 


p© = w®h2n,2/mabe. 


§23. The linear oscillator 


Let us consider a particle executing small oscillations in one dimension 
(what is called a Linear oscillator). The potential energy of such a particle 
is well known to be $mw*x?, where w is, in classical mechanics, the character- 


istic (angular) frequency of the oscillations. Accordingly, the Hamiltonian 
of the oscillator is 


HA =4 p2/m+ 4mox?, (23.1) 


Since the potential energy becomes infinite for x = +00, while its least 
value (at x = 0) is zero, it is clear from general principles that the energy 
spectrum of the oscillator is discrete and the energy values are positive. 

Let us determine the energy levels of the oscillator, using the matrix 
method}. We shall start from the ‘equations of motion” in the form (19.3); 
in this case they give 

£+w2x = 0. (23.2) 


In matrix form, this equation reads 


(#) mnTO*Lnn = 0. 


For the matrix elements of the acceleration we have, according to (11.8), 
(%)mn = 10mn(%)mn = —Omn?Xmn Hence we obtain 


(© mn? —W")X mn = 0. 


Hence it is evident that all the matrix elements x, vanish except those for 
which wmn = w Or wan = —w. We number all the stationary states so that 
the frequencies + w correspond to transitions n > n¥1, Le. wnat = to. 
Then the only non-zero matrix elements are Xn,n4l- 


ft This was done by Hetsenperc in 1925, before ScHRODINGER’s discovery of the wave equation. 
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We shall suppose that the wave functions #, are taken real. Since « is a real 
quantity, all the matrix elements x,,, are real. The Hermitian condition 
(11.10) now shows that the matrix x,,, is symmetrical: 


Xmn = Xam 
To calculate the matrix elements of the co-ordinate which are different 
from zero, we use the commutation rule 
L—KE = —ih/m, 
written in the matrix form 
(£2) mn—(*%) mn = —(th]) 5 mn- 
By the matrix multiplication rule (11.12) we hence have for m = n 


t » (eoniXniXin — XniwinXin) = 21 a wniknl? = —th/m. 


In this sum, only the terms with / = 1 + 1 are different from zero, so that 


we have 
(%n41,n)*—(n,%n-1)" = h/2mw. (23.3) 


From this equation we deduce that the quantities (x,,1,n)* form an arith- 
metic progression, which is unbounded above, but is certainly bounded 
below, since it can contain only positive terms. Since we have as yet fixed 
only the relative positions of the numbers 2 of the states, but not their abso- 
lute values, we can arbitrarily choose the value of m corresponding to the first 
(normal) state of the oscillator, and put this value equal to zero. Accordingly 
xo, must be regarded as being zero identically, and the application of equa- 
tions (23.3) with m = 0, 1, ... successively leads to the result 


(Xnn—1)? = nh/2mw. 


Thus we finally obtain the following expression for the matrix elements of 
the co-ordinate which are different from zero: 
Xana = Xan = V(nh[2me). (23.4) 


The matrix of the operator H is diagonal, and the matrix elements Hay 
are the required eigenvalues E, of the energy of the oscillator. To calculate 
them, we write 


Han = Eq = 4%) nn bor) nn] 
= 3m[ > 1a Xn Xin+w” 2 Xnl%in] 
=m} (women 
In the sum over /, only the terms with / = 11 are different from zero; 


+ We choose the indeterminate phases %, (see the third footnote to §11) so as to obtain the plus 
sign in front of the radical in all the matrix elements (23.4). Such a choice is always possible for a 
matrix in which only those elements are different from zero which correspond to transitions between 


states with adjacent numbers. 
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substituting (23.4), we obtain 


E, =(n+} lio, n=0,1,2,.... (23.5) 


Thus the energy levels of the oscillator lie at equal intervals of fiw from 
one another. The energy of the normal state (n = 0) is 4/iw; we call atten- 
tion to the fact that it is not zero. 

The result (23.5) can also be obtained by solving SCHRODINGER’s equation. 
For an oscillator, this has the form 


dy 2m - 
Sat a (E— dated = 0. (23.6) 


Here it is convenient to introduce, instead of the co-ordinate x, the dimension- 
less variable & by the relation 


£ = V/(mw/h)x. (23.7) 


Then we have the equation 
P+ [(2E/hw)— FP} = 0; (23.8) 


here the prime denotes differentiation with respect to é. 

For large £, we can neglect 2E/fw in comparison with €; the equation 
yp" = £5 has the asymptotic integrals 4 = e+#* (for differentiation of this 
function gives x’ = £%% on neglecting terms of order less than that of the 
term retained). Since the wave function ys must remain finite as E>+0, 
the index must be taken with the minus sign. It is therefore natural to make 
in equation (23.8) the substitution 


p = eFl2 y(é), (23.9) 


For the function x(£) we obtain the equation (with the notation (2E/iw)—1 = 
2n; since we already know that FE > 0, we have n > —}) 


x" —28y'+2ny = 0, (23.10) 


where the function y must be finite for all finite €,and for € +-+0o must not 
tend to infinity more rapidly than every finite power of é (in order that the 
function % should tend to zero). 

Such solutions of equation (23.10) exist only for positive integral (and 
zero) values of m (see §a of the Mathematical Appendices); this gives the 
eigenvalues (23.5) for the energy, which we know already. The solutions of 
equation (23.10) corresponding to various integral values of n are y = con- 
stant x H,(£), where H,(£) are what are called Hermite polynomials; these 
are polynomials of the nth degree in £, defined by the formula 


H,(€) = (—1)"ef de®’) /dén, (23.11) 
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Determining the constants so that the functions %, satisfy the normalisation 
condition 


[bee de =, 


we obtain (see (a.7)) 
ma\ V4 1 
Pr(x) = (— Ral) 
Thus the wave function of the normal state is 
box) = (mos|mh)'/4_-morer/2n, (23.13) 
It has no zeros for finite x, which is as it should be. 
By calculating the integrals f ntms dé, we can determine the matrix ele- 


e-mex/20H (xa/[me|hi}). (23.12) 


ments of the co-ordinate; this calculation leads, of course, to the same 
values (23.4). 

Finally, we shall show how the wave functions ¥%,, may be calculated by the 
matrix method. We notice that, in the matrices of the operators ¥-iwx, 
the only elements different from zero are 


(sti) nan = — (BIW) yg = —i/(Qeolin|m). (23.14) 


Using the general formula. (11.11), and taking into account the fact that 
1 = 0, we conclude that 


(£—ieox)y = 0. 
After substituting the expression 4 = —i(h/m)0/0x, we obtain the equation 
OYfo/Ox = —(mev|h)x}o, 
whose normalised solution is (23.13). And, since 
(F--iwx) bys = (%+1W%) nn athn = tV/(Zeohin/m) bn, 
we obtain the recurrence formula 


bn = V(mm|2cohin)[—(him) 8[8x-+-0x ns 


: (-3 : ef?/2 Setty )} 
/(2n)\ aé 4/(2n) dé aes 


when this is applied times to the function (23.13), we obtain the expression 
(23.12) for the normalised functions pn. 


PROBLEMS 
PRoBLEM 1. Determine the probability distribution of the various values of the momentum 
for an oscillator. 


SOLUTION. Instead of expanding the wave function of the stationary state in terms of the 
eigenfunctions of momentum, it is simpler in the case of the oscillator to start directly from 
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SCHRODINGER’s equation in the “p representation’’. Substituting in (23.1) the co-ordinate 
operator 2 = 1H0/0p (15.12), we obtain the Hamiltonian in the p representation, 

H = 3p?/m—1meh?0?/0p*. 


The corresponding ScHRODINGER’s equation Ha(p) = Ea(p) for the wave function a(p) in 
the p representation is 
da(p) 


a E P 0 
dp? tromal na) a 


This equation is of exactly the same form as (23.6); hence its solutions can be written down 
at once by analogy with (23.12) (replacing x+/(mw/f) in this formula by p/+/ (mwh)). Thus 
we find the required probability distribution to be 


! ; 2 
2"nla/ (meh) P /mon FT 2(p/+/{moohi}). 


PROBLEM 2. Determine the lower limit of the possible values of the energy of an oscillator, 
using the uncertainty relation (16.8a). 


la,(p)|? = 


SOLUTION. We have for the mean value of the energy of the oscillator 


E = Ymusts?+ 4pm > Jmu%(Ax)?+4(Ap)'/m, 
or, using the relation (16.8a), 
E> (Ap)?/2m-+ mw*h?/8(Ap)?. 


On determining the minimum value of this expression (regarded as a function of (Ap)*), we 
find the lower limit of the mean values of the energy, and therefore that of all possible values: 


E > thw. 


U(x) 


-A 
Fic. 3 


PROBLEM 3. Determine the energy levels for a particle moving ina field of potential energy 
(Fig. 3) 
U(x) = A(e-22*—2¢-47) 
(P. M. Morse). 


SOLUTION. The spectrum of positive eigenvalues of the energy is continuous (and the levels 
are not degenerate), while the spectrum of negative eigenvalues is discrete. 
SCHRODINGER’s equation reads 


dyh/dx®4 (2m/h?)\(E— Ae-2*4 2Ac-2@)y, — 0, 
We introduce a new variable 
2/(2mA 
2 2V 2m), 
ah 
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(taking values from 0 to 00) and the notation (we consider the discrete spectrum, so that 


E <0) 
= V(—2mE) ah, n= +/(2mA)lah—(s-+3). (1) 
SCHRGODINGER’s equation then takes the form 


yey+(— rn —_s y=0 


As £ —> 00, the function % behaves asymptotically as e+ 4, while as > 0 it is proportional to 
é+s, From considerations of finiteness we must choose the solution which behaves as e—#¢ 
as £—> © and as é5 as £-> 0. We make the substitution 


yb = e-#I?E640(2) 
and obtain for w the equation 
éw"’ +(2s+1—€)w'+nw = 0, (2) 


which has to be solved with the conditions that w is finite as  —> 0, while as £ -> 00, w tends 
to infinity not more rapidly than every finite power of £. Equation (2) is the equation for a 
confluent hypergeometric function (see §d of the Mathematical Appendices): 


= F(—n, 2s-+1, 2). 


A solution satisfying the required conditions is obtained for non-negative integral n (when 
the function F reduces to a polynomial). According to the definitions (1), we thus obtain 
for the energy levels the values 


E, = Al 1- Soa 7h mtn], 


where n takes positive integral values from zero to the greatest value for which »/(2mA)/ah > 
n+ (so that the parameter s is positive in accordance with its definition). ‘Thus the discrete 
spectrum contains only a limited number of levels. If ~/(2mA)/«h < 4, there is no discrete 
spectrum at all. 


U(x) 


-Uo 
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ProsBieM 4, The same as Problem 3, but with U = —U,/cosh? ax (Fig. 4). 


SOLUTION. The spectrum of positive eigenvalues of the energy is continuous, while that of 
negative values is discrete; we shall consider the latter. SCHRODINGER’s equation is 


ate 2m a Uy Vy =0 
we a= bs cosh?ax _—- 
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We put ¢ = tanh ay and use the notation 
e= /(—2mE)| ha, 2mUo/a2h? = s(s+1), 


gs e(-14,/[1+ =) 


2 
iz} aan 


This is the equation of the associated Legendre polynomials; it can be brought to hyper- 
geometric form by making the substitution ~ = (1—£2)¢/2 w(é) and temporarily changing 
the variable to u = }(1—é): 
u(1—u)w” +(e+1)(1—2u)w’ —(e—s)(e+s+ 1) = 0. 
The solution finite for § = 1 (i.e. for x = ©) is 
yo = (1—€)¢/2F[e—s, e+5+1, «+1, 4(1—£)]. 
If % remains finite for é = —1 (ie. for x = —00), we must have e—s = —n, where 


n= 0,1,2,...; then F is a polynomial of degree n, which is finite for € = —1. 
Thus the energy levels are determined by s—e = n, or 


Pe meee 4 8mU0\ 7? 
8m [- + +f eye )| ; 


There is a finite number of levels, determined by the condition ¢ > O, ie. n<s. 


obtaining 


d dy, 
gl o-P | +[+0- 


§24. Motion in a homogeneous field 


Let us consider the motion of a particle in a homogeneous external field. 
We take the direction of the field as the axis of x; let F be the force acting 
on the particle in this field. In an electric field of intensity E, this force is 
F = eE, where e is the charge on the particle. 

The potential energy of the particle in the homogeneous field is of the 


form U = —Fx-+ constant; choosing the constant so that U = 0 for x = 0, 
we have U = —Fx. Scur6pINceERr’s equation for this problem is 
dy /da®+ (2m/h2)(E-+Fx)p = 0. (24.1) 


Since U tends to +00 as x > —oo, and vice versa, it is clear that the energy 
levels form a continuous spectrum occupying the whole range of energy 
values EF from —oo to +00. None of these eigenvalues is degenerate, and | 
they correspond to motion which is finite towards x = —oo and infinite to- 
wards x = +00, 

Instead of the co-ordinate x, we introduce the dimensionless variable 


& = (4+ E/F)(2mF/h?)¥3, (24.2) 
Equation (24.1) then takes the form 
p+ Ep = 0. (24.3) 
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This equation does not contain the energy parameter. Hence, if we obtain a 
solution of it which satisfies the necessary conditions of finiteness, we at 
once have the eigenfunction for arbitrary values of the energy. 

The solution of equation (24.3) which is finite for all x has the form (see 
§b of the Mathematical Appendices) 


¥(£) = AP(—£), (24.4) 


where 
@(é) = Zs i cos(4ue-+u€) du 
vad 


is called the Airy function, while A is a normalisation factor which we shall 
determine below. 

As € > —oo, the function $(£) tends exponentially to zero. The asymp- 
totic expression which determines (€) for large negative values of € is (see 


(b.4)) 


A 
Me) = empl tle I (24.5) 
For large positive values of £, the asymptotic expression for #(£) is (see 


(b.5))t 
$(€) = Ag sin(3é?/?+ 32). (24.6) 


Using the general rule (5.4) for the normalisation of eigenfunctions of a 
continuous spectrum, let us reduce the function (24.4) to the form normalised 
by the delta function of energy, for which 


[wee de = 9(8"—2). (24.7) 


In §21 we gave a simple method of determining the normalisation coefficient 
by means of the asymptotic expression for the wave functions. Following 
this method, we represent the function (24.6) as the sum of two travelling 
waves: 


WE) ~ 4AE*/4 exp(i[§3E>?—I7]) +4487" exp(—1[36°—Fr)). 
The probability current density v|y|?, calculated from each of these two terms, 
must be 1/27: 
a/[2(E+Fx)/m](A/2é1/4)? = A®(2hF)/3/4m?28 = 1/2xh, 


whence we find 
(2m)1/8 
Gas, (24.8) 
qi /2f1 /6f;2 /3 


T It may be noted, by way of anticipation, that the asymptotic expressions (24.5) and (24.6) cor- 
respond to the quasi-classical expressions (47.1) and (47.4a) for the wave function. 
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PROBLEM 
Determine the wave functions in the p representation for a particle in a homogeneous field. 
SoLuTIon. The Hamiltonian operator in the p representation is 


A = p?/2m—ihF 9/dp, 


so that SCHRODINGER’s equation for the wave function a(p) has the form 


Solving this equation, we find the required functions 
arp) == (2rhF)-V2et nFXEp—v'jom), 


These functions are normalised by the condition 


co) 
a 


f aa*(p)ax(p) dp = 3(F'—B). 


—% 


§25. The transmission coefficient 


Let us consider the motion of particles in a field of the type shown in 
Fig. 5: U(x) increases monotonically from one constant limit (U = 0 as 
x —-> —0o0) to another (U = U, as x > +00). According to classical mech- 
anics, a particle of energy E < Uy, moving in such a field from left to right, 
on reaching such a “‘potential wall’, is “‘reflected” from it, and begins to move 
in the opposite direction; if, however, E > U4, the particle continues to 
move in its original direction, though with diminished velocity. In quantum 
mechanics, a new phenomenon appears: even for E > Up, the particle may 
be “reflected” from the potential wall. The probability of reflection must in 
principle be calculated as follows. 


Yon, 


ae omen eae es 


Fic. 5 


Let the particle be moving from left to right. For large positive values of 
x, the wave function must describe a particle which has passed ‘“‘above the 
wall”’ and is moving in the positive direction of #, i.e. it must have the asymp- 
totic form 


for x -> 00,  & Aetht, where ky = (1/h)4/[2m(E—U,)] (25.1) 


and A isa constant. To find the solution of SCHRODINGER’s equation which 
satisfies this boundary condition, we calculate the asymptotic expression for 
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* > —0O; it is a linear combination of the two solutions of the equation of 
free motion, i.e. it has the form 


for x > — 0, b & et4 Betk2, where k, = +/(2mE)/h. (25.2) 


The first term corresponds to a particle incident on the “wall” (we suppose 
# normalised so that the coefficient of this term is unity); the second term 
represents a particle reflected from the “wall”. The probability current 
density in the incident wave is k,, in the reflected wave k,|B|?, and in the 
transmitted wave k,|A|?. We define the transmission coefficient D of the par- 
ticle as the ratio of the probability current density in the transmitted wave 
to that in the incident wave: 


D = (ha/hy) Al?. (25.3) 


Similarly we can define the reflection coefficient R as the ratio of the density 
in the reflected wave to that in the incident wave. Evidently R= 1—D: 


R=|BP = 1—(k,/k,)| Al? (25.4) 


(this relation between A and B is automatically satisfied). 

If the particle moves from left to right with energy E < Ug, then &, is 
purely imaginary, and the wave function decreases exponentially as x > +00. 
The reflected current is equal to the incident one, i.e. we have “‘total reflec- 
tion” of the particle from the potential wall. We emphasise, however, that 
in this case the probability of finding the particle in the region where E < U 
is still different from zero, though it diminishes rapidly as x increases. 

In the general case of an arbitrary stationary state (with energy E > Uo), 
the asymptotic form of the wave function is given, both for x ->— oo and for 
x —> + 00, by a sum of waves propagated in each direction: 


= A,etkit+ By e-thiz for Xx > —O, 
p= Aye + Bre (25.5) 


gb = Agethst 4 Boe-ther for x —> +0. 


Since these expressions are asymptotic forms of the same solution of a linear 
differential equation, there must be a linear relation between the coefficients 
Aj, By and Ag, Bz. Let Az = «A1+ Bi, where «, f are constants (in general 
complex) which depend on the specific form of the field U(x). The corres- 
ponding relation for Bz can then be written down from the fact that Scur6- 
DINGER’S equation is real. This shows that, if % is a solution of a given 
SCHRODINGER’s equation, the complex conjugate function #* is also a solution. 
The asymptotic forms 


pe = Aytethiz4 Byxehixe for x >—o, 
be = Ake thet 4 Bowetkot for x > +00 


differ from (25.5) only in the nomenclature of the constant coefficients; we 
therefore have B.* = «B,* + BAi* or By = «*B, + B*Aj. Thus the coefficients 
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in (25.5) are related by equations of the form 
Ag = “41+ 8B, Bo = B*Ai+a*B}. (25.6) 


The condition of constant probability current along the x-axis leads to 


the relation 
Ry(|Ai|?—|Bil?) = &(|Aa|?—|Bel?). 


Expressing Ag, Be in terms of Aj, Bi by (25.6), we find 
|a|2—[B|2 = ky/Re. (25.7) 
Using the relation (25.6), we can show, in particular, that the reflection 
coefficients are equal (for a given energy E > Up) for particles moving in the 
positive and negative directions of the x-axis; the former case corresponds to 
putting By = 0 in (25.5), and the latter case to 4; = 0. The corresponding 
reflection coefficients are 
Ri = |Bi/Ai|? = [B*/a*/?, 
Re = |Ao/Bol? = |B/a*|?, 
whence it is clear that Ri = Ro. 


PROBLEMS 


PROBLEM 1. Determine the reflection coefficient of a particle from a rectangular potential 
wall (Fig. 6); the energy of the particle E > Us. 


u(x) 


Fic. 6 
SoLuTIon. Throughout the region x > 0, the wave function has the form (25.1), while in 


the region x < 0 its form is (25.2). The constants A and B are determined from the condi- 
tion that ¢% and dis/dx are continuous at x = 0: 


14B =A, k,(1—B) = 4A, 
A=2h/(kit+k), B= (Ry —Fa) (Ri +h). 
The reflection coefficientt is (25.4) 
R= (7) _ as 
Ry +h, Pitbe 


For E = U, (ky = 0), R becomes unity, while for E —> 00 it tends to zero as (U,,/4E)?. 


whence 


t In the limiting case of classical mechanics, the reflection coefficient must become zero. The 
expression obtained here, however, does not contain the quantum constant at all. This apparent 
contradiction is explained as follows. The classical limiting case is that in which the de Broglie 
wavelength of the particle A ~ fi/p is small in comparison with the characteristic dimensions of the 
problem, i.e. the distances over which the field U(x) changes noticeably. In the schematic example 
considered, however, this distance is zero (at the point x = 0), so that the passage to the limit cannot 
be effected. 
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PROBLEM 2. Determine the transmission coefficient fora rectangular potential barrier (Fig. 7). 
u(x) 


U, 


a 
Fic. 7 


SoLuTIon. Let E be greater than Uo, and suppose that the incident particle is moving from 
left to right. Then we have for the wave function in the different regions expressions of the 
form 


for x < 0, gb = the Ae tkx, 
for0 <x <a, = Beh.t+ B’ethz, 
for x > a, pb = Cetk,e 


(on the side x > a there can be only the transmitted wave, propagated in the positive direc- 
tion of x). The constants A, B, B’ and C are determined from the conditions of continuity 
of % and dy/dx at the points x = 0 and a. The transmission coefficient is determined as 
D = k,|C|?/k, = [C|?. On calculating this, we obtain 


4k 2h? 
DS ee, 
(ky2—k,2)? sin2ak,-+-4k 2h? 


For E < Up, k is a purely imaginary quantity; the corresponding expression for D is 
obtained by replacing ky by ixg, where fix, = »/[2m(U,—E)]: 


Ah 21,2 


Rhye xe2)? sinh?ax,+4h,22 
1 


PROBLEM 3. Determine the reflection coefficient for a potential wall defined by the formula 
U(x) = U/(1+e72*) (Fig. 5); the energy of the particle is E > U5. 


SOLUTION. SCHRODINGER’s equation is 


ds 2m - Uy 4 ‘ 
ae ek tees 


We have to find a solution which, as x > +0, has the form 
ys = constant x e.7, 
We introduce a new variable 
é = —e-ae 
(which takes values from — © to 0), and seek a solution of the form 
pb = E*iloa(E), 


where w(£) tends to a constant as £ —> 0 (i.e., as x > 0). For w(&) we find an equation of 
hypergeometric type: 


&(1—€) a" +(1 —2ck,/a)(1—£) eo’ + (hy? —,”) e/a? = 0, 
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which has as its solution the hypergeometric function 
w = F(i[k,—k,]/a,—i[k,+ke]/a,—2tk,/a+1, €) 
(we omit a constant factor). As £— 0, this function tends to 1, i.e. it satisfies the condition 


imposed. 
The asymptotic form of the function % as § -> — 00 (i.e. x > —0O) ist 


Wh me EAalaLCy(—E)M MNO CE) IE] = (—1)-Hale[Cyethit + Coe], 


where 


T(—2ik, Ja) E'(—2ike/oc-+ 1) 


* F(—ileyF he) fe) E(— (hey + Re) a+ 1) 
T'(2ik,/a)I'(—2ik,/a-+1) 


~ DG — Aa) [eV G(R, — ha) [ae 1) 


The required reflection coefficient is R = |C,/C,|?; on calculating it by means of the well- 
known formulae 


D(x+1) = «0(x), D(x) —x) = a/sin ax, 


we have 


a sinh{w(k,—,)/a] \? 
= (Gaeaoe 


For E = U, (kz = 0), R becomes unity, while for # — 00 it tends to zero as 


aU, \2 2m 
( ) eee tavemE) [an 
ah E 


In the limiting case of classical mechanics, R becomes zero, as it should. 


PROBLEM 4. Determine the transmission coefficient for a potential barrier defined by the 
formula 


U(x) = U,/cosh?ax 
(Fig. 8); the energy of the particle is E < U4. 


U(x) 


Fic. 8 


SOLUTION. 'The SCHRGDINGER’s equation is the same as that obtained in the solution of 
Problem 4, §23; it is necessary merely to alter the sign of Uo and to regard the energy E 
now as positive. .A similar calculation gives the solution 


p = (1—£*)-th2eP[ —tk/a—s, —tk/at+s+1, —tk/a+1, 4(1-—28)], (1) 


t See formula (e.6), in each of whose two terms we must take only the first term of the expansion, 
i.e. replace the hypergeometric functions of 1/z by unity. 
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where 


€ = tanh «x, k = /(2mE){h, 


=4(-4/[- See) 


This solution satisfies the condition that, as x — 00 (i.e. as € > 1, (1—€&) & 2e-2), the wave 
function should include only the transmitted wave (~e*). The asymptotic form of the 
wave function as x -> —0o (€ — —1) is found by transforming the hypergeometric function 
with the aid of formula (e.7): 


PGi) E(—i) 1 i) 
T(—9l(+s) P(—ik—9)1(—hts41) 


Taking the squared modulus of the ratio of coefficients in this function, we obtain the follow- 
ing expression for the transmission coefficient D =1 — R: 


D sinh?(zrk/«) 
~~ ginh®(ark/a)-+cos?[ dar V(1—8mU/fi2a2) | 
(if 8mUo/h202<1), or 


bret (2) 


Pie sinh?(zk/a) 
~~ sinh®(srk/a) + cosh?[4a /(8mU,/h®a2—1)] 


(if 8mU0/h?«2 > 1). The first of these formulae holds also for the case Uo < 0, i.e. when 
the particle is passing over a potential well instead of a potential barrier. It is interesting to 
note that in that case D = 1 if 1+8m|Uol/A?a? = (2n+1)2; thus, for certain values of the 
depth | Uo| of the well, particles passing over it are not reflected. This is evident from equation 
(2), where the term in e—*** vanishes for positive integral s. 


CHAPTER IV 


ANGULAR MOMENTUM 


§26. Angular momentum 

In §15, to derive the law of conservation of momentum, we have made use 
of the homogeneity of space relative to a closed system of particles. Besides 
its homogeneity, space has also the property of isotropy: all directions in it 
are equivalent. Hence the Hamiltonian of a closed system cannot change 
when the system rotates as a whole through an arbitrary angle about an 
arbitrary axis. It is sufficient, as in §15, to require the fulfilment of this con- 
dition for an infinitely small rotation. 

Let d¢ be the vector of an infinitely small rotation, equal in magnitude 
to the angle 5¢ of the rotation and directed along the axis about which the 
rotation takes place. The changes dr, (in the radius vectors r, of the par- 
ticles) in such a rotation are well known to be 


dr, = d—p x fg. 
An arbitrary function #(r,, rq, ....) is thereby transformed into the function 


Wr,+5r,,12.+5re,...) = P(r, 22; ... )+% org. Vat 
= (11,42, +E dep X rq. Va 
= (1+. zr, x Va)¥( Pe, ---)- 


The expression 
1+8¢p. x rx Vo 


can be regarded as the “operator of an infinitely small rotation”. The fact 
that an infinitely small rotation does not alter the Hamiltonian of the system 
is expressed (see §15) by the commutability of the “rotation operator” with 
the operator H. Since the operator of multiplication by unity commutes 
with any operator, while dep is a constant vector, this condition reduces to the 
relation 

(2 rx VoH—-A(z T,X Va) = 9, (26.1) 


which expresses a certain law of conservation. 

The ‘quantity whose conservation for a closed system follows from the 
property of isotropy of space is the angular momentum of the system. Thus 
the operator Zr, x V/, must correspond exactly, apart from a constant factor, 
to the total angular momentum of the system, and each of the terms r a Vea 
of this sum corresponds to the angular momentum of an individual particle. 
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The coefficient of proportionality must be put equal to —7A; this follows 
immediately, because then the expression for the angular momentum operator 
of a particle is —ifrx YY = rxpand corresponds exactly to the familiar 
classical expression rx p. Henceforward we shall always use the angular 
momentum measured in units of i. The angular momentum operator of a 
particle, so defined, will be denoted by i, and that of the whole system by L. 
Thus we have for the angular momentum component operators of a particle 
the expressions 


Al, = yp,—zp,, hl, = 2p,—xp,, hi, = xp,—ypz. (26.2) 


For a system which is in an external field, the angular momentum is in 
general not conserved. However, it may still be conserved if the field has a 
certain symmetry. ‘Thus, if the system is in a centrally symmetric field, all 
directions in space at the centre are equivalent, and hence the angular momen- 
tum about this centre will be conserved. Similarly, in an axially symmetric 
field, the component of angular momentum along the axis of symmetry is 
conserved. All these conservation laws holding in classical mechanics are 
valid in quantum mechanics also. 

In a system where angular momentum is not conserved, it does not have 
definite values in the stationary states. In such cases the mean value of the 
angular momentum in a given stationary state is sometimes of interest. It is 
easily seen that, in any non-degenerate stationary state, the mean value of the 
angular momentum is zero. For, when the sign of the time is changed, the 
energy does not alter, and, since only one stationary state corresponds to a 
given energy level, it follows that when ¢ is changed into —t the state of the 
system must remain the same. This means that the mean values of all 
quantities, and in particular that of the angular momentum, must remain 
unchanged. But when the sign of the time is changed, so is that of the angular 
momentum, and we have L = —L, whence it follows that L = 0. Thesame 
result can be obtained by starting from the mathematical definition of the 
mean value L as being the integral of 4*Lys. The wave functions of non- 
degenerate states are real (see the end of §18). Hence the expression 


L = —ih { (Zr. x Vaidg 


is purely imaginary, and since L must, of course, be real, it is evident that 


Let us derive the rules for commutation of the angular momentum operators 
with those of co-ordinates and linear momenta. By means of the relations 
(16.2) we easily find 


{L.,, x} = 0, 1,9} = 12, {i,, 3} = —ty, 
L,y} =0, {1,2} =ix, {Lx} = iz, (26.3) 
L,2} =0, {Lx} =ty, {hy} = —ix. 
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For instance, 


l.y—yle = (1/h)(p.—2b,)\y—y(yp.-—2f,)(1/h) 


= —(2/h){py,y} = 12. 
All the relations (26.3) can be written in tensor form as follows: 
{h,, 4} = tena, (26.4) 


where ¢,,, is the antisymmetric unit tensor of rank three,t and summation is 
implied over those suffixes which appear twice (called dummy suffixes). 

It is easily seen that a similar commutation rule holds for the angular 
momentum and linear momentum operators: 


l,p.} = temp. (26.5) 


By means of these formulae, it is easy to find the rules for commutation of 
the operators /,, /,, /, with one another. We have 


KiJ,-11,) = L.(%p.—«p,)—(zp.—xp, be 
= (,2—z1,)p,—x(lop.—P lz) 
= —iyp,+ixp, = ihl,. 
Thus 
l,l} =i, {1,13 = il, 1, = il, (26.6) 
or 
(hi, f} = tena). (26.7) 
Exactly the same relations hold for the operators L,, L,, L, of the total 


angular momentum of the system. For, since the angular momentum oper- 
ators of different individual particles commute, we have, for instance, 


ZhyZle— Thos Eay = X(loubor—hoelar) = 12 Lo 
Thus 
{L,, LB = iL.,, {L,, £3 = iL, {L,,£,} = iL,. (26.8) 


The relations (26.8) show that the three components of the angular momen- 
tum cannot simultaneously have definite values (except in the case where all 
three components simultaneously vanish: see below). In this respect the 
angular momentum is fundamentally different from the linear momentum, 
whose three components can simultaneously have definite values. 


} The antisymmetric unit tensor of rank three, ¢,x; (also called the unit axial tensor), is defined as a 
tensor antisymmetric in all three suffixes, with 123 = 1. It is evident that, of its 27 components, only 6 
are not zero, namely those in which the suffixes i, k, I form some permutation of 1,2,3. Suchacom- 
ponent is +1 if the permutation 1, k, | is obtained from 1, 2, 3 by an even number of transpositions 
of pairs of figures, and is —1 if the number of transpositions is odd. Clearly ejxiejzm = 281m, 
eikieixt = 6. The components of the vector C = AXB which is the vector product of the two vectors 
A and B can be written by means of the tensor eikt in the form 


C; = e%1A,Br. 
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From the operators £,, L,,, £, we can form the operator £,2+£,2+L,2, 
which can be regarded as the operator of the square of the modulus of the 
angular momentum vector, and which we denote by L?: 


QR? = £24£4+0,. (26.9) 
This operator commutes with each of the operators £,, L,, £,: 
27,3 =0, {13,£,3 =0, (14,2, =0. (26.10) 
Using (26.8), we have 
{L,7,L,3 = LAL, Lj+{La Lil. 
= —i(L,L,+L,L,), 
(L,,L,} =i(LL,+L,L,), 
{£2,L,} =0. 


Adding these equations, we have {L?,£,} = 0. Physically, the relations 
(26.10) mean that the square of the angular momentum, i.e. its modulus, can 
have a definite value at the same time as one of its components. 

Instead of the operators Lz, Ly it is often more convenient to use the 
complex combinations 


£.=L£,+if,, £ = L,-il,. (26.11) 


It is easily verified by direct calculation using (26.8) that the following 
commutation rules hold: 


(£,,£}=2L, {£23 =L,, 
(£,, £3 = -L., 
and it is also not difficult to see that 
£2 = £.f_4+£2-L, 
= f_£,4+£,2+f£,. (26.13) 


Finally, we shall give some frequently used expressions for the angular 
momentum operator of a single particle in spherical polar co-ordinates. 
Defining the latter by means of the usual relations 


(26.12) 


x=yrsinOcos¢d, y=rsin@sind, %=7cos8, 


we have after a simple calculation 


L=-i-, (26.14) 


a y 
i= evta( — +i cot o—). (26.15) 
20 ad 
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Substitution in (26.13) gives the squared angular momentum operator of the 
particle: 


1 @ 1 a 7) 
f= —-j; —__4.—__ (sino =) |. (26.16) 
sin?6 06? sin 00 06 


It should be noticed that this is, apart from a factor, the angular part of the 
Laplacian operator. 


§27. Eigenvalues of the angular momentum 

In order to determine the eigenvalues of the component, in some direction, 
of the angular momentum of a particle, it is convenient to use the expression 
for its operator in spherical polar co-ordinates, taking the direction in question 
as the polar axis. According to formula (26.14), the equation Jb = Jab can 
be written in the form 


—i Ob/ad = Ly. (27.1) 
b = f(r, der, 


where f(r, 6) is an arbitrary function of r and 6. If the function xb is to be single- 
valued, it must be periodic in ¢, with period 27. Hence we find+ 


1, =m, where m = 0,+1,+2,.... (27.2) 


Its solution is 


Thus the eigenvalues J, are the positive and negative integers, including 
zero. ‘The factor depending on ¢, which characterises the eigenfunctions of 
the operator /,, is denoted by 


Din(h) = (2er)-12etmd, (27.3) 


These functions are normalised so that 


[ ©n9(B)@m($) df = Sonn (27.4) 


The eigenvalues of the z-component of the total angular momentum of the 
system are evidently also equal to the positive and negative integers: 


L, = M, where M = 0,+1,42.... (27.5) 


(this follows at once from the fact that the operator L, is equal to the sum of 
the commuting operators & for the individual particles). 

Since the direction of the z-axis is in no way distinctive, it is clear that the 
same result is obtained for Lz, Ly and in general for the component of the 
angular momentum in any direction: they can all take integral values only. 
At first sight this result may appear paradoxical, particularly if we apply 
it to two directions infinitely close to each other. In fact, however, it must 


t The customary notation for the eigenvalues of the angular momentum component is m, which 
also denotes the mass of a particle, but this should not lead to any confusion, 
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be remembered that the only common eigenfunction of the operators 
Ex Ly, Ls corresponds to the simultaneous values 


L,=L, =L, =9; 


in this case the angular momentum vector is zero, and consequently so is its 
projection upon any direction. If even one of the eigenvalues L,, Ly, L, is 
not zero, the operators L,, L,,, £, have no common eigenfunctions. In other 
words, there is no state in which two or three of the angular momentum 
components in different directions simultaneously have definite values differ- 
ent from zero, so that we can say only that one of them is integral. 

The stationary states of a system which differ only in the value of L, have 
the same energy; this follows from general considerations, based on the 
fact that the direction of the z-axis is in no way distinctive. Thus the 
energy levels of a system whose angular momentum is conserved (and is not 
zero) are always degenerate.t 

Let us now look for the eigenvalues of the square L? of the angular momen- 
tum. We shall show how these values may be found, starting from the 
commutation conditions (26.8) only. We denote by yy the wave functions 
of the stationary states belonging to one degenerate energy level and distin- 
guished by the value of L, = M. Besides the energy, the square L? of the 
angular momentum also has a (single) definite value in these states. ] 

First of all, we note that since the difference 


fa = Last, 


is equal to the operator of the essentially positive physical quantity L,?+L,?, 
it follows that, for a given value of the squared angular momentum L? and 
any possible eigenvalue of the quantity L,, the inequality L? > L,?, or 


—-/Li<l,.<+vL, (27.6) 


must hold. Thus the possible values of L, (for a given L?) are bounded by 
certain upper and lower limits; we denote by L the integer corresponding 
to the greatest value of |L,]. 

Next, by applying the operator LL, to the eigenfunction yy of the 
operator [£, and using the commutation rule {L,, £3 = +L, (26.12), we 
obtain 


L,Libu = (Mx 1)L yr. 


+ This is a particular case of the general theorem, mentioned in §10, which states that the levels 
are degenerate when two or more conserved quantities exist whose operators do not commute. Here 
the components of the angular momentum are such quantities. 

t Here it is supposed that there is no additional degeneracy leading to the same value of the energy 
for different values of the squared angular momentum. This is true for a discrete spectrum (except 
for the case of what is called accidental degeneracy in a Coulomb field; see §36) and in general untrue 
for the energy levels of a continuous spectrum. However, even when such additional degeneracy is 
present, we can always choose the eigenfunctions so that they correspond to states with definite values 
of L?, and then we can choose from these the states with the same values of Eand L?. This is mathe- 
matically expressed by the fact that the matrices of commuting operators can always be simultaneously 
brought into diagonal form. In what follows we shall, in such cases, speak, for the sake of brevity, as 
if there were no additional degeneracy, bearing in mind that the results obtained do not in fact depend 
on this assumption, by what we have just said. 
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Hence we see that the function L..xu is (apart from a normalisation constant) 
the eigenfunction corresponding to the value M+1 of the quantity Lz; we 
can write 


Yu+1 = constant Liu, a = constant x Lay. (27.7) 
If we put M = L in the first of these equations, we must have identically 
Litt = 0, (27.8) 


since there is by definition no state M > L. Applying the operator L£_ 
to this equation and using the relation (26.13), we obtain 


L_Lydy, = (L2-£,2—L,)b, = 0. 


Since, however, the yy, are common eigenfunctions of the operators L? and 
L,, we have 


Ly, = Lz, Lb = L*hz, Libp > Libr, 
so that the equation found above gives 
L? = L(L+1). (27.9) 


Formula (27.9) determines the required eigenvalues of the square of the 
angular momentum; the number L takes all positive integral values, including 
zero. For a given value of L, the component L, = M of the angular momen- 
tum can take the values 


1, dees SoS Ce RN 68 (27.10) 


i.e. 2L+41 different values in all. The energy level corresponding to the 
angular momentumt+ L thus has (2L+41)-fold degeneracy. A state with 
angular momentum L = 0 (when all three components are also zero) is not 
degenerate; we notice that the wave function of such a state is spherically 
symmetric. This follows from the mere fact that, when acted on by the 
angular momentum operator, it becomes zero, i.e. it is unchanged as a result 
of any infinitely small rotation. 
For the angular momentum of a single particle we write formula (27.9) in 
the form 
2 = (1-41), (27.11) 


i.e. we denote the angular momentum of an individual particle by the small 
letter J. 

Let us calculate the matrix elements of the quantities Ly and Ly in a 
representation in which Lz and L2, as well as the energy, are diagonal 
(M. Born, W. HEISENBERG and P. JorpDAN 1926). First of all, we note that, 
since the operators L, and £, commute with the operator H, their matrices 
are diagonal with respect to the energy, i.e. all matrix elements for transitions 


t We shall often, for the sake of brevity, and in accordance with custom, speak of the “angular 
momentum L” of a system, understanding by this a momentum whose greatest possible component 
is L, 
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between states of different energy (and different angular momentum L) 
are zero. Thus it is sufficient to consider the matrix elements for transitions 
within a group of states with different values of M, corresponding to a single 
degenerate energy level. 

It is seen from formulae (27.7) that, in the matrices of the operators 
£4 and L_, only those elements are different from zero which correspond 
to transitions M+1—->M and M—1-—-M respectively. Taking this into 
account, we find the diagonal matrix elements on both sides of the equation 
(26.13), obtainingt 


L(L+1) = (£4)m,m-1(L-)mautMe—M. 
Noticing that, since the operators £, and L, are Hermitian, 


(L-)mam = (L+)*u,m-1 
we can rewrite this equation in the form 
\(L4)u,m—al? = L(L+1)—M(M—1) 
= (L—M+1)(L+M™), 
whencef 
(L+)umaa = (L-)m1,m 
= /[((L+M)(L—M+1)]. (27.12) 


Hence we have for the non-zero matrix elements of the quantities L, and L, 
themselves 


(L.)MM-1 (Lz)M_1,M = $V[(L+M)(L—-M+ 1)], (27 13) 
(L,)uama = —(Ly)mam = —HvV[(L+M\(L—-M+41)]. * 


In the corresponding formulae for the angular momentum of a particle, we 
must write /, m instead of L, M. 


§28. Eigenfunctions of the angular momentum 


The wave function of a particle is not completely determined when the 
values of 12 and /, are prescribed. This is seen from the fact that the expres- 
sions for the operators of these quantities in spherical polar co-ordinates 
contain only the angles @ and 4, so that their eigenfunctions can contain an 
arbitrary factor depending on 7. We shall here consider only the angular 
part of the wave function which characterises the eigenfunctions of the 


+ In the symbols for the matrix elements, we omit for brevity all suffixes with respect to which 
they are diagonal (including L). 

t The choice of sign in this formula corresponds to the choice of the phase factors in the eigenfunc- 
tions of the angular momentum. 
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angular momentum, and denote this by Yim(9, 4), with the normalisation 
condition 


J l¥iml® do = 1, 


where do = sin 6 déd¢ is an element of solid angle. 

We shall see that the problem of determining the common eigenfunctions 
of the operators i? and /, admits of separation of the variables @ and ¢, and 
these functions can be sought in the form 


Yim = ®,($)Orm(8), (28. 1) 


where ©,,($) are the eigenfunctions of the operator /,, which are given by 
formula (27.3). Since the functions ®,, are already normalised by the condi- 
tion (27.4), the ©,,, must be normalised by the condition 


) [©rm|? sin 6 dd = 1. (28.2) 
0 
The functions Y,,, with different J or m are automatically orthogonal: 
ona 
| Yi'm'* Yim sin 8 d0dd = SySpnm’, (28.3) 
00 


as being the eigenfunctions of angular momentum operators corresponding 
to different eigenvalues. The functions ®,,(¢) separately are themselves 
orthogonal (see (27.4)), as being the eigenfunctions of the operator /, cor- 
responding to different eigenvalues m of this operator. The functions @,,,(6) 
are not themselves eigenfunctions of any of the angular momentum operators : 
they are mutually orthogonal for different J, but not for different m. 

The most direct method of calculating the required functions is by directly 
solving the problem of finding the eigenfunctions of the operator 12 written 
in spherical polar co-ordinates (formula (26.16). The equation i24 — 1°ys is 
kd A 


TE ip. 
sind 06\" 20)" sintg age tT 


Substituting in this equation the form (28.1) for %, we obtain for the function 
© im the equation 


mney on) ao tll. 1)0;, = 0 (28.4 

sind d0\” dd) sintg ace o 

This equation is well known in the theory of spherical harmonics. It has 
solutions satisfying the conditions of finiteness and single-valuedness for 
positive integral values of J > |m|, in agreement with the eigenvalues of the 
angular momentum obtained above by the matrix method. The correspond- 
ing solutions are what are called associated Legendre polynomials P%(cos @) 
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(see §c of the Mathematical Appendices). Using the normalisation condition 
(28.2), we findt 


Orm(9) = (— 1) V[R(2I-+1)(1—m)l[(14+-m)!]P(cos8). (28.5) 
Here it is supposed that m > 0. For negative m, we use the definition 
OF »—[m| — (—1)"02)m|- (28.6) 


In other words, @im for m < 0 is given by (28.5) with |m| instead of m and 
the factor (— 1) omitted. For m = 0, the associated Legendre polynomials 
are called simply Legendre polynomials P;(cos 6); we have 


Oy = 1 V[4(21+1)]P(cos 4). (28.7) 


Thus the eigenfunctions of the angular momentum are mathematically 
just spherical harmonic functions normalised in a particular way. From (27.3) 
and (28.6) it is seen that functions differing in the sign of m are related by the 
equation 


(-)-"Y,-m = Yim*. (28.8) 


We shall make some remarks concerning the eigenfunctions of the angular 
momentum. For / = 0 (so that m = 0 also) this function reduces to a con- 
stant. In other words, the wave functions of the states of a particle with 
zero angular momentum depend only on 7, i.e. they have complete spherical 
symmetry. 

For a given m, the values of / starting from |m| denumerate the successive 
eigenvalues of the quantity / in order of increasing magnitude. Hence, from 
the general theory of the zeros of eigenfunctions (§21), we can deduce that the 
function ©,,, becomes zero for ]—|m| different values of the angle 6; in 
other words, it has as nodal lines ]—|m| “‘lines of latitude’ on the sphere. If 
the complete angular functions are taken with the real factors cos md or 
sin md instead oft etm, they have as further nodal lines |ml “‘lines of longi- 
tude’”’; the total number of nodal lines is thus /. 

Finally, we shall show how the functions ©,,, may be calculated by the 
matrix method. This is done similarly to the calculation of the wave func- 
tions of an oscillator in §23. We start from the equation (27.8): 


L,Y = 0. 


Using the expression (26.15) for the operator i, and substituting 
Yq, = (2s7)te”*O,(8), we obtain for Oy the equation 


d@,,/dé—I cot@ On = 0, 


+ The choice of the phase factor is not, of course, determined by the normalisation condition. 
The definition (28.5) used in this book is the most natural from the viewpoint of the theory of addition 
of angular momenta (see Chapter XIV). It differs by a factor 7! from the one usually adopted. 

+ Each such function corresponds to a state in which /z does not have a definite value, but can have 
the values --m with equal probability. 


§29 Matrix elements of vectors 91 
whence @;; = constant x sin/6. Determining the constant from the normali- 
sation condition, we find 

Ou = (—i) v[R(21+ 112-1 /1!) sin?6. (28.9) 

Next, using (27.12), we write 
LV = (l_) msi Yim 
= V¥[—m)(l+m+1)] Vin- 

A repeated application of this formula gives 


V[(l—m)Y/(l+-m)\] Yin = [(2)'}-2(_L A" Vy. 


The right-hand side of this equation is easily calculated by means of the 
expression (26.15) for the operator /.. We have 


L[f(A)eime] = elm sint-m6 d(f sin™)/d(cos 6). 


as 


A repeated application of this formula gives 
(LO, = e sin-™O d-™(sin! 8. Oy) /d(cos 6)—™, 


Finally, using these relations and the expression (28.9) for @,,, we obtain 
the formula 


Ir (l+il+-m)Iq 1 dem 
rn(@) = (iy, / on leo 19, (28.1 
inl) = (—i) 2(I—m)! | 21 sin"6 d(cose™ (28-10) 


which is the same as (28.5). 


§29. Matrix elements of vectors 


Let us again consider a closed system of particles;+ let f be any scalar 
physical quantity characterising the system, and f the operator corresponding 
to this quantity. Every scalar is invariant with respect to rotation of the 
co-ordinate system. Hence the scalar operator f does not vary when acted 
on by a rotation operator, i.e. it commutes with a rotation operator. We know, 
however, that the operator of an infinitely small rotation is the same, apart 
from a constant factor, as the angular momentum operator, so that 


{f, L.} = {f, Ly} = {f, L3 =0 (29.1) 
(and also {f, L?} = 0). 


From the commutability of f with the angular momentum operator it 
follows that, in a representation where L2 and L , are diagonal, the matrix of 
the quantity f will also be diagonal with respect to the suffixes LM. We 
shall conventionally denote by z all the remaining suffixes which define the 


+ All the results in this section are valid also for a particle in a centrally symmetric field (and in 
general whenever the total angular momentum of the system is conserved). 
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state of the system,and we shall show that the matrix elements f“™, are 
independent of the suffix M. To do this, we use the commutability of f with 
Ly: 

fL,-Lif = 0. 


Let us write down the matrix element of this equation corresponding to the 
transition n, L, M > n',L,M—1. ‘Taking into account the fact that the 
matrix of the quantity L, has only elements with n, L, M > n, L, M—1, we 
obtain 

feta Ls) git-a— (Li) ind sf neat. = 0, 
and since the matrix elements of the quantity L, are independent of the suffix 
n, we find 
whence it follows that all the quantities f"4™ for different M (the other 
suffixes being the same) are equal. 

Thus the matrix elements of the quantity f that are different from zero 
will be 

faim = fats | (29.2) 
where "4 denotes quantities depending on the values of the suffixes n, n’, L. 

If we apply this result to the Hamiltonian itself, we obtain our previous 
result that the energy of the stationary states is independent of M, ie. that 
the energy levels have (2L+-1)-fold degeneracy. 

Next, let A be some vector physical quantity characterising a closed 
system. When the system of co-ordinates is rotated (and, in particular, when 
the operator of an infinitely small rotation, i.e. the angular momentum opera- 
tor, is applied), the components of a vector are transformed into linear 
functions of one another. Hence, as a result of the commutation of the 
operators L, with the operators A,, we must again obtain components of the 
same vector, A;. The exact form can be found by noticing that, in the 
particular case where A is the radius vector of the particle, the formulae 
(26.3) must be obtained. Thus we find the commutation rules 


{L,, Az} =0, {Lz,Ay} =iA,, {L£,,A4 = -iAy, ... (29.3) 


(the remaining rules are obtained by cyclic permutation of the suffixes 
X,Y, %), OF 2 : 
{Li, Ax} = ieigyAy. (29.4) 


These relations enable us to obtain several results concerning the form 
of the matrices of the components of the vector A (M. Born, W. HEISENBERG 
and P. JorpAN 1926). First of all, it is possible to derive selection rules which 
determine the transitions for which the matrix elements can be different 
from zero. We shall not go through the fairly lengthy calculations here, 
however, since it will appear later (§107) that these rules are actually a direct 
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consequence of the general transformation properties of vector quantities 
and can be derived from the latter with hardly any calculation at all. Here 
_ we shall merely give the rules, without proof. 

The matrix elements of all the components of a vector can be different 
from zero only for transitions in which the angular momentum L changes by 
not more than one unit: 

L+>L or L+1. (29.5) 


There is a further selection rule which forbids transitions between any two 
states with L = 0. This rule is an obvious consequence of the complete 
spherical symmetry of states with angular momentum zero. 

The selection rules for the angular momentum component M are different 
for the different components of a vector: the matrix elements can be different 
from zero for transitions where M changes as follows: 


for A, = Azt+tAy, M—>M-1, 
for A_ = A,z—iAy, M—>M-+1, (29.6) 
for Az, M—>wM. 


Moreover, it is possible to determine a general form for the matrix elements 
of a vector as functions of the number M. These important and frequently 
used formulae are given here, also without proof, since they are actually 
a particular case of more general relations derived in §107 for any tensor 
quantities. 

The non-zero matrix elements of the quantity A, are given by the formulae 


M 


A,) 0h = ———_____—_Amb , 
(Ae)nrum V/(L(L+1)(2L+1)]} *”* 
L2— M2 
A;ytbM Jw mr 29.7 
( 2m »L-1,M L(2L—1)(2L+1) nm’, E71 ( ) 


L2— M2 
A,\*2-1,M -,/ An,L-1 | 
(4dnram L(2L—1)(2L+1) ™% 
Here the A?4, are quantitiest independent of M and related by the ‘‘Her- 
mitian” condition 


Anh, = (Aw L's, (29.8) 
which follows directly from the fact that the operator 4, is Hermitian. 


+t These quantities are sometimes called reduced matrix elements. The appearance in formulae 
(29.7) and (29.9) of denominators which depend on L is in accordance with the general notation used 
in §107. ‘The convenience of these denominators is shown, in particular, by the simple form of equation 
(29.12) for the matrix elements of the scalar product of two vectors. 

It may be noted for reference that for the vector L itself the reduced matrix elements are 


LE = y[L(L+2L+)}, Let =12, =0, 


since the matrix of Lz is diagonal with respect to L and the diagonal elements are equal to M. The 
same values are, of course, obtained from a comparison of formulae (29.9) and (27.12). 
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The matrix elements of the quantities A_ and A, are also determined by 
the A”4,. The non-zero matrix elements of A_ are 


nna [(E-M+1\L+M) 
(Anta -,/ L(L+1)(2L+1) ™ 2’ 
(A yepaest, = [EO MER) gat (29.9) 


“1-1,M “L(QL—1(2L+ 1)" -¥ 
_ LAM-NL+M) 


(A_)tf-1.Mo1 = ? . 
nim L(2L—1)(2L+1) "= 


The matrix elements of A; need not be written out separately: since Az 
and A, are real we have, using (11.9), 


(Ane = (ARAM I. (29.10) 


It is useful to notice a formula which expresses the matrix elements of a 
scalar A . B (where A, B are two vector physical quantities) in terms of the 
coefficients A”?,,, BY}, in formulae (29.7)(29.9); in applications such 
products are usually involved. The calculation is conveniently carried out 
by writing the operator A . B in the form 


A.B = (4,8. +4 B,)+A,B,. (29.11) 
It is evident a priori that the matrix of A . B (like that of any scalar) is diagonal 


with respect to Z and M. A calculation by means of formulae (29.7)-(29.9) 
gives the result 


; 1 4h 
(A.B, = > Ak BeE, (29.12) 


nL’ 


where L” takes the values L, L + 1. 


PROBLEMS 


PROBLEM 1. Determine the matrix elements (with respect to the eigenfunctions of the 
angular momentum) of a unit vector n along the radius vector of the particle. 


SOLUTION. The matrix elements of a polar vector for an individual particle are non-zero 
only for transitions / > [+1 (see §30). Their dependence on the quantum number m is given 
by the general formulae (29.7)-(29.9), so that it is sufficient to calculate the coefficient 
ns = (ni-1)* (corresponding to A,_, in those formulae). To do this, we can find, for 


example, the matrix element of mz = cos @ as follows: 


l WT 
I-1 11-,0 . 
—_ ny = (cos 70 >= O1-1,0* cosé., O10 sin 6 dé, 
J (21—1)(21 +1) J 


with the functions @j9 given by (28.7); the integral is calculated from formula (107.15) 
with ) = 1, lg = 1—1. The result is 
. i-1 . 
ny = t/1. 


PROBLEM 2. Average the tensor ninx— 45ix (where n is a unit vector along the radius vector 
of a particle) over a state where the magnitude ‘but not the direction of the vector 1 is given 
(i.e. J, is indeterminate). 
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SoLution., The required mean value is an operator which can be expressed in terms of 
the operator 1 alone. We seek it in the form 


nang ~ 38ix = alhih, + ib;—25y1(1+1)]; 


this is the most general symmetrical tensor of rank two with zero trace that can be formed 
from the components of 1. To determine the constant a we multiply this equation on the left 
by /; and on the right by /; (summing over i and k). Since the vector n is perpendicular to 
the vector Al = rxp, we have nifli = 0. The product hibihede = (12)? is replaced by its 
eigenvalue /?(/+1)?, and the product bibebii is transformed by means of the commutation 
relations (26.7) as follows: 


hibelih, = bbe, —ienabihh, 
= (2)2—hemh(hh,—ih) 
= (224 hemenmliln 
= (12)2-i2 
= 1%(141)2—K1+1) 
(using the fact that eixremxt = 28im). After a simple reduction we obtain the result 


a = —1/(21—1)(21+3). 


§30. Parity of a state 


Besides the parallel displacement of the co-ordinate system (used in §15) 
and the rotation of it (used in §26), there is another transformation which 
leaves unaltered the Hamiltonian of a closed system.f This is what is called 
the inversion transformation, which consists in simultaneously changing 
the sign of all the co-ordinates. In classical mechanics, the invariance of 
HAMILTON’s function with respect to inversion does not lead to a conser- 
vation law, but the situation is different in quantum mechanics. 

Let us denote by f the inversion operator; its effect on a function is to 
change the sign of all the co-ordinates. The invariance of H with respect to 
inversion means that 


Al-Ift = 0. (30.1) 
The operator f also commutes with the angular momentum operators: 
(LL .3 = f, Ly} = £,L,3 = 0, {f, L} =0 (30.2) 


(on inversion, both the co-ordinates themselves and the operators of differ- 
entiation with respect to them change sign, so that the angular momentum 
operators remain unchanged). 

It is easy to find the eigenvalues J of the inversion operator, which are deter- 
mined by the equation 


Tb = I. 


t The same is true of a system in a centrally symmetric field. 
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To do this, we notice that a double application of the operator / amounts to 
identity: no co-ordinate is altered. In other words, we have 


Ls = I%p = yp, ie. J? = 1, whence 
I=+1. (30.3) 


Thus the eigenfunctions of the inversion operator are either unchanged or 
change in sign when acted upon by this operator. In the first case, the wave 
function (and the corresponding state) is said to be even, and in the second 
it is said to be odd. 

The equation (30.1) thus expresses the ‘law of conservation of parity’’; 
if the state of a closed system has a given parity (i.e. if it is even, or odd), 
then this parity is conserved. 

The physical meaning of equations (30.2) is that the system can have defin- 
ite values of Z and M and, at the same time, a definite parity of its state. We 
can also say that all states differing only in the value of 17 have the same 
parity. This can be shown by starting from the relation 


L,f—IL, =0 


and proceeding in exactly the same way as in obtaining the result (29.2). 

When the inversion transformation is applied to scalar quantities, either 
they do not change at all (true scalars) or they change sign (what are called 
pseudoscalars).t If a physical quantity f is a true scalar, its operator com- 
mutes with J: 


Tf—fl =0. (30.4) 


It follows from this that, if the matrix of J is diagonal, then the matrix of 
f is diagonal with respect to the suffix which shows the parity of the state, i.e. 
only the matrix elements for transitions u > u and g —> g are not zero (the 
suffixes g and u denote even and odd states respectively). 

For the operator of a pseudoscalar quantity we have [f = —/ff, or 


Tf+fl =0; (30.5) 


I anticommutes with f. The matrix element of this equation for a transition 
g>gis 
Lag foo+ Seales = 9, 


and since I,, = 1 we have f,, = 0 (we omit all suffixes apart from that 
showing the parity). Similarly we find that f,,, = 0. Thus, in the matrix 
of a pseudoscalar quantity, only those elements can be different from zero 
which are non-diagonal with respect to the parity suffix (transitions with 
change of parity). 


+ An example of a pseudoscalar is the scalar product of an axial and a polar vector. 
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Similar results are obtained for vector quantities. ‘The operators of a 
polar vector} anticommute with f, and in their matrices (in a representation 
where f is diagonal) only the elements for transitions with change of parity 
are not zero. ‘The operators of an axial vector, however, commute with /, 
and their matrices have non-zero elements only for transitions without change 
of parity. 

It is useful to point out another method of obtaining these results. For 
example, the matrix element of a scalar f for a transition between states of 
opposite parity is the integral f,, = f ,,*/b, dg, where the function ip, Is 
even and y, is odd. When all the co-ordinates change sign, the integrand 
does so if f is a true scalar; on the other hand, the integral taken over all 
space cannot change when the variables of integration are re-named. Hence 
it follows that fg = —fiyg, ie. fyg = 0. 

Let us determine the parity of the state of a single particle with angular 
momentum J. The inversion transformation (x + —x,y > —y,z > —2) 
is, in spherical polar co-ordinates, the transformation 


r—>r, 0>7—-0, $—>a+¢. (30.6) 


The dependence of the wave function of the particle on the angle is given by 
the eigenfunction Y,,,, of the angular momentum, which, apart from a constant 
which is here unimportant, has the form Pj"(cos @)e"*. When ¢ is replaced 
by 7-+¢, the factor e* is multiplied by (—1)”, and when @ is replaced by 
a—Q9, Pj(cos 6) becomes P/™(—cos 6) = (—1)'-™P;™(cos 0). Thus the 
whole function is multiplied by (—1)! (independent of m, in agreement with 
what was said above), i.e. the parity of a state with a given value of / is 


I =(—1)). (30.7) 


We see that all states with even / are even, and all those with odd / are odd. 

A vector physical quantity relating to an individual particle can have non- 
zero matrix elements only for transitions with / > J or 1.1 (§29). Remem- 
bering this, and comparing formula (30.7) with what was said above regarding 
the change of parity in the matrix elements of vectors, we reach the result 
that the matrix elements of a polar vector are non-zero only for transitions 
with / -> /-+1, and those of an axial vector for transitions with ] -> 1. 


§31. Addition of angular momenta 


Let us consider a system composed of two parts whose interaction is weak. 
If the interaction is entirely neglected, then for each part the law of conserva- 
tion of angular momentum holds. The angular momentum L of the whole 
system can be regarded as the sum of the angular momenta L, and Leg of its 
parts. In the next approximation, when the weak interaction is taken into 


t Ordinary (polar) vectors change sign under the inversion transformation, whilst axial vectors 
(for instance, the vector product of two polar vectors) are unchanged by this transformation. 
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account, Li and Le are not exactly conserved, but the numbers ZL; and Le 
which determine their squares remain “‘good’”’ quantum numbers suitable for 
an approximate description of the state of the system. Regarding the angular 
momenta in a classical manner, we can say that in this approximation L, and 
Le rotate round the direction of L while remaining unchanged in magnitude. 

For such systems the question arises regarding the ‘law of addition” of 
angular momenta: what are the possible values of L for given values of Ly 
and Lg? 'The law of addition for the components of angular momentum is 
evident: since L, = L1,+L;, it follows that M = M,+Moe. There is no 
such simple relation for the operators of the squared angular momenta, how- 
ever, and to derive their ‘‘law of addition’’ we reason as follows. 

If we take the quantities L,?, L,?, L,,, L., as a complete set of physi- 
cal quantities,} every state will be determined by the values of the numbers 
L,, L,, M,, Mz. For given L, and L,, the numbers M, and M, take (2L,+1) 
and (2L,+1) different values respectively, so that there are altogether 
(2L,+1)(2L,+41) different states with the same L, and L,. We denote the 
wave functions of the states for this representation by $7, r,4.u,- 

Instead of the above four quantities, we can take the four quantities 
L,’, L,?, L?, L, as a complete set. Then every state is characterised by 
the values of the numbers L,, L,, L, M (we denote the corresponding wave 
functions by %, 7.7m). For given L, and L,, there must of course be 
(2L,+1)(2L,+1) different states as before, i.e. for given L, and L, the pair 
of numbers L and M must take (2Z,+1)(2L,+1) pairs of values. These 
values can be determined as follows. 

To each value of L, there correspond 2L +1 different possible values of M, 
from —Lto +L. The greatest possible value of © in the states ¢ (for given 
L, and L,) is M = L,+L,, which is obtained when M, = L, and M, = L,. 
Hence the greatest possible value of M in the states % is L,+Ls, and this is 
therefore the greatest possible value of L also. Next, there are two states d 
with M=L,+L,—1, namely those where M,=L,,M,=L,—1 and 
M, = L,—1, M, = L,. Consequently, there must also be two states & with 
this value of M; one of them is the state with L = L,+L, (and M = L—1), 
and the other is clearly that with L = L,+L2.—1 (and M=L). For the 
value M = L,+L,—2 there are three different states d, with the following 
pairs of values of M,, M,: (Ly, L,—2), (L,—1,L,—1), and (L,—2, L,). 
This means that, besides the values L = L,4+L,, L = L,+L,—1, the value 
DL = £,+0,—2 can occur. 

The argument can be continued in this way so long as a decrease of M by 
1 increases by 1 the number of states with a given M. It is easily seen that 
this is so until M reaches the value |L1—L2|. When M decreases further, the 
number of states no longer increases, remaining equal to 222+ 1 (if Lz < Ly). 
Thus |£;—Lo| is the least possible value of L, and we arrive at the result 


t Together with such other quantities as form a complete set when combined with these four. 
These other quantities play no part in the subsequent discussion, and for brevity we shall ignore 
them entirely, and conventionally call the above four quantities a complete set. 
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that, for given LZ; and Le, the number L can take the values 
L = L,+Ly,L,+L,—1, ..., |Ly—Ll, (31.1) 


that is 2L,+1 different values altogether (supposing that L, <Z,). It is 
easy to verify that we do in fact obtain (2L,+1)(2L,+1) different values of 
the pair of numbers M, L. Here it is important to note that, if we ignore 
the 2L+1 values of M for a given L, then only one state will correspond to 
each of the possible values (31.1) of L. 

This result can be illustrated by means of what is called the vector model. 
If we take two vectors L,, L, of lengths Z, and L,, then the values of L are 
represented by the integral lengths of the vectors L which are obtained by 
vector addition of L, and L,; the greatest value of L is L,+L,, which is 
obtained when L, and L, are parallel, and the least value is |L,—L,|, when 
L, and L, are antiparallel. 

The addition rule for angular momenta which we have obtained also makes 
it possible, of course, to add any number (more than two) of angular momenta 
by successive applications of this rule. 

In states with definite values of the angular momenta L,, L, and of the 
total angular momentum J, the scalar products L, . L,, L.L, and L. L, also 
have definite values. These values are easily found. To calculate L, . L,, 
we write L = L,+L, or, squaring and transposing, 


2b, .L, =Le-Le-Lz. 


Replacing the operators on the right-hand side of this equation by their 
eigenvalues, we obtain the eigenvalue of the operator on the left-hand side: 


L, Ly = HL(L41)—Ly(Ly41)—Lo(LetV)}. (31.2) 
Similarly we find 
LL, = HLL41) +L (L,4)—Ly(Lyt Y}. (31.3) 


Let us now determine the ‘‘addition rule for parities”. As we know, the 
wave function ’ of a system consisting of two independent parts is the pro- 
duct of the wave functions V’, and ‘, of these parts. Hence it is clear that, if 
the latter are of the same parity (i.e. both change sign, or both do not 
change sign, when the sign of all the co-ordinates is reversed), then the 
wave function of the whole system is even. On the other hand, if Y, and 
‘, are of opposite parity, then the function V is odd. 

This rule can, of course, be generalised at once to the case of a system 
composed of any number x of non-interacting parts. If these parts are in 
states with definite parities determined by the corresponding eigenvalues 
I; = +1 of the operator f, then the parity J of the state of the whole system 
is given by the product 


I =1,]y... Ip. (31.4) 
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In particular, if we are concerned with a system of particles in a centrally 
symmetric field (the mutual interaction of the particles being supposed weak), 
then J; = (—1)', where J, is the angular momentum of the ith particle 
(see (30.7)), so that the parity of the state of the whole system is given by 


I = (—1)i4t-4,, (31.5) 


We emphasise that the exponent here contains the algebraic sum of the 
angular momenta /,, and this is not in general the same as their “vector sum”, 
i.e. the angular momentum L of the system. 

If a closed system disintegrates (under the action of internal forces), the 
total angular momentum and parity must be conserved. This circumstance 
may render it impossible for a system to disintegrate, even if this is energetic- 
ally possible. 

For instance, let us consider an atom in an even state with angular momen- 
tum L = 0, which is able, so far as energy considerations go, to disintegrate 
into a free electron and an ion in an odd state with the same angular momen- 
tum L = 0. It is easy to see that in fact no such disintegration can occur 
(it is, as we say, forbidden). For, by virtue of the law of conservation of angu- 
lar momentum, the free electron would also have to have zero angular momen- 
tum, and therefore be in an even state (J = (—1)° = +1); the state of the 
system ion +electron would then be odd, however, whereas the original state 
of the atom was even. 


CHAPTER V 


MOTION IN A CENTRALLY SYMMETRIC FIELD 


§32. Motion in a centrally symmetric field 


THE problem of the motion of two interacting particles can be reduced in 
quantum mechanics to that of one particle, as can be done in classical mech- 
anics. The Hamiltonian of the two particles (of masses mm, ms) interacting in 
accordance with the law U(r) (where 7 is the distance between the particles) 
is of the form 
2 2 
H = Re es U(r), (32.1) 
2m, 2m, 
where A; and Ag are the Laplacian operators with respect to the co-ordinates 
of the particles. Instead of the radius vectors r, and r, of the particles, we 
introduce new variables R and r: 


r=r—r,, R= (mr, +m,r,)/(m,+m,); (32.2) 


r is the vector of the distance between the particles, and R the radius vector 
of their centre of mass. A simple calculation gives 


beeen ra EX 
ees ——A+U(r), 32.3 
2(m,-+m,) 2m Be ge 


where Ap and A are the Laplacian operators with respect to the components 
of the vectors R and r respectively, m,+-mz, is thetotal mass of the system, and 
m = mm2|(m,+mz) is what is called the reduced mass. Thus the Hamiltonian 
falls into the sum of two independent parts. Hence we can look for (11, Te) 
in the form of a product (R)¥(r), where the function ¢(R) describes the mo- 
tion of the centre of mass(as a free particle of mass m,+-m,), and “b(r) describes 
the relative motion of the particles (as a particle of mass m moving in the cen- 
trally symmetric field U(r)). 

SCHRODINGER’s equation for the motion of a particle in a centrally sym- 
metric field is 


Abt (2m/h?)[E—U(r)p = 0. (32.4) 
Using the familiar expression for the Laplacian operator in spherical polar 
co-ordinates, we can write this equation in the form 
= ie ne) +sle5 = (sin ot aan x Fait U(r)]% = 0. 
r? or\ @r/ r*Lsind 00 06/  sin?@ a¢%@] hh? (32.5) 
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If we introduce here the operator 1? (26.16) of the squared angular momentum 
we obtaint 


of 
-[-35("%) tap ]+-0009 - By. (32.6) 
ry? Or 

The angular momentum is conserved during motion in a centrally sym- 
metric field. We shall consider stationary states in which 12 and Ll, have 
definite values. In other words, we shall seek the common eigenfunctions 
of the operators H, {2 and /,. 

The requirement that % is an eigenfunction of the operators {2 and /, 


determines its angular dependence. We thus seek solutions of equation 
(32.6) in the form 


# = R)Yin(4, 9); (32.7) 


where the functions Y,,,(0,¢) are defined by the formulae of §28. 
Since 2 Y,,, = U1+1)V im, we obtain for the radial function R(r) the equa- 
tion 


cy 
. 55(5 ~)-~ Rye U(n)]R =0. (32.8) 


We note that this equation does not contain the value of 1, = m at all, in 
accordance with the (2/+1)-fold degeneracy of the levels, with which we are 
already familiar. 
Let us investigate the radial part of the wave functions. By the substitu- 
tion 
RY) = x(*)/r (32.9) 


equation (32.8) is aie to the form 
Ii+1 
+ [Seu ne x =0. (32.10) 


If the potential energy U(r) is everywhere finite, the wave function % must 
also be finite in all space, including the origin, and consequently so must its 
radial part R(r). Hence it follows that y(r) must vanish for r = 0: 


x(0) =0. (32.11) 
tT If we introduce the operator of the radial component pr of the linear momentum, in the form 
; 12 fa 
Pip = —th- (rp) = —ih{ —+- }f, 
r Or Or r 
the Hamiltonian can be written in the form 


H = (1/2m)(6,2-+ 24/12) U(r), 


which is the same in form as the classical HaMILTON’s function in spherical polar co-ordinates. 
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This condition actually holds also (see §35) for a field which becomes infinite 
asr > 0. 

The normalisation condition for the radial function R(r) is determined by 
the integral { |R|?7? dr, and therefore that for the function x(r) is determined 
by the integral [ |x|? dr. 

Equation (32.10) is formally identical with ScHRODINGER’s equation for 
one-dimensional motion in a field of potential energy 


h2 W141 
U(r) = sO ay ot) 


: (32.12) 


r2 


which is the sum of the energy U(r) and a term 
WU(141)/2mr? = F212/2mr?, 


which may be called the centrifugal energy. Thus the problem of motion ina 
centrally symmetric field reduces to that of one-dimensional motion in a 
region bounded on one side (the boundary condition for r = 0). 

In one-dimensional motion in a region bounded on one side, the energy 
levels are not degenerate (§21). Hence we can say that, if the energy is given, 
the solution of equation (32.10), i.e. the radial part of the wave function, is 
completely determined. Bearing in mind also that the angular part of the 
wave function is completely determined by the values of J and m, we reach 
the conclusion that, for motion in a centrally symmetric field, the wave func- 
tion is completely determined by the values of FE, ] and m. In other words, 
the energy, the squared angular momentum and the z-component of the 
angular momentum together form a complete set of physical quantities for 
such a motion. 

The reduction of the problem of motion in a centrally symmetric field to a 
one-dimensional problem enables us to apply the oscillation theorem (see 
§21). We arrange the eigenvalues of the energy (discrete spectrum) for a 
given / in order of increasing magnitude, and give them numbersm,, the lowest 
level being given the number 2, = 0. Then n, determines the number of 
nodes of the radial part of the wave function for finite values of r (excluding 
the point r = 0). The number 2; is called the radial quantum number. The 
number / for motion in a centrally symmetric field is sometimes called the 
azimuthal quantum number, and m the magnetic quantum number. 

There is an accepted notation for states with various values of the angular 
momentum / of the particle: they are denoted by Latin letters, as follows: 


1=01234567... 

spdfghik.. 
The normal state of a particle moving in a centrally symmetric field is 
always the s state; for, if 7 4 0, the angular part of the wave function in- 


variably has nodes, whereas the wave function of the normal state can have 
no nodes. We can also say that the least possible eigenvalue of the energy, 
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for a given J, increases with J. This follows from the fact that the presence 
of an angular momentum involves the addition of the essentially positive 
term //(1+-1)/2mr?, which increases with /, to the Hamiltonian. 

Let us determine the form of the radial function near the origin. Here 
we shall suppose that 


‘ 2 
lim U(r)r? = 0. 


We seek R(r) in the form of a power series in 7, retaining only the first term 
of the series for small 7; in other words, we seek R(r) in the form R = con- 
stant X7*. Substituting this in the equation 


d(r? dR/dr)/dr—U(1-+-1)R = 0, 


which is obtained from (32.8) by multiplying by r? and taking the limit as 
r - 0, we find 
s(s+-1) = I(1+-1). 
Hence 
s=l1 or s = —(/+1). 


The solution with s = —(J+1) does not satisfy the necessary conditions; 
it becomes infinite for r = 0 (we recall that / > 0). Thus the solution with 
s = / remains, i.e. near the origin the wave functions of states with a given / 
are proportional to r!: 


R, = constant xr’, (32.13) 


The probability of a particle’s being at a distance between r and r+-dr from 
the centre is determined by the value of 7?|R|? and is thus proportional to 
rit), We see that it becomes zero at the origin the more rapidly, the 
greater the value of J. 


§33. Free motion (spherical polar co-ordinates) 
The wave function of a freely moving particle 


op» = constant xet/Ap.r 


describes a stationary state in which the particle has a definite momentum p 
(and energy E = p?/2m). Let us now consider stationary states of a free 
particle in which it has a definite value, not only of the energy, but also of the 
absolute value and component of the angular momentum. Instead of the 
energy, it is convenient to introduce the wave number 


k = plh = V(2mE)/h. (33.1) 


The wave function of a state with angular momentum / and projection 
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thereof m has the form 
Prim = Ril) Yim(9, ?), (33.2) 


where the radial function is determined by the equation 


2 ldi+1 
Ru +R’ + [ a : : a =0 (33.3) 


Tr 


(equation (32.8) with U(r) = 0). The wave functions ¢ pm satisfy the condi- 
tions of normalisation and orthogonality: 


| Prem sim AV = 88mm 5(k’—R). 


The orthogonality for different J, J’ and m, m’ is ensured by the angular func- 
tions. The radial functions must be normalised by the condition 


| PRy Ry dr = 8(k'—R). (33.4) 
) 
If we normalise the wave functions, not on the “ scale’, but on the “energy 
scale’, i.e. by the condition 


| PRe Rm, dr = o(E'—B), 


0 


then, by the general formula (5.14), we have 


Ry = RyV(dk/dE) = (1/h) V(m/k) Ry. (33.5) 
For / = 0, equation (33.3) can be written 
d?(7rRxo) 
ra trig = 05 
its solution finite for r = 0 and normalised by the condition (33.4) is (cf. 
(21.9)) 
2 sinkr 
Rw = J- (33.6) 
7 Fr 


To solve equation (33.3) with 1 ¢ 0, we make the substitution 
Ra = xa (33.7) 
For x;; we have the equation 
Xer F214 Nyaa 7+ xe = 0. 
If we differentiate this equation with respect to 7, we obtain 


sn 2) 241), 
Xe’ -+——Xin +[#— = Jew = 0. 


r r 
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By the substitution x,,' = ry, 141 it becomes 


2(1+-2) 


r 


Xeata + Xk,lt41 +R xpu = 0, 


which is in fact the equation satisfied by x k,t41: Lhus the successive func- 
tions x,; are related by 


Xithy = Xu /7, (33.8) 


1d\? 
Xn = (- =) Xk0» 
where xx%9 = Ryo is determined by formula (33.6) (this expression can, of 
course, be multiplied by an arbitrary constant). 


Thus we finally have the following expression for the radial functions in 
the free motion of a particle: 


2ri si d\# sinkr 
Ra = (—1¥ [-O( (33.9) 


a kt + dr r 


and hence 


(the factor k-' is introduced for normalisation purposes—see below—and 
the factor (—1)' for convenience). 

To obtain an asymptotic expression for the radial function (33.9) at large 
distances, we notice that the term which decreases least rapidly as r > oois 
obtained by differentiating sin kr 1 times: 

2 jf ee 
x (— — —~—= sin kr. 
un ® ( |e k'r dr? 
Since 


d d\! 
—— sinkr = k sin(kr—4n),..., (-=) sinkr = k' sin(kr—4lz), 
dr dr 
+ The functions Ry can be expressed in terms of Bessel functions of half-integral order, in the form 


Rig = V(A/r)Ji+1/a(hr). (33.9a) 


The first few functions R,, are: 


= a esi 

ko 4) = ky > 
2 Tsinkr coskr 

n= | 
am L (Rr)? kr 


m= LSB} 
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we have the following asymptotic expression: 


2 sin (kr—4 
Ry ® - (33.10) 


T rT 


The normalisation of the functions R;,, can be effected by means of their 
asymptotic expressions, as was explained in §21. Comparing the asymptotic 
formula (33.10) with the normalised function R yo (33.6), we see that the func- 
tions R;,;, with the coefficient used in (33.9), are in fact normalised as they 
should be. 

Near the origin (7 small) we have, retaining only the term containing the 
lowest power of 7, 


1 d\!sinkr 1d\'S kanti2n 
Gay8* -C8)Se-9 
r dr r r dr — (2n+-1)! 


1d t p2lt1y2t 
~ (-1){ -— 
( ( dr/ (214-1)! 


2.4...21 
(2141)! 
= (—1)241/1 3... (2141). 


= (— 1K 


Thus the functions R;,; near the origin have the form} 


2 Rey Z 
Ry2z |/-———#, 33.11 
= Js (21-++-1)!! ( ) 


in agreement with the general result (32.13). 

In some problems it is necessary to consider wave functions which do not 
satisfy the usual conditions of finiteness, but correspond to a flux of particles 
from the origin. The wave function which describes such a flux of particles 
with angular momentum / = 0 is obtained by taking, instead of the “‘station- 
ary spherical wave” (33.6), a solution in the form of an “outgoing spherical 
wave”’, 

Rut = Ae* |r, (33.12) 


This function becomes infinite at the origin. ; 

Similarly, a flux of particles incident on the centre (with angular momen- 
tum / = 0) is described by a wave function in the form of an “ingoing 
spherical wave’’, 


Ryp~ = Ae-tlr yy, (33.13) 


+ The symbol !! denotes the product of all integers of the same parity up to and including the num- 
ber in question. 
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In the general case of an angular momentum / which is not zero, we obtain 
a solution of equation (33.3) in the form} 


rad ld q extkr 
Rut = (a5 (-> — (33.14) 
The asymptotic expression for these functions is 
Ryt % Aexter—l/2)/y, (33.15) 
Near the origin, it has the form 
Ryt © yas (33.16) 


We normalise these functions so that they correspond to the emission (or 
absorption) of one particle per unit time. To do so, we notice that, at large 
distances, the spherical wave can be regarded as plane in any small interval, 
and the probability current density in it is i = vypxb*, where v = kii|m is the 
velocity of a particle. The normalisation is determined by the condition 
$i df = 1, where the integration is carried out over a spherical surface of 
large radius 7, i.e. { ir? do = 1, where do is an element of solid angle. If the 
angular functions are normalised as before, the coefficient A in the radial 
function must be put equal to 


A =1/Vvo = V(m/kh). (33.17) 


An asymptotic expression similar to (33.10) holds, not only for the radial 
part of the wave function of free motion, but also for motion (with positive 
energy) in any field which falls off sufficiently rapidly with distance.t{ At 
large distances we can neglect both the field and the centrifugal energy in 
SCHRODINGER’s equation, and there remains the approximate equation 


1 d?(7R,1) 


r dr? 


+R*R,, = 0. 


The general solution of this equation is 


2 sin(kr—dla+5,) 


7 r 


(33.18) 


+ These functions can be expressed in terms of Hankel functions: 
: 22) 
Rut = id V(ker/2r\Hys (kr), (33.14a) 


of the first and second kinds for the signs ++ and — respectively, The asymptotic expansion of the 
functions Rx,+t for large r is 


extern /2) elt) CH DU 14-2) ] 
[ 1! 2ikr 2! (2ikr)® : 


} As we shall show in §123, the field must decrease more rapidly than 1/r. 


Ryit = A 


r 
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where 5; is a constant, called the phase shift, and the common factor is chosen 
in accordance with the normalisation of the wave function on the “‘k scale”.+ 
The constant phase shift 5, is determined by the boundary condition (Rx, 
is finite as r 0); to do this, the exact SCHRODINGER’s equation must be 
solved, and 8, cannot be calculated in a general form. The phase shifts 8, 
are, of course, functions of both / and k, and are an important property of the 
eigenfunctions of the continuous spectrum. 


PROBLEMS 
PROBLEM 1. Determine the energy levels for the motion of a particle with angular momen- 
tum / = 0 in a centrally symmetric potential well: 
U(r)’ = —U, for r <a, U(r) = 0 forr >a. 
SOLuTION. For! = 0 the wave functions depend only onr. Inside the well, SCHRODINGER’s 
equation has the form 
d2 


1 1 
— alt) +h = 0, k = V[2m(Uy—|EI)} 


The solution finite for r = 0 is 


sin kr 
= r 

For r > a, we have the equation 

Lely sae =0, «= » y(2mlEI). 

r dr? h 
The solution vanishing at infinity is 

yb = A’enat/r, 

The condition of the continuity of the logarithmic derivative of rf at r = a gives 

hk cot ha = —« = — V[(2mU,|h®)—F*], (1) 
or 

sinka = + /(h?/2ma?U,)ka. (2) 


This equation determines in implicit form the required energy levels (we must take those 
roots of the equation for which cot ka < 0, as follows from (1)). The first of these levels 
(with 1 = 0) is at the same time the deepest of all energy levels whatsoever, i.e. it corresponds 
to the normal state of the particle. 

If the depth U, of the potential well is small enough, there are no levels of negative energy, 
and the particle cannot “‘stay’’ in the well. This is easily seen from equation (2), by means of 
the following graphical construction. The roots of an equation of the form -+-sin x = ax 
are given by the points of intersection of the line y = ax with the curves y = -tsin x, and 
we must take only those points of intersection for which cot x < 0; the corresponding parts 
of the curve y = sinx are shown in Fig. 9 by a continuous line. We see that, if a is 
sufficiently large (U» small), there are no such points of intersection. The first such point 
appears when the line y = ax occupies the position Oa, i.e. for « = 2/7, and is at x = 4n. 


+t The term — 4/7 in the argument of the sine is added so that 5: = 0 when the field is absent. 
Since the sign of the wave function as a whole is not significant, the phase shifts 5: are determined to 
within m7 (not 2mm). Their values may therefore always be chosen in the range between 0 and a. 
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Putting « = h//(2ma?U,), x = ka, we hence obtain for the minimum well depth to give a 
single negative level 


Up.min = 72h?/8ma?, (3) 


This quantity is the greater, the smaller the well radius a. The position of the first level 
E, at the point where it first appears is determined from ka = 427 and is E, = 0, as we should 
expect. As the well depth increases further, the normal level E, descends. 


PROBLEM 2. Determine the order of the energy levels with various values of the angular 
momentum / in a very deep potential well (Uo > h?/ma®) (W. Exsasser 1933). 


SOLUTION. The condition at the boundary of the well requires that % > 0 as Up > 00 
(see §22). Writing the radial wave function within the well in the form (33.9a), we thus have 


the equation 
Jis1j2(ka) = 0, 


whose roots give the position of the levels above the bottom of the well (Uo—|E| = h?k?/2m) 
for various values of /. The order of the levels from the ground state is found to be 


1s, 1p, 1d, 2s, If, 2p, 1g, 2d, 1h, 3s, 2f, ... 


The numbers preceding the letters give the sequence of levels for each 1.+ 


PROBLEM 3. Determine the order of appearance of levels with various J as the depth 
Uo of the well increases. 


SOLUTION. When it first appears, each new level has energy E = 0. The corresponding 
wave function in the region outside the well, which vanishes as r > ©, is 


Ri; = constant x r-U4+D 


(the solution of equation (33.3) withk = 0). From the continuity of R; and R;’ at the boundary 
of the well it follows, in particular, that the derivative (r'+1R;)’ is continuous, and so we have 
the following condition for the wave function within the well: 


(MIR) =0 for r=a, 


This is equivalent{ to the condition for the function R;-1 to vanish and, from (33.9a), we 


obtain the equation 
Ji-rjxlav/(2mUp)/h) = 0; 


for / = 0 the function Ji-1/2 must be replaced by the cosine. This gives the following order 
of appearance of new levels as Uo increases: 


1s, 1p, 1d, 2s, If, 2p, 1g, 2d, 3s, 1h, 2f, ... 


It may be noted that differences from the order of levels in a deep well occur only for compar- 
atively high levels. 


+ This notation is customary for particle levels in the nucleus (see Chapter XVI). 

¢ According to (33.7) and (33.8) we have (r—!R1)’ ~ 7—'Ri41. Since the equation (33.3) is unaltered 
when J is replaced by —/—1, we also have (7#+1R_1-1)' ~ r't+1R_1, Finally, since the functions R- 1 
and Rj-1 satisfy the same equation, we obtain (7'+1R:)’ ~ r'+1R,_1, the formula used in the text. 
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PROBLEM 4. Determine the energy levels of a three-dimensional oscillator (a particle in a 
field U = 4yuw*z*), their degrees of degeneracy, and the possible values of the orbital angular 
momentum in the corresponding stationary states. 


SOLUTION. SCHRODINGER’s equation for a particle in a field U = $p.w?(x? +? +27) allows 
separation of the variables, leading to three equations like that of a linear oscillator. The 
energy levels are therefore 


Ey, = ho(ny+n.+n3+38) = hw(n+3). 


The degree of degeneracy of the nth level is equal to the number of ways in which n can be 
divided into the sum of three positive integral (or zero) numbers} { this is 


Kn+1)(n+2). 
The wave functions of the stationary states are 
¢ninon, = constant x e~2*97/2H, (ax) Hn,(ay)Hn(22), (1) 


where « = 1/(mw/h) and m is the mass of the particle. When the sign of the co-ordinate 
is changed, the polynomial Hn is multiplied by (—1)". The parity of the function (1) is 
therefore (—1)"1+"2+"3 = (—1)". Taking linear combinations of these functions with a 
given sum m1+72+n3 = n, we can form the functions 


¢nim = constant x e~%*F*/2/2Q jm, (B)extmd, -Q) 


where m = 0,1,...,/ and J takes the values 0, 2, ..., for even m and 1, 3,..., 2 for odd x. 
This is evident from a comparison of the parities (—1)" of the functions (1) and (—1)! of the 
functions (2), which must be the same. This determines the possible values of the orbital 
angular momentum corresponding to the energy levels considered. 

The order of levels of the three-dimensional oscillator is, therefore, with the same notation 
as in Problems 2 and 3, 


(1s), (1p), (1d, 2s), (1f, 2p), (1g, 2d, 3s), ... , 


where the parentheses enclose sets of degenerate states. 


§34. Resolution of a plane wave 


Let us consider a free particle moving with a given momentum p = kh 
in the positive direction of the z-axis. The wave function of such a particle 
is of the form 


y = constant x etkz, 


Let us expand this function in terms of the wave functions #5; ,, of free motion 
with various angular momenta. Since, in the state considered, the energy 
has the definite value k?/?/2m, it is clear that only functions with this k will 
appear in the required expansion. Moreover, since the function e*** has 
axial symmetry about the z-axis, its expansion can contain only functions 
independent of the angle ¢, i.e. functions with m = 0. Thus we must have 


ik @o @ 
ens = my athe = 2, ARaPPo, 


t In other words, this is the number of ways in which n similar balls can be distributed among 
three urns. 
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where the a; are constants. Substituting the expressions (27.3), (28.7) and 
(33.9) for the functions ®, ©, R, we obtain 


ce S api (2) 1 d\‘sinkr ( 6) 
= cos = -— * =r cosv), 
alae ( ay 


i=0 if 


where the C,, are other constants. These constants are conveniently deter- 
mined by comparing the coefficients of (r cos 6)" in the expansions of the two 
sides of the equation in powers of r. On the right-hand side of the equation 
this term occurs only in the mth summand; for / > n, the expansion of the 
radial function begins at a higher power of r, while for / < n the polynomial 
P, (cos 8) contains only lower powers of cos 8. The term in cos! 6 in P; (cos 6) 
has the coefficient (2/)!/2%(l!)? (see formula (c.2)). Using also formula 
(33.11), we find the desired term of the expansion of the right-hand side of the 
equation to be 


(21)! (Rr cos 6)! 


(Crap (21-41) 


On the left-hand side of the equation the corresponding term (in the expansion 
of etkr cos 9) is 


(tkr cos 6)'/1!, 


Equating these two quantities, we find C,; = (—7)(2/+1). Thus we finally 
obtain the required expansion: 


eikz — >) (—i)(21+1)P,(cos 0) ()(- tas gail (34.1) 


er r dr kr 


At large distances this relation takes the asymptotic form 


| oo 
ike my > i(21-+-1)P,(cos 6) sin(kr—4lz). (34.2) 
kr 


l=0 


We normalise the wave function e*** to give a probability current density 
of unity, i.e. so that it corresponds to a flux of particles (parallel to the z-axis) 
with one particle passing through unit area in unit time. It is easy to see that 
this function is 


bp =v leetke = +/(m/kh)etkz, (34.3) 
where v is the velocity of the particles. Multiplying both sides of equation 


(34.1) by +/(m/kh) and introducing on the right-hand side the normalised 
functions %xim* = Rj, j+(r) Y m(8,¢), we obtain 


Lore = > V[n(21-+1) *— Pro) 
Vv l=0 tk - wy 
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The squared modulus of the coefficient of y;,;9~ (or, 19+) in this expansion 
determines, according to the usual rules, the probability that a particle in a 
current converging to (or diverging from) the centre has an angular momen- 
tum / (about the origin). Since the wave function v-te'* corresponds to a 
current of particles of unit density, this “probability” has the dimensions of 
length squared; it can be conveniently interpreted as the magnitude of the 
“cross-section” (in the xy-plane) on which the particle must fall if its angular 
momentum is 7. Denoting this quantity by o,, we have 


6, = n(21+1)/k2 = n(A/2m)*(21+1), (34.4) 


where A is the de Broglie wavelength of the particle. 
For large values of J, the sum of the cross-sections over a range Al of I 


(such that 1 < Al <1) is 


7 lh? 
> 0: & <2IAI = 2n—Al. 
Al k p 

On substituting the classical expression for the angular momentum, Al = pp 
(where p is what is called the impact parameter), this expression becomes 


2mpAp, 


in agreement with the classical result. This is no accident; we shall see 
below that, for large values of J, the motion is quasi-classical (see Chapter 
VII). 


§35. “Fall”? of a particle to the centre 


To reveal certain properties of quantum-mechanical motion it is useful to 
examine a case which, it is true, has no direct physical meaning: the motion 
of a particle in a field where the potential energy becomes infinite at some 
point (the origin) according to the law U(r) ~ —8/r?, 8 > 0; the form of the 
field at large distances from the origin is here immaterial. We have seen in 
§18 that this is a case intermediate between those where there are ordinary 
stationary states and those where a “‘fall” of the particle to the origin takes 
place. 

Near the origin, ScHRODINGER’s equation in the present case is 


R’+2R’/r-+-yR/r? = 0, (35.1) 


where R(r) is the radial part of the wave function, and we have introduced 
the constant 


y = 2mB/h?—I(14+-1) (35.2) 


and have omitted all terms of lower orders in 1/r; the value of the energy E 
is supposed finite, and so the corresponding term in the equation is omitted 
also. 
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Let us seek R in the form R~r*; we then obtain for s the quadratic 
equation 
s(s+l)+y = 9, 


which has the two roots 
5 = —t+vV(t-y), S = —3— V(G—-7). (35.3) 


For further investigations it is convenient to proceed as follows. We draw 
a small region of radius 79 round the origin, and replace the function — y/r? 
in this region by the constant —y/r,?._ After determining the wave functions 
in this “‘cut off” field, we then examine the result of passing to the limit 
ro > 0. 

Let us first suppose that y < 3. Then s, and s, are real negative quantities, 
and s, >5,. For r >~7 9, the general solution of SCHRODINGER’s equation 
has the form (always restricting ourselves to small r), 


R = Ar:+Br*, (35.4) 
A and B being constants. For r < rg, the solution of the equation 
R"+2R'/r+yR/r.2 = 0 
which is finite at the origin has the form 


sin kr 
R=C , R= vVy/r9. (35.5) 


r 


For r = 79, the function R and its derivative R’ must be continuous. It is 
convenient to write one of the conditions as a condition of continuity of the 
logarithmic derivative of rR. This gives the equation 

—_________——. = kcotkn,, 
Arg! Brit 


or 
AeA pany 
On solving for the ratio B/A, this equation gives an expression of the form 
B/A = constant x7%1~82, (35.6) 
Passing now to the limit 7) > 0, we find that B/A > 0 (recalling that 


$, > 5,). Thus, of the two solutions of SCHRODINGER’s equation (35.1) which 
diverge at the origin, we must choose that which becomes infinite less rapidly: 


R = Afr'si. (35.7) 
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Next, let y > 4. Then s, and s, are complex: 
§ = —$+iv(y—}), sy = 5,*. 


Repeating the above analysis, we again arrive at equation (35.6), which, on 
substituting the values of s, and s,, gives 


B/A = constant xry¢V@7-, (35.8) 


On passing to the limit r, > 0, this expression does not tend to any definite 
limit, so that a direct passage to the limit is not possible. Using (35.8), the 
general form of the real solution can be written 


R = constant x7-1/2 cos( /(y—}) log (r/ro)-+ constant). (35.9) 


This function has a number of zeros which increases without limit as ro 
decreases. Since, on the one hand, the expression (35.9) is valid for the 
wave function (when r is sufficiently small) with any finite value of the energy 
E of the particle, and, on the other hand, the wave function of the normal 
state can have no zeros, we can infer that the “‘normal state” of a particle in 
the field considered corresponds to the energy E = — oo. In every state of a 
discrete spectrum, however, the particle is mainly in a region of space where 
E> U. Hence, for E > — 0, the particle is in an infinitely small region 
round the origin, i.e. the particle “falls” to the centre. 

The “critical” field U., for which the “fall” of a particle to the centre 
becomes possible corresponds to the value y =}. The smallest value of the 
coefficient of —1/r? is obtained for / = 0, i.e. 


Ucr = —h?/8mr®. (35.10) 


It is seen from formula (35.3) (for s,) that the permissible solution of Scur6- 
DINGER’s equation (near the point where U ~ 1/r?) diverges, as r > 0, not 
more rapidly than 1/+/r. If the field becomes infinite, as r > 0, more slowly 
than 1/r?, we can neglect U(r), in ScHRODINGER’s equation near the 
origin, in comparison with the other terms, and we obtain the same solutions 
as for free motion, i.e.  ~ r' (see §33). Finally, if the field becomes infinite 
more rapidly than 1/r? (as —1/r® with s > 2), the wave function near the 
origin is proportional to r##-! (see §49, Problem). In all these cases the 
product 7 tends to zero at r = 0. 

Next, let us investigate the properties of the solutions of SCHRODINGER’s 
equation in a field which diminishes at large distances according to the law 
U x —B8/r*, and has any form at small distances. We first suppose that 
y < 4. It is easy to see that in this case only a finite number of negative 
energy levels can exist.t For with energy £ = 0 ScHRODINGER’s equation 
at large distances has the form (35.1), with the general solution (35.4). The 
function (35.4), however, has no zeros (for r # 0); hence all zeros of the 
required radial wave function lie at finite distances from the origin, and their 


} It is assumed that for small r the field is such that the particle does not ‘‘fall’’, 
5 
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number is always finite. In other words, the ordinal number of the level 
E = 0 which terminates the discrete spectrum is finite. 

If y > }, on the other hand, the discrete spectrum contains an infinite 
number of negative energy levels. For the wave function of the state with 
E =0 has, at large distances, the form (35.9), with an infinite number of 
zeros, so that its ordinal number is always infinite. 

Finally, let the field be U = —f/r? in all space. Then, for y > }, the 
particle “‘falls”, but if y < } there are no negative energy levels. For the 
wave function of the state with E = 0 is of the form (35.7) in all space; it has 
no zeros at finite distances, i.e. it corresponds to the lowest energy level (for 
the given 2). 


§36. Motion in a Coulomb field (spherical polar co-ordinates) 


A very important case of motion in a centrally symmetric field is that of 
motion in a Coulomb field 


U = +a/r 
(where « is a positive constant). We shall first consider a Coulomb attraction, 
and shall therefore write U = —a/r. It is evident from general considera- 


tions that the spectrum of negative eigenvalues of the energy will be discrete 
(with an infinite number of levels), while that of the positive eigenvalues will 
be continuous. 

Equation (32.8) for the radial functions has the form 


@R 2dR U(l+1) 


dr? r dr r 
If we are concerned with the relative motion of two attracting particles, m 
must be taken as the reduced mass. 

In calculations connected with the Coulomb field it is convenient to use, 
instead of the ordinary units, special units for the measurement of all quanti- 
ties, which we shall call Coulomb units. As the units of measurement of 
mass, length and time, we take respectively 


m, f®/ma, 1? /me?. 
All the remaining units are derived from these; thus the unit of energy is 
moh. 
From now on, in this section and the following one, we shall always (unless 
explicitly stated otherwise) use these units.t 


2m a 
R+=(E+=)R = 0. (36.1) 
i r 


+ Ifm = 9-11 xX 10-7 g is the mass of the electron, and « = e” (where ¢ is the charge on the electron), 
the Coulomb units are the same as what are called atomic units. The atomic unit of length is 


i2/me? = 0-529 x 10-8 cm 
(what is called the Bohr radius). The atomic unit of energy is 
met |h? = 4-36 x10-" erg = 27:21 electron-volts. 


The atomic unit of charge is e = 4:80 107!9 esu. We formally obtain the formulae in atomic units 
by putting e =m =fh=1. Fora= Ze the Coulomb and atomic units are not the same. 


§36 Motion in a Coulomb field (spherical polar co-ordinates) 117 


Let us rewrite equation (36.1) in the new units: 


@R 2dR K(l+1) 


dr? ry dr r 


1 
R42(B4-)R = 0. (36.2) 
Tr 


Instead of the parameter E and the variable 7, we introduce the new quantities 
n =1/V(—2E), p =2rjn. (36.3) 


For negative E (which we shall first consider), 7 is a real positive number. 
The equation (36.2), on making the substitutions (36.3), becomes 


Ki+1 
ne Ro 
pp? 


Z 
RUER'+ [ -#+ (36.4) 
(the primes denote differentiation with respect to p). 

For small p, the solution which satisfies the necessary conditions of finite- 
ness is proportional to p' (see (32.13)). To calculate the asymptotic be- 
haviour of R for large p, we omit from (36.4) the terms in 1/p and 1/p? and 
obtain the equation 

R” =3R, 


whence R = e*#*. The solution in which we are interested, which vanishes 
at infinity, consequently behaves as e~? for large p. 
It is therefore natural to make the substitution 


R = ple-vl2e(p), (36.5) 

when equation (36.4) becomes 
pro" +-(21-+2—p)w’--(n—1—1)w = 0. (36.6) 
The solution of this equation must diverge at infinity not more rapidly than 


every finite power of p, while for p = 0 it must be finite. The solution which 
satisfies the latter condition is the confluent hypergeometric function 


w = F(—n+I1+1, 2142, p) (36.7) 


(see §d of the Mathematical Appendices).t A solution which satisfies the 
condition at infinity is obtained only for negative integral (or zero) values of 
—n+l+1, when the function (36.7) reduces to a polynomial of degree 
n—I—1. Otherwise it diverges at infinity as e? (see (d.14)). 

Thus we reach the conclusion that the number m must be a positive integer, 
and for a given / we must have 


n>I+l. (36.8) 
Recalling the definition (36.3) of the parameter n, we find 
E = —1/2n2, n =1,2,.... (36.9) 


+ The second solution of equation (36.6) diverges as p~®4-1 as p > 0. 
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This solves the problem of determining the energy levels of the discrete 
spectrum in a Coulomb field. We see that there are an infinite number of 
levels between the normal level FE, = —} and zero. The distances between 
successive levels diminish as m increases; the levels become more crowded 
as we approach the value E = 0, where the discrete spectrum closes up into 
the continuous spectrum. In ordinary units, formula (36.9) ist 


E = —mo?/2h?n*. (36.10) 


The integer 2 is called the principal quantum number. ‘The radial quantum 
number defined in §32 is 


ny = n—Il—1. 
For a given value of the principal quantum number, / can take the values 
1 =0,1,...,2—1, (36.11) 


i.e. 2 different values in all. Only 7 appears in the expression (36.9) for the 
energy. Hence all states with different / but the same have the same energy. 
Thus each eigenvalue is degenerate, not only with respect to the magnetic 
quantum number m (as in any motion in a centrally symmetric field) but 
also with respect to the number /. This latter degeneracy (called accidental) is 
a specific property of the Coulomb field. To each value of / there correspond, 
as we know, 2/+1 different values of m. Hence the degree of degeneracy 
of the mth energy level is 


"S (214-1) = 2%. (36.12) 
l=0 


The wave functions of the stationary states are determined by formulae 
(36.5) and (36.7). The confluent hypergeometric functions with both 
parameters integral are the same, apart from a factor, as what are called the 
generalised Laguerre polynomials (see §d of the Mathematical Appendices). 
Hence 


21+1 
Ry = constant x p’e~P/2L.7,+1(p). 


The radial functions must be normalised by the condition 


i Rate? dr = 1. 
0 


+ Formula (36.10) was first derived by N. Bour in 1913, before the discovery of quantum mechanics. 
In quantum mechanics it was derived by W. PAULI in 1926 using the matrix method, and a few months 
later by E. ScHRODINGER using the wave equation. 
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Their final form ist 
—J- ii 1 
Ru = a ern“) jonah (=) 
nr [(n+/)!]8 n n 


2 (n+l)! 


~FAQEEDIN Goa Re L242, rin); 


(36.13) 

the normalisation integral is calculated by (f.6).t 

Near the origin, R,,; has the form 
Qh Dt 
i aioe Rm (36.14) 
ne(2141)1 A (n—l—1)! 
At large distances, 
Qn 

Ry (— 1)" —__________pr-te-r in, (36.15) 


n+ V[(n-+D!(n—l—1)!] 


The wave function R,, of the normal state decreases exponentially at distances 
of the order r ~ 1, i.e. 7 ~ f?/mo in ordinary units. 
The mean values of the various powers of r are calculated from the formula 


a 
rk = J rkt?®R 2 dr. 
0 


The general formula for r* can be obtained by means of formula (f.7). Here 
we shall give the first few values of 7# (for positive and negative k): 


7 =43n®—U41], 7? = 4n%[5n®+1—3U(141)], 


= = (36.16) 
rt = 1/n?, r-® = 1/n3(1+4). 


A Wevgive dhe ese few Rancdons Rn, explicitly: 
Ry = 2e, 
Roy = (1/ v2)e-"/2(1—47), 
Roy = (1/2 /6)e-*/2y, 


Ze 
Rao = (2/3 va} mart), 


1 
Ry = (8/27 vojerr(1—=r), 


Ryp = (4/81 /30)e-1/8r2, 


{ The normalisation integral can also be calculated by substituting the expression (d.13) for the 
Laguerre polynomials and integrating by parts (similarly to the calculation of the integral (c.11) for 
the Legendre polynomials), 
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The spectrum of positive eigenvalues of the energy is continuous and 
extends from zero to infinity. Each of these eigenvalues is infinitely degener- 
ate; to each value of E there corresponds an infinite number of states, with 
/ taking all integral values from 0 to oo (and with all possible values of m for 
the given /). 

The number 2 and the variable p, defined by the formulae (36.3), are now 
purely imaginary: 


n = —i] V(2E) = —ilk, p = 2ikr (36.17) 


(we have introduced the wave number k = ./(2E) in place of the energy). 
The radial eigenfunctions of the continuous spectrum are of the form 


Ch 


= Ep ee et +, 214-2, 2ikr), (36.18) 


Ry 


where the C, are normalisation factors. ‘They can be represented as a 
complex integral (see §d): 


= fea 


1 
Ru = C,,(2kr ler b e € = £-2l-2 dé, 
21 é 


(36.19) 


which is taken along the contourt shown in Fig. 10. The substitution 


Fic. 10 


€ = 2ikr(t+4) converts this integral to the more symmetrical form 


(—2kr) : ; : 
Re = a a p ertkrt (tt 2)é /k-1-1(¢__)-t /kA-1 dt; (36.20) 
7 


the path of integration passes in the positive direction round the points 

= +4. It is seen at once from this representation that the functions R;, 
are real. 

The asymptotic expansion (d.14) of the confluent hypergeometric function 
enables us to obtain immediately a similar expansion for the wave functions 
R,,. The two terms in (d.14) give two complex conjugate expressions in the 

+ Instead of this contour we could use any closed loop passing round the singular points = 0 and 


é = 2ikr in the positive direction. For integral 1, the function V(£) = &™"(€—2ikr)"7 (see §d) 
returns to its initial value on passing round such a contour. 
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function R;,;, and as a result we obtain 


(l4+-1-+bi/k, i[k—1, —2ikr)\. 


e777 /2k | ew tlkr—m(G-+1)/24(1 /k) log 2kr] 
(36.21) 


Rese 
ee ae tea 


If we normalise the wave functions on the ‘‘k scale” (i.e. by the condition 
(33.4)), the normalisation coefficient is 


Cy = V(2/m)het2*|P(1-4+-1—i/h)]. (36.22) 


For the asymptotic expression for R;,, when r is large (the first term of the 
expansion (36.21)) is then of the form 


21 1 
Ru J — -sin(kr-+— log 2kr—417r+-4,), 
wr k 


(36.23) 
8, = arg (/+1—7/k), 


in agreement with the general form (33.18) of the normalised wave functions 
of the continuous spectrum in a centrally symmetric field. The expression 
(36.23) differs from (33.18) by the presence of a logarithmic term in the argu- 
ment of the sine; however, since log r increases only slowly compared with r 
itself, the presence of this term is immaterial in calculating a normalisation 
integral which diverges at infinity. 

The modulus of the gamma function which appears in the expression 
(36.22) for the normalisation factor can be expressed in terms of elementary 
functions. Using the familiar properties of gamma functions: 


T(z+1) =2I(z), I's) TA—z) = a/sinzez, 


we have 
P(-+1-4i/h) = (I4+i)h) ... (L+dR) AER), 
T\(l+1—i/k) = (l—ifk) ... (1—i/k)T'(1—7/k), 
and also 
\P(-+-1—i/R)| = [P+ 1—afk) (41+ i/h)JL2 
- Fl et) 
Thus 


2vk 1 
= 24.—..}; 
C, aren J¢ +75); (36.24) 


for 1 = 0 the product is replaced by unity. 
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The radial functions Ry; normalised on the “energy scale” are obtained 
from the functions R,, by dividing by /k: Rg, = k*R,, (see (33.5)). By 
passing to the limit as E > 0 (i.e. k - 0), we can correctly obtain from Ry, 
the normalised radial function R,, for the particular case of zero energy.f 
The limit of the series F({/k+/+1, 21+2, 2ikr) as k + 0 is 

ar (2n)" 21-41)! (2r) 12 8 
(I+ ail + (42214321 (21+ 1)! (2r) 1/2] 9, +3 v[87]), 
where J2)+1 is the Bessel function of order 2/+1. The coefficient Cx (36.24) 
behaves as 2k—!+1/2 as k > 0. We hence easily obtain 


Ra = V(2/r)Jva(v/[87). (36.25) 
The asymptotic form of this function for large 7 ist 
Ry % (2/n%3)¥/4 sin( V[8r]—lr—4n). (36.26) 


In a repulsive Coulomb field (U = a/r) there is only a continuous spectrum 
of positive eigenvalues of the energy. SCHRODINGER’s equation in this field 
can be formally obtained from the equation for an attractive field by changing 
the sign of r. Hence the wave functions of the stationary states are found 
immediately from (36.18) by the same alteration. The normalisation co- 
efficient is again determined from the asymptotic expression, and as a result 
we obtain 


Cr 
Ry = GIA (kre Fh 1-+1, 214-2, —2ikr), 


2 
J “ke-*/2k|T(1-+1-4i/k)| 
vis 


= i aes Gr) (36.27) 


The asymptotic expression for this function for large 7 is 


21 1 
Ry & J: - sin( fr log2hr—hln-+5)), 
wr k 


8, = arg T(/+1+i/k). 


Cy 


(36.28) 


PROBLEMS 


ProBLEM 1. Determine the probability distribution of various values of the momentum 
in the ground state of the hydrogen atom. 


+ It is found that in fact the function RZ; normalised on the energy scale remains finite as E > 0, 


while Ry: > 0 as k > 0. 
t It may be noted that this function corresponds to the quasi-classical approximation (§49) applied 


to motion in the region (I+ 4)? <r < k-2. 
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SoLUuTION.t The wave function of the ground state is % = R1oYoo = (1/4/m)e-7. The 
wave function of this state in the p representation is then given by the integral 


a(p) = (2n)-210[ b(r)e—tp-r dV 


(see (15.10)). The integral is calculated by changing to spherical polar co-ordinates with the 
polar axis along p; the result ist 


24/2 1 
a(p) = -_—_, 
a (1+?) 
and the probability density in p-space is |a(p)|?. 


PROBLEM 2. Determine the mean potential of the field created by the nucleus and the 
electron in the ground state of the hydrogen atom. : 


SoLuTION. The mean potential ¢, created by an “electron cloud’’ at an arbitrary point r 
is most simply found as the spherically symmetric solution of Poisson’s equation with charge 
density p = —[y|?: 


i be) = te? 

—-——-(1de) = 4e~2", 

r dr2 

Integrating this equation, and choosing the constants so that ¢,(0) is finite and $e(co) = 0, 
and adding the potential of the field of the nucleus, we obtain 


p= : +¢(r) = (- +i)er 


For r <1 we have ¢ = 1/r (the field of the nucleus), and for 7 > 1 the potential d ~ e-2r 
(the nucleus is screened by the electron). 


PRoBLEM 3. Determine the energy levels of a particle moving in a centrally symmetric 
field with potential energy U = A/r?—B/r (Fig. 11). 


SoLuTIon. The spectrum of positive energy levels is continuous, while that of negative 
levels is discrete; we shall consider the latter. SCHRODINGER’s equation for the radial func- 
tion is 


ial =e ( But St) = 0. (1) 
dr? rdr Hh 2m sae sole 
We introduce the new variable 
= 2V(—2mE)r/ii, 
and the notation 
2mA/h?+1(1+-1) = s(s+1), (2) 
BV (m/—2E)/h =n. (3) 


t+ In Problems 1 and 2, atomic units are used. 

} The wave functions in the p representation for excited states in a Coulomb field are given by 
H. A. Betue and E. E. Satpeter, Handbuch der Physik 35, 88, Springer, Berlin 1957. These functions 
were analysed by V. A. Fox and applied by him to calculate a number of complicated sums (Izvestiya 
Akademii Nauk SSSR, Seriya fizicheskaya No. 2, 169, 1935). 
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u(r) 


Fic. 11 


Then equation (1) takes the form 


= 0, 


2 1 1 
p 4 pp 


which is formally identical with (36.4). Hence we can at once conclude that the solution 
satisfying the necessary conditions is 


R = p*e~°/2F(—n+s+1, 254-2, p), 


where n—s—1 = p must be a positive integer (or zero), and s must be taken as the positive 
root of equation (2). From the definition (3) we consequently obtain the energy levels 


2B2m 


Sig ee eerae V{(21+1)?-+8mA/h?}}-*. 


PrRoBLEM 4. The same as Problem 3, but with U = A/r?+Br* (Fig. 12). 
SoLuTion. There is only a discrete spectrum. SCHRODINGER’s equation is 


@R 2dR 2mrp_ WUI+1) A | 
seh a le it [z fr 

dr? rdr 
Introducing the variable 


E= /(2mB)r{h 


u(r) 


Fic. 12 
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and the notation 
K+ 1)+-2mA/h? = 2s(2s-++ 1), 
/(2m/B)E/h = 4(n+s)+3, 


we obtain the equation 
3 
ER’ +R’ + [ntst iiss +HyE]R = 0. 


The solution required behaves asymptotically as et when £-» 0, while for small ¢ it is 
proportional to £*, where s must be taken as the positive quantity 


s = 3[—14+ v{(2l+1)?4+ 8m A/h*}]. 
Hence we seek a solution in the form 
R= —§/ 2E5¢y, 


obtaining for w the equation 
3 
Ew" + TD = 0, 
whence 
3 
w= F(—n, aot é), 


where n must be a non-negative integer. We consequently find as the energy levels the infinite 
set of equidistant values 


E,, = hy(B/2m)[4n+2+ V{(2l+1)2-+8mA/f}], n = 0,1,2,.... 


§37. Motion in a Coulomb field (parabolic co-ordinates) 


The separation of the variables in SCHRODINGER’s equation written in 
spherical polar co-ordinates is always possible for motion in any centrally 
symmetric field. In the case of a Coulomb field, the separation of the variables 
is also possible in what are called parabolic co-ordinates. ‘The solution of the 
problem of motion in a Coulomb field in terms of parabolic co-ordinates is 
useful in investigating a number of problems where a certain direction in 
space is distinctive; for example, for an atom in an external electric field 
(see §77). 

The parabolic co-ordinates &, n, ¢ are defined by the formulae 


x = v(En)cos¢, y = v(En)sing, 2 = 4(E—); 37.1) 
r= V(P+y?+2?) = HE+7), 
or conversely 
é=r+z, ny =7r—2z, $ =tan(y/x); (37.2) 


é and 7 take values from 0 to 00, and ¢ from 0 to 27. The surfaces § = 
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constant and 7 = constant are paraboloids of revolution about the z-axis, 
with focus at the origin. This system of co-ordinates is orthogonal. The 
element of length is given by the expression 


(dl)? = eet ra ~T (dn)-+ En(dg)?, (37.3) 
and the element of volume is 
dV = (E+n)dédndg. (37.4) 
From (37.3) we have the ne operator 
1 @ 
afte me +575 =| En ag? oe 


SCHRODINGER’S equation for a particle in an attractive Coulomb field with 
U = ~— = Ba is 


a oye = (x; =) |+ = at? ( aN ==)h =o. (37.6) 


Let us seek the eigenfunctions ¢% in the form 


b =fi(E)falnje, (37.7) 


where m is the magnetic quantum number. Substituting this expression in 
equation (37.6) multiplied by }(€+ 7), and separating the variables £ and n, 
we obtain for f; and /2 the equations 


(= +[JEE—4mP E+] f, = 0, 
dé 
(37.8) 


o(re =?) 4 (48 —4m*/n+Bal fy = 0, 


where the separation parameters Bi, Bz are related by 


Br-+B. = 1. (37.9) 


Let us consider the discrete energy spectrum (E < 0). We introduce in 
place of E, &, 7 the quantities 


n= 1/V(—2E), py =&v(—2E) =E)n, py = 9/0, (37.10) 
whereupon we obtain the equation for fi 


afi 1 oh, ree eh (itt, 


= 0, (37.11) 
dp,’ ee dp, 
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and a similar equation for fe, with the notation 
m4 = —H(lm|+1)+n8,, ng = —4(|m|+1)+nf,. (37.12) 


Similarly to the calculation for equation (36.4), we find that f, behaves as 
et: for large p, and as p,*!”! for small p,. Accordingly, we seek a solution 
of equation (37.11) in the form 


Siler) = e7?:!2p,'""/2e0,(p,), 
and similarly for f2, obtaining for w; the equation 
p10," +(|m| +1—p,)m,'-+0,0, = 0. 


This is again the equation for a confluent hypergeometric function. The 
solution satisfying the conditions of finiteness is 


Ww = F(—n,, |m| +1, Pi)> 


where m, must be a non-negative integer. 

Thus each stationary state of the discrete spectrum is determined in para- 
bolic co-ordinates by three integers: the parabolic quantum numbers n, and 
ne, and the magnetic quantum number m. For a, the principal quantum 
number, we have from (37.9) and (37.12) 


N = Ny-+N,+|m| +1. (37.13) 


For the energy levels, of course, we obtain our previous result (36.9). 

For given 2, the number |m| can take n different values from 0 to n—1. 
For fixed 2 and |m| the number 7, takes n—|m| values, from 0 to n—|m|—1. 
Taking into account also that for given |m| we can choose the functions with 
m = + |m|, we find that for a given m there are altogether 


2°5 (n—m)+(n—0) =n? 
m=1 


different states, in agreement with the result obtained in §36. 
The wave functions yn,n,m of the discrete spectrum must be normalised 
by the condition 


f nny? dV =} Pf bas ml?(E+7) d¢dédy = 1. (37.14) 


The normalised functions are 


v2 é n\ ene 
tn n,m — “=fan(=)fam() V(2m)’ (37.15) 
where 
1 ! 
fom(p) = — (P+ ln) ep, |m| +-1, p)e-/2piml/2, (37.16) 


|m|! p! 
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The wave functions in parabolic co-ordinates, unlike those in spherical 
polar co-ordinates, are not symmetrical about the plane z = 0. For m > no 
the probability of finding the particle in the direction z > 0 is greater than 
that for z < 0, and vice versa for n, < no. 

To the continuous spectrum (E > 0) there corresponds a continuous spec- 
trum of real values of the parameters f,, 8, in equations (37.8) (connected as 
before, of course, by the relation (37.9)). We shall not pause to write out here 
the corresponding wave functions, since it is not usually necessary to employ 
them. Equations (37.8), regarded as equations for the “eigenvalues” of the 
quantities B,, B,, have also (for E > 0) a spectrum of complex values of By 
and 8. The corresponding wave functions are written out in §133, where 
we shall use them to solve a problem of scattering in a Coulomb field. 

In classical motion of a particle in a Coulomb field there is a conservation 
law peculiar to this type of field:+ 


A = pxl-—r/r = constant. (37.17) 


In quantum mechanics the three components of this vector cannot simul- 
taneously have definite values, since the operators A,, A,, A, do not commute. 
Any one of these operators, 4, say, commutes (like the 2-component of any 
vector; see (29.3)) with /,, but does not commute with the conserved square 
of the angular momentum, i?. The existence of another conserved quantity 
which does not commute with the others leads (see §10) to an additional 
degeneracy of the levels, and this is the accidental degeneracy peculiar to a 
Coulomb field. 

The description of motion in a Coulomb field by means of the wave 
functions nym in spherical polar co-ordinates corresponds to states in which 
not only the energy but also the square of the angular momentum and its 
-component have definite values. The wave functions Yn,n,n In parabolic 
co-ordinates, on the other hand, describe stationary states in which /, and A, 
have definite values. It can be shown that the value of Az is given in terms of 
the quantum numbers 7, no, n by 


Az = (n2—n)[n. (37.18) 


t See Mechanics, §15. 


CHAPTER VI 


PERTURBATION THEORY 


§38. Perturbations independent of time 


THE exact solution of SCHRODINGER’s equation can be found only in a com- 
paratively small number of the simplest cases. The majority of problems 
in quantum mechanics lead to equations which are too complex to be solved 
exactly. Often, however, quantities of different orders of magnitude appear 
in the conditions of the problem; among them there may be small quantities 
such that, when they are neglected, the problem is so much simplified that its 
exact solution becomes possible. In such cases, the first step in solving the 
physical problem concerned is to solve exactly the simplified problem, and 
the second step is to calculate approximately the errors due to the small terms 
that have been neglected in the simplified problem. There is a general 
method of calculating these errors; it is called perturbation theory. 

Let us suppose that the Hamiltonian of a given physical system is of the 
form 


H =H,+V, 


where V is a small correction (or perturbation) to the unperturbed operator Hy. 
In §§38, 39 we shall consider perturbations V which do not depend explicitly 
on time (the same is assumed regarding Hy also). The conditions which are 
necessary for it to be permissible to regard the operator V as ‘“‘small’”’ com- 
pared with the operator H will be derived below. 

The problem of perturbation theory for a discrete spectrum can be formu- 
lated as follows. It is assumed that the eigenfunctions ¢,, and eigenvalues 
E,, of the discrete spectrum of the unperturbed operator Hy are known, i.e. 
the exact solutions of the equation 


Ay = EO (38.1) 
are known. It is desired to find approximate solutions of the equation 
Ay = (H+ 0) = EY, (38.2) 


i.e. approximate expressions for the eigenfunctions %,, and eigenvalues E,, of 
the perturbed operator H. 

In this section we shall assume that no eigenvalue of the operator H, is 
degenerate. Moreover, to simplify our results, we shall suppose that there 
is only a discrete spectrum of eigenvalues; all the formulae can be at once 
generalised to the case where there is a continuous spectrum. 

The calculations are conveniently performed in matrix form throughout 
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To do this, we expand the required function % in terms of the functions 
i: 


P= Denby. (38.3) 
Substituting this expansion in (38.2) we obtain 
x Cm(E m+ Vb _ = = CE; 
multiplying both sides of this equation by ,* and integrating, we find 
(E-E, ey = E Vine: (38.4) 


Here we have introduced the matrix V,,,, of the perturbation operator P, 
defined with respect to the unperturbed functions y,,): 


Vim = | px* Pip dg. (38.5) 


We shall seek the values of the coefficients c,, and the energy F in the form 
of series . 


E = EOL EOL EOL Cm = Cm Lem bem 


where the quantities E®) and c,,“) are of the same order of smallness as the 
perturbation V, the quantities E® and c,,®) are of the second order of small- 
ness (if V is of the first order), and so on. 

Let us determine the corrections to the nth eigenvalue and eigenfunction, 
putting accordingly c, = 1, c,, =O form # n. To find the first approxi- 
mation, we substitute in equation (38.4) E = E+E), Cy = c,+4e,%), 
and retain only terms of the first order. The equation with k =n gives 


a a | %* Dep, dg. (38.6) 


Thus the first-order correction to the eigenvalue E,, is equal to the mean 
value of the perturbation in the state ¥,,. 
The equation (38.4) with k # n gives 


Ce? = Ven|(E,O—-E,) for k # n, 


while ¢,,@ remains arbitrary; it must be chosen so that the function bn = 
$,°+4,,© is normalised up to and including terms of the first order. For 
this we can put c,%) = 0. For the functions 


‘WV 
@ — aii ©) 
$= > E,0_E,0" (38.7) 
(the prime means that the term with m =n is omitted from the sum) are 


orthogonal to %,,, and hence the integral of |x, +y,,|2 differs from unity 
only by a quantity of the second order of smallness. 
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Formula (38.7) determines the correction to the wave functions in the first 
approximation. Incidentally, we see from this formula the condition for the 
applicability of the above method of perturbation theory. This condition is 
that the inequality 


[Vinal < [|E,O—E,,|: (38.8) 


must hold, i.e. the matrix elements of the operator 7 must be small compared 
with the corresponding differences between the unperturbed energy levels. 

Next, let us determine the correction to the eigenvalue E,, in the second 
approximation. To do this, we substitute in (38.4) E = E,, +E, +E,,®), 
Cy = Cy +0, -+c,@), and examine the terms of the second order of small- 
ness. The equation with k = n gives 


E,@c, = 2 Vitae, 
whence 


; [Vranl® 
(2) — Cee 
E, 2 ae (38.9) 


(we have substituted c,,0) = Vinal (E, —E,n,), and used the fact that, since 
the operator V is Hermitian, V ven: = Veo): 

We notice that the correction in the second approximation to the energy 
of the normal state is always negative; for, since E,,© then corresponds to 
the lowest value of the energy, all the terms in the sum (38.9) are negative. 

The further approximations can be calculated in an exactly similar manner. 

The results obtained can be generalised at once to the case where the 
operator H, has also a continuous spectrum (but the perturbation is applied, 
as before, to a state of the discrete spectrum). To do so, we need only add to 
the sums over the discrete spectrum the corresponding integrals over the 
continuous spectrum. We shall distinguish the various states of the continu- 
ous spectrum by the suffix v, which takes a continuous range of values; by v 
we conventionally understand an assembly of values of quantities sufficient 
for a complete description of the state (if the states of the continuous spec- 
trum are degenerate, which is almost always the case, the value of the energy 
alone does not suffice to determine the state).t Then, for instance, we must 
write instead of (38.7) 


: V. V, 
a) — Maid (0) bid (0) 
tn p23 pepe | inh (38.10) 


and similarly for the other formulae. 

It is useful to note also the formula for the perturbed value of the matrix 
element of a physical quantity f, calculated as far as terms of the first order 
by using the functions 4, = ¥,,0+y,,©, with %, given by (38.7). The 


+ Here the wave functions ¥,() must be normalised by delta functions of the quantities py, 
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following expression is easily obtained: 


The yf, (4. > Gene Vartem 2y nt 
= Eee E,O—E,0 or E,,O—E, 


In the first sum k ¥ n, while in the second k ¥ m. 


(38.11) 


PROBLEMS 


PRoBLEM 1. Determine the correction ¥,{%) in the second approximation to the eigen- 
functions. 


SoLuTION. The coefficients c;,(2) (k 4 n) are calculated from equations (38.4) with k # n, 
written out up to terms of the second order, and the coefficient c,2) is chosen so that the 
function $, = ¥,° +4, +,,2) is normalised up to terms of the second order. As a result 
we find 


, / / 
Vink V, V, Via2i* 
2) = > S aoa Yh ( e »: = au mda, > [Prnnl® 
v a Pw, Fw nm? 
k nkYnm m m nm 
where we have introduced the frequencies 


= (Z. no — E a | h : 


PROBLEM 2. Determine the correction in the third approximation to the eigenvalues of the 
energy. 


SoLuTION. Writing out the terms of the third order of smallness in equation (38.4) with 


k = n, we obtain 
(3) V wei Vink Vin : | V,, ‘il : 
E,” = a eA... > 2 2° 
a h Omn 


mnMkn 


PrRoBLEM 3. Determine the energy levels of an anharmonic linear oscillator whose Hamil- 
tonian is 
A = 36?/m+4x?w*m+a23+ Bot. 
SoLuTION. The matrix elements of x* and x* can be obtained directly according to the 


rule of matrix multiplication, using the expression (23.4) for the matrix elements of x. We 
find for the matrix elements of x? that are not zero 


(%*)n-ain = (%*)nyn-s = (A/mw)? ?o/[$n(n—1)(n—2)], 
(39 )n-tin = (%*)nsna = (f/m)? ?4/(9n3/8). 


The diagonal elements in this matrix vanish, so that the correction in the first approximation 
due to the term «x? in the Hamiltonian (regarded as a perturbation of the harmonic oscillator) 
is zero. The correction in the second approximation due to this term is of the same order as 
that in the first approximation due to the term fx‘, The diagonal matrix elements of x‘ are 


(x4) nin = (imo)? . 3(2n2+2n-+1). 


Using the general formulae (38.6) and (38.9), we find the following approximate expression 
for the energy levels of the anharmonic oscillator: 


= hal) -(—) (mnt +5(—) (8+ n+4). 
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§39. The secular equation 


Let us now turn to the case where the unperturbed operator Hf, has de- 
generate eigenvalues. We denote by ¥%,,, y,,, ... the eigenfunctions be- 
longing to the same eigenvalue E,, of the energy. The choice of these func- 
tions is, as we know, not unique; instead of them we can choose any s (where 
s is the degree of degeneracy of the level E,,) independent linear combina- 
tions of these functions. The choice ceases to be arbitrary, however, if we 
subject the wave functions to the requirement that the change in them under 
the action of the small applied perturbation should be small. 

At present we shall understand by ¥,,, ¢,,, ... some arbitrarily selected 
unperturbed eigenfunctions. The correct functions in the zeroth approxima- 
tion are linear combinations of the form Cn On + Cn by: O + .... The co- 
efficients in these combinations are determined, together with the corrections 
in the first approximation to the eigenvalues, as follows. 

We write out equations (38.4) with k = n,n’, ..., and substitute in them, 
in the first approximation, E = E,, +E®); for the quantities c, it suffices 
to take the zero-order values c, = ¢,), ¢,, = Cy, ... ; Cm = 0 for m £ n, 
n’,.... We then obtain 


EM, = E Vian’ Cy 


or 
E (Van! —E%8 pq? on! = 0, (39.1) 


where 7, n’ take all values denumerating states belonging to the given un- 
perturbed eigenvalue E,,©. This system of homogeneous linear equations 
for the quantities c,) has solutions which are not all zero if the determinant 
of the coefficients of the unknowns vanishes. Thus we obtain the equation 


(Van? —E®8nn?| = 0. (39.2) 


This equation is of the sth degree in E® and has, in general, s different real 
roots. ‘These roots are the required corrections to the eigenvalues in the first 
approximation. Equation (39.2) is called the secular equation.t We notice 
that the sum of its roots is equal to the sum, of the diagonal matrix elements 
Vans Verws »- (this being the coefficient of [E“]*4 in the equation). 

Substituting in turn the roots of equation (39.2) in the system (39.1) and 
solving, we find the coefficients c, and so determine the eigenfunctions 
in the zeroth approximation. 

We notice that, as a result of the perturbation, an originally degenerate 
energy level ceases in general to be degenerate (the roots of equation (39.2) 
are in general distinct); the perturbation removes the degeneracy, as we say. 
The removal of the degeneracy may be either total or partial (in the latter 
case, after the perturbation has been applied, there remains a degeneracy of 
degree less than the original one). 


+ The name is taken from celestial mechanics. 
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It may happen that all the matrix elements for transitions between the 
states n,n’, ... with a single energy are zero. The correction to the energy 
then vanishes in the first approximation. Let us calculate the correction in 
the second approximation for this case. In equation (38.4) with k =n we 
put on the left-hand side E = E, +E), and write c, in place of c,. Only 
the terms with m # n,n’, ... on the right-hand side are different from zero, 
and since c,,) = 0 we have 


E®,O = p> Vem: (39.3) 


The equation (38.4) with k = m # n,n’, ..., on the other hand, gives, correct 
to terms of the first order, 


[EO — Ee ™ a 2 Vian’ Cn’ , 
whence 


V,,.’ 
C_@ = = (0), 


ne CK 
c E,O—E,, 


Substituting in (39.3), we obtain 


E®,0 = ae , 0) > ane 
E,O— ae (0) 


This system of equations for the c, now replaces the system (39.1); 
condition that these equations are compatible is 


V iV cant | 
I 
Dasa ae —Fs,,,-| = 0. (39.4) 


Thus here also the corrections to the energy are calculated as the roots of a 
secular equation, in which, instead of the matrix elements V,,,,, we now have 


the sums ° 
> V ningV sunt 
<1 EOE 


PROBLEMS 


ProsLem 1. Determine the corrections to the eigenvalue in the first approximation and 
the correct functions in the zeroth approximation, for a doubly degenerate level. 


SOLUTION. Equation (39.2) here has the form 


Vy—E® Viz 
Voy Ve,—E® 


(the suffixes 1 and 2 correspond to two arbitrarily chosen unperturbed eigenfunctions yf, () 
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and #2) of the doubly degenerate level in question). Solving, we find 


EY = al( Vit Vo) +V/{( Viy— V2)*-+-4| V2{7}]. (1) 


Solving also equations (39.1) with these values of E), we obtain for the coefficients in the 
correct normalised function in the zeroth approximation, (9) = ¢4()b1(0) + c9()fo(), the 
values 


c, = | Vis 14 || 3 
2| V,,| VX Vu V9)?-+4| V,,|} ? 


(2) 
cf) = + | 


V” 


21 1 
2| Vis l Ty (Vir— Von)? +4] Va9]7} 


ae 


PROBLEM 2. Derive the formulae for the correction to the eigenfunctions in the first 
approximation and to the eigenvalues in the second approximation. 


SoLuTion. We shall suppose that the correct functions in the zeroth approximation are 
chosen as the functions ¥,(%. The matrix Vay defined with respect to these is clearly diagonal 
with respect to the suffixes n, n’ (belonging to the same group of functions of a degenerate 
level), and the diagonal elements Von, Vary, are equal to the corresponding corrections 
E,, Eq), ... in the first approximation. 

Let us consider a perturbation of the eigenfunction $n), so that in the zeroth approxima- 
tion EB = Ey, cp = 1, cm = O form <n. In the first approximation EF = E,+ Van, 
Cn = 1+¢a, Cm = Cy). We write out from the system (38.4) the equation with k 4 n,n’ 
retaining in it terms of the first order: 


(E,°—E,)¢,% = Vint = Vins 


pores 


whence 
CL = Vun|(E,O—E,) for k # n,n’, .... (1) 
Next we write out the equation with k = 7’, retaining in it terms of the second order: 
EM, 7. = Vatn’ C,7O+ x Vn’ mm” 


(the terms with m = n, n’, ... are omitted in the sum over m). Substituting E,@) = V,. and 
the expression (1) for em“), we obtain for n’ < n 


cM = say Vn'mV mn (2) 
: Van Vain’ ms E,O—-E,,O 


(In this approximation the coefficient cn{1) is zero.) Formulae (1) and (2) determine the 
correction oY) = Lcy,(%,,( to the eigenfunctions in the first approximation. 

Finally, writing out the second-order terms in equation (38.4) with k = n, we obtain for 
the second-order corrections to the energy the formula 


tM aa oak 
2) — Sree aE 
E, Ps no (3) 


m 
which is formally identical with (38.9). 


PROBLEM 3. At the initial instant t = 0, a system is in a state %,(° which belongs to a 
doubly degenerate level. Determine the probability that, at a subsequent instant t, the 
system will be in the state ¥,(°) with the same energy; the transition occurs under the action 
of a constant perturbation, 


So.uTion. We form the correct functions in the zeroth approximation, 


p= C1, + egihe, p= Cy Py Ceo, 
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where ¢1, Cg; Cy’, C,’ are two pairs of coefficients determined by formulae (2) of Problem 1 
(for brevity, we omit the index ( on all quantities). 


Conversely, m W 
Co PC 


$= : 
Clo, —C1/Cg 
The functions ¢ and y’ belong to states with perturbed energies E+E and E+E)’, where 
E® and E()’ are the two values of the correction (1) in Problem 1. On introducing the time 
factors we pass to the time-dependent wave functions: 


e t/MEt (1) (1) 
, , , 4 
bs = presale. bet /ME t— cou e C/ME 7 
1°2 1°2 


(at time ¢ = 0, ¥, = y¥,). Finally, again expressing ¢%, ’ in terms of ¥,, %2, we obtain VY; 
as a linear combination of 5, and 2, with coefficients depending on time. The squared modu- 
lus of the coefficient of ¥, determines the required transition probability w ,. Calculation 
gives 

Cola" 


2 
F (1) : Gx)’ 
Wig = [eC /ME tpi /ME dhe 


Clq —Cy' Cg 
or, substituting formulae (1) and (2) from Problem 1, 


= 2|Vasl? 1 : Var— Von)? 4| Viael?]é 1 
Wo = TR | —cos( evi 11— Vee)? +4 w)}. (1) 


We see that the probability varies periodically with time, with frequency (E@ —E(’)/i. 

For times ¢ which are small compared with the period in question, the expression in the 
braces, and therefore wig, is proportional to t?: wig = |Vi2|?t2/#2. This formula can be very 
simply obtained by the method given in the next section (using equation (40.4)). 


§40. Perturbations depending on time 


Let us now go on to study perturbations depending explicitly on time. We 
cannot speak in this case of corrections to the eigenvalues, since, when the 
Hamiltonian is time-dependent (as will be the perturbed operator H = H,+ 
+P (#)), the energy is not conserved, so that there are no stationary states. 
The problem here consists in approximately calculating the wave functions 
from those of the stationary states of the unperturbed system. 

To do this, we shall apply a method analogous to the well-known method 
of varying the constants to solve linear differential equations (P. A. M. Dirac 
1926). Let ‘¥;, be the wave functions (including the time factor) of the 
stationary states of the unperturbed system. Then an arbitrary solution of the 
unperturbed wave equation can be written in the form of a sum: 
VY = La,;,. We shall now seek the solution of the perturbed equation 


ih OV at = (A, +V)¥ (40.1) 
in the form of a sum 


W = Fal()¥, (40.2) 


where the expansion coefficients are functions of time. Substituting (40.2) 
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in (40.1), and recalling that the functions f, satisfy the equation 
ih OY, O/8t = ALY, 


we obtain 


ih y3 wo a,V¥O. 


Multiplying both sides of this equation on the left by Y,,* and integrating, 
we have 
day, 


ih— = 2 V melt )ars (40.3) 
where 


Val?) = { ¥mO* VEO dg 


ee 
are the matrix elements of the perturbation, including the time factor (and 
it must be borne in mind that, when V depends explicitly on time, the quanti- 
ties V,,; also are functions of time). 

As the unperturbed wave function we take the wave function of the nth 
stationary state, for which the corresponding values of the coefficients in 
(40.2) are a, =1, a, =0 for k # n. To find the first approximation, 
we seek a, in the form a, = a,-+a,™, substituting a, = a;,) on the 
right-hand side of equation (40.3), which already contains the small quantities 
Vinge This gives 


ih da,®/dt = Vip(t). (40.4) 


In order to show the unperturbed function to which the correction is being 
calculated, we introduce a second suffix in the coefficients a,, writing 


Yn =F aen(t¥,o. 


Accordingly, we write the result of integrating equation (40.4) in the form 
Ayn = —(i/h) { Vag(t) dt = —(i/h) | Vine!ent dt, (40.5) 


where we have introduced the frequencies wy, = (E,—E,)/A. This 
determines the wave functions in the first approximation. 

We can similarly determine the subsequent approximations (in practice, 
however, the first approximation is adequate in the majority of cases). 

Let us now consider in more detail the case of a perturbation which is 
periodic with respect to time, of the form 


DV = Fe-tot + Geiot, (40.6) 
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where F and G are operators independent of time. Since V is Hermitian, 
we must have V,,,, = Vinn*, or 


Fame tt +Girmee! = Finntl@! +-G inne !, 
from which 
Gam = Pans (40.7) 


which determines the relation between the operators G and F. Using this 
relation, we have 


Vint) = Vine ent 
= Fy Crm Fel ent on, (40.8) 


Substituting in (40.5) and integrating, we obtain the following expression for 
the expansion coefficients of the wave functions: 


Fyp@rn-Ol BF Retloy, tort 
Fee ee 
nr 


Hi(e4n—) Hi(wyn+o) 


These expressions are applicable if none of the denominators vanishes,t i.e. 
if for all & (and the given 7) 


BOE, £ thw. (40.10) 


(40.9) 


In a number of applications it is useful to have expressions for the matrix 
elements of an arbitrary quantity f, defined with respect to the perturbed 
wave functions. In the first approximation we have 


fam(t) =f, nm X(t) +f, nmi(t)s 
where 
fam (t) = | PnP Em dq = fam et ant, 
fam (8) = [ PEOPLE OEE OF 07] dg. 


Substituting here ¥,© = Xa,,0V;,, with a,,% determined by formula 
(40.9), it is easy to obtain the required expression 


(0) ©) 
im (t) = —énat | Sua Fam Sem Fax | e~tot 4 
Cy (Liam — 2) B(wpn-Fe) 


ri nook pes Sf 2m OF; pias i } 
————__—— |e"), 


pee Oia, 40.11 
h(wymto)  h(wyn—w) \ 


t More precisely, if none is so small that the quantities az,{) are no longer small compared with 
unity. 
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This formula is applicable if none of its terms becomes large, i.e. if none of 
the frequencies wyn, wm is too close to w. For w = 0 we return to formula 
(38.11). 

In all the formulae given here, it is understood that there is only a discrete 
spectrum of unperturbed energy levels. However, these formulae can be 
immediately generalised to the case where there is also a continuous spectrum 
(as before, we are concerned with the perturbation of states of the discrete 
spectrum); this is done by simply adding to the sums over the levels of the 
discrete spectrum the corresponding integrals over the continuous spectrum. 
Here it is necessary for the denominators w,,,-+ in formulae (40.9), (40.11) 
to be non-zero when the energy £;,() takes all values, not only of the discrete 
but also of the continuous spectrum. If, as usually happens, the continuous 
spectrum lies above all the levels of the discrete spectrum, then, for instance, 
the condition (40.10) must be supplemented by the condition 


Enin ~ EO > hw, (40.12) 


where E.,;,° is the energy of the lowest level of the continuous spectrum. 


PROBLEM 


Determine the change in the nth and mth solutions of SCHRODINGER’s equation in the 
presence of a periodic perturbation (of the form (40.6)), of frequency w such that £,,(—E,( 
= h(w-+e), where ¢€ is a small quantity. 


SOLUTION. The method developed in the text is here inapplicable, since the coefficient 
@mn\) in (40.9) becomes large. We start afresh from the exact equations (40.3), with Vine(t) 
given by (40.8). It is evident that the most important effect is due to those terms, in the 
sums on the right-hand side of equations (40.3), in which the time dependence is determined 
by the small frequency wm,_—w. Omitting all other terms, we obtain a system of two equa- 
tions: 


thdan, {dt = Fyyzet@m-Ola, = Finne*ay, 
thiday{dt = Fyn*e tam. 
We make the substitution 
a,e*! = b,, 
and obtain the equations 
idm = Finnbn, ti(by—ieb,) = Finn* Am: 
Eliminating a,,, we have 
b,—icbat+|F mn|*b,/h? = 0. 
We can take as two independent solutions of these equations 
Q, = Ae!, an = —Ahiaje!/Finn*® (1) 

and 


an = Be~**, an = Bha,e~*i!/F mn™s (2) 
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where A and B are constants (which have to be determined from the normalisation condition), 
and we have used the notation 


y= —tety/[heEe+| Finn|?/A7], bt = get /[he2+] Finn|?/h?]. 


Thus, under the action of the perturbation, the functions ¥,(, ¥,,(°) become a,'¥,(9 + 
tant ,'), with a, and a,, given by (1) and (2). 

Let the system be in the state ¥,,(°) at the initial instant (t = 0). The state of the system 
at subsequent instants is given by a linear combination of the two functions which we have 
obtained, which becomes ’,,(°) for t = 0: 


: tet / 2 2/fF2 dies"? i 2 2/2 (0) 
-| el? cosa/[fe?-+| Finn|?/h? Je Vibe 41F 0A] siny/[fe?+| Fnn|?/h Fn _ 
~ | ee siny/[be+|Fron|?/H It \y,0. (3) 
V [22 +|F mn|"] 
The squared modulus of the coefficient of ¥,,( is 
ay [P44] Fan|?/A7] 2}. (4) 
h<?4- Al Fan|? , 


This gives the probability of finding the system in the state ¥’,,(©) at time t.. We see that it is a 
periodic function with period 27f(e?h?-+4|Finn|?)-#, and varies from 0 to 4!Fingl?/(H%e?+ 
+41 Frn|?)- 

For ¢ = 0 (exact resonance) the probability (4) becomes 


4(1—cos 2|Finnlt/h). 


It varies periodically, with period 7//|Fmn|, between 0 and 1; in other words, the system 
makes periodic transitions from the state ¥,,(°) to the state ¥,,(°). 


§41. Transitions under a perturbation acting for a finite time 


Let us suppose that the perturbation V(z) acts only during some finite 
interval of time (or that V(t) diminishes sufficiently rapidly as ¢ > +-00). 
Let the system be in the mth stationary state (of a discrete spectrum) before 
the perturbation begins to act (or in the limit ast - —0oo). At any subsequent 
instant the state of the system will be determined by the function ‘Y = 
X aynF',,, where, in the first approximation, 


t 
t ; 
Ayn = Ayn? = -; | Vyn@ rt dt for k#n, 
—2 


a (41.1) 
t 
ann = 1+a,,,% = i= [Mn dt; 
the limits of integration in (40.5) are taken so that, as t + —0o0, all the a,,™ 
tend to zero. After the perturbation has ceased to act (or in the limit ¢ > 
+00), the coefficients a,,, take constant values a;,,(00), and the system is in 
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the state with wave function 
Y = ¥ apn(c0)¥,%, 


which again satisfies the unperturbed wave equation, but is different from 
the original function Y,,. According to the general rule, the squared 
modulus of the coefficient @;,,(00) determines the probability for the system 
to have an energy E;,,, i.e. to be in the Ath stationary state. 

Thus, under the action of the perturbation, the system may pass from its 
initial stationary state to any other. The probability of a transition from 
the original (nth) to the Ath stationary state is 
2 

' (41.2) 


Wy, 


t= - | Vye Pint dt 

Let us now consider a perturbation which, once having begun, continues 
to act for an indefinite time (always, of course, remaining small). In other 
words, V(t) tends to zero as ¢ > —oo and to a finite non-zero limit as t > 
+00. Formula (41.2) cannot be applied directly here, since the integral in 
it diverges. This divergence, however, is physically unimportant and can 


easily be removed. To do this, we integrate by parts: 
t 


: t . 
Z ; Vine kent t rs) Vun ergy t 
Qn = Tt { Vpn er eent dt = — | + | dt 
h 2 hwyn Sy ’o ot hiw kn 


The value of the first term vanishes at the lower limit, while at the upper 
limit it is formally identical with the expansion coefficients in formula (38.7); 
the presence of an additional periodic factor e’“*' is merely due to the fact 
that the a,,, are the expansion coefficients of the complete wave function ¥, 
while the c,,, in §38 are the expansion coefficients of the time-independent 
function y. Hence it is clear that its limit as t > 00 gives simply the change 
in the original wave function ‘¥,, under the action of the “constant part” 
V(-+-00) of the perturbation, and consequently has no relation to transitions 
into other states. The probability of a transition is given by the squared 
modulus of the second term and is 

| OV em Sag dt 

), ot 


1 
Waryen? 
The derivation is also valid when the transition is from a state of the discrete 
spectrum to a state of the continuous spectrum. The only difference is that 
here we have the probability of the transition from a given (nth) state to states 
in a range of values of v (see §38) fromv tov + dv, so that, for example, formula 
(41.2) must be written 


2 


(41.3) 


One = 


2 
dv. (41.4) 


1 foe) 
dwn, = a | Vynetovnt dt 
hi2 
—0O 
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If the perturbation V(#) varies little during time intervals of the order of 
the period 1/w,,, the value of the integral in (41.2) or (41.3) will be very 
small. In the limit when the applied perturbation varies arbitrarily slowly, the 
probability of any transition with change of energy (i.e. with a non-zero 
frequency @;,) tends to zero. Thus, when the applied perturbation changes 
sufficiently slowly (adiabatically), a system in any non-degenerate stationary 
state will remain in that state (see also §53). 

In the opposite limiting case of a very rapid, “instantaneous” application of 
the perturbation, the derivatives 0V},,/0t become infinite at the “instant of 
application”. In the integral of (@Vxn/dt)etent, we can take outside the 
integral the comparatively slowly varying factor et and use its value at 
this instant. The integral is then found at once, and we obtain 


Wnk = | Vien|?/F2 00 pn. (41.5) 


The transition probabilities in instantaneous perturbations can also be 
found in cases where the perturbation is not small. Let the system be in a 
state described by one of the eigenfunctions %, of the original Hamiltonian 
Hy. If the change in the Hamiltonian occurs instantaneously (i.e. in a time 
short compared with the periods 1/wxy of transitions from the given state 
to other states), then the wave function of the system is “unable” to vary and 
remains the same as before the perturbation. It will no longer, however, be 
an eigenfunction of the new Hamiltonian H of the system, i.e. the state 
Yn will not be a stationary state. The probabilities w,; for transitions of 
the system into the new stationary states are determined, according to the 
general rules of quantum mechanics, by the coefficients in the expansion of the 
function %, in terms of the eigenfunctions %, of the Hamiltonian H: 


ton = | | pn pe dgl”. (41.6) 
We shall show how this general formula becomes (41.5) if the change 
V = H—A) in the Hamiltonian is small. We multiply the equations 
Aobn© = En n™, Ay, = Exhy 


by ¢x* and $,* respectively, integrate with respect to g and subtract. 
Using also the self-conjugacy of the operator H, we obtain 


(Ex — En) | bitin dg = | d*Plin dq. 


If the perturbation V is small, in the first approximation we can replace 
E;, by the adjoining unperturbed level E;,, and the wave function x, (on 
the right-hand side of the equation) by the corresponding function ;,. 
This gives 


1 
| een dq = ——. | Td dq, 
hwgn 


and formula (41.6) becomes (41.5). 
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PROBLEMS 


PRoBLEM 1, A uniform electric field is suddenly applied to a charged oscillator in the 
ground state. Determine the probabilities of transitions of the oscillator to excited states 
under the action of this perturbation. 


So.uTion. The potential energy of the oscillator in the uniform field (which exerts a 
force F on it) is 


U(x) = 4mw2x? — Fx 


$mw*(x — xo)?+ constant 


(where xo = F/mw?), i.e. has still the pure oscillator form but with the equilibrium position 
shifted. Hence the wave functions of the stationary states of the perturbed oscillator are 
$x(x—x0), where x(x) are the oscillator functions (23.12); the initial wave function is 
$o(x) (23.13). Using these functions and the expression (23.11) for the Hermite polynomials, 
we find 


AP eet 
(aby doe = —————e-E0?/2 | Eo _e-E#+ 2850 dé 
J pop, dx Fak i) ager 3 


with the notation £9 = xo\/(m/h). On integrating k times by parts, the integral on the 
right becomes 


ioe) 


tok | enEtEbo dé = Egks/rebe"/4, 


eee) 
Thus the transition probability (41.6) is 


&o2* 
Wo, = ——e$,?/ 2, 
2kk! 


As a function of the number & it represents a Poisson distribution for which the mean value 
of k is 


kh = hég2 = F2/2mhw®. 


Perturbation theory is applicable when F is small, so that k <1. Then the excitation 
probabilities are small, and decrease rapidly with increasing k. The largest is wo1 ~ 2. 

In the opposite case of large F (k > 1), excitation of the oscillator occurs with very high 
probability: the probability that the oscillator will remain in the normal state is woo = e-¥. 


PROBLEM 2. The nucleus of an atom in the normal state receives an impulse which gives 
it a velocity v; the duration 7 of the impulse is assumed short in comparison both with the 
electron periods and with a/v, where ais the dimension of the atom. Determine the probability 
of excitation of the atom under the influence of such a “jolt’’ (A. B. Micpa 1939). 


SOLUTION. We use a frame of reference K’ moving with the nucleus after the impact. 
By virtue of the condition r <a/v, the nucleus may be regarded as practically stationary 
during the impact, so that the co-ordinates of the electrons in K’ and in the original frame K 
immediately after the perturbation are the same. The initial wave function in K’ is 


yo’ = Yo exp(—iq. x fa); q = mv/h, 


where yo is the wave function of the normal state with the nucleus at rest, and the summation 
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in the exponent is over all Z electrons in the atom; see §15, Problem 2. The required prob- 
ability of transition to the kth excited state is now given, according to (41.6), by 


wor = | [pus exp(—iq. E ra)o di... dVz[? 


In particular, if ga <1, then by expanding the exponential factor in the integrand and noting 
that the integral of ¥;*o is zero because the functions %o and %% are orthogonal, we obtain 


wor = | | vera. E ra)po dV; ... dV Z|? . 


PROBLEM 3, Determine the total probability of excitation and ionisation of an atom of 
hydrogen which receives a sudden “‘jolt’’ (see Problem 2). 


SOLUTION. The required probability can be calculated as the difference 
1—s09 = 1—| | poet ay, 


where woo is the probability that the atom will remain in the ground state (yo = a~!!2e-r/a 
being the wave function of the ground state of the hydrogen atom, with a the Bohr radius). 
Calculation of the integral gives 


1—woo = 1—1/(1+492a?)4. 


In the limiting case ga < 1 this probability tends to zero as g2a?, while for ga > 1 it tends to 
unity as 1—(2/ga)8. 

PROBLEM 4. Determine the probability that an electron will leave the K-shell of an atom 
with large atomic number Z when the nucleus undergoes B-decay. The velocity of the 


8-particle is assumed large in comparison with that of the K-electron (A. B. MIcpAL and 
E. L. FEINBERG 1941). 


SOLUTION.f In the conditions stated the time taken by the 8-particle to pass through the 
K-shell is small compared with the period of revolution of the electron, so that the change in 
the nuclear charge can be regarded as instantaneous. The perturbation is here represented 
by the change V = 1/r in the field of the nucleus when the change in its charge is small 
(1 compared with Z). According to (41.5) the transition probability for one of the two K-shell 
electrons with energy Eo = —}$Z? (here and below we use the fact that the state of the K- 
electrons is hydrogen-like; see §74) to a state of the continuous spectrum with energy 
E = $k? in the range dE = k dk is 


= 4|Vox|? 
7 (2+ Z2)2 


In the range which determines the matrix element Vox, the important part is that of short 
distances (~1/Z) from the nucleus, in which the hydrogen-like expression can again be used 
for the wave function of a state of the continuous spectrum. The final state of the electron 
must have angular momentum / = 0 (the same as that of the initial state). By means of the 
functions Rio and Reo (normalised on the & scale) derived in §36 and formula (f.3) in the 
Mathematical Appendices we findt 


! 4V/k — (1+4k/Z)IZ/k(1 —ik/Z) 121k 
() on Vleet) RYZE 


+ In Problems 4 and 5, atomic units are used. 
t In the calculation it is convenient to use Coulomb units and then return to atomic units in the 
final result. 
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and, since 


[(1+2a)t/2]2 = exp[—(2/ax) tan-la], 
we obtain finally 
27 
w= ———____—_{(k/Z)k dk, 
ZA(1 Ryze i) 


with 
1 
f(«) = ———— exp[—(4/«) tan7} a]. 
T= e727 /a 


The limiting values of the function f(«) are e~4 for « <1 and «/2m for «> 1. 
The total probability of ionisation of the K-shell is obtained by integration of dw over all 
energies of the emergent electron. A numerical evaluation gives w = 0-65Z2. 


PRoBLEM 5. Determine the probability of emergence of an electron from the K-shell 
of an atom with large Z in a-decay of the nucleus. The velocity of the «-particle is small 
compared with that of the K-electron, but the time which it takes to leave the nucleus is small 
in comparison with the time of revolution of the electron. 


SOLUTION. After the emergence of the «-particle, the perturbation acting on the electron 
is adiabatic. The required effect is therefore determined essentially by the interval of time 
close to the “‘instant of application’’ of the perturbation which destroys the adiabaticity, when 
the «-particle, leaving the nucleus and moving freely, is still at a distance small compared with 
the radius of the K-orbit. The perturbation VY which causes the ionisation of the atom is 
here represented by the deviation of the combined field of the nucleus and the a-particle 
from the purely Coulomb field Z/r. The dipole moment of two particles with atomic weights 
4 and A—4, and charges 2 and Z—2, at a distance vt apart (where v is the relative velocity of 
the nucleus and the «-particle), ist 


AA-4)—(Z—2)4 24-22) | 


A A 
Hence the dipole term in the field of the nucleus and the «-particle is|| 
2(A—2Z) x 
= ———vi—, 
A 73 


where the z-axis is in the direction of the velocity v. The matrix element of this perturbation : 
reduces to that of z: taking the matrix element of the equation of motion of the electron 
& = —Zez/r3, we obtain , 


(2/73 )ox = (E— Eo)2z0%/Z. 
The required transition probability for one of the two electrons in the K-shell is, by (41.2), 
ss 2 
dw = 2| | Voxet(Bo-EXt dy! dk 
0 
8(A—-2Z)2v? 


Az? |zox2 dk; 


+ This problem was first discussed by A. B. M1GpaAL (1941). 
t The necessity of simultaneously considering the motion of the «-particle and that of the nucleus 
in this problem has been pointed out by J. S. LEVINGER (1953). 


|| If the difference 4—2Z is small, it may be necessary to take account of the next (quadrupole) 
term also. 
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to calculate the integral, we include in the integrand an additional damping factor e~* with 
A > 0, and then make A -> 0 in the result. To calculate the matrix element of z = 7 cos 0, 
we note that, since the orbital angular momentum in the initial state is 1 = 0, cos @ has a non- 
zero matrix element only for the transition to a state with J = 1, and 


|(cos @)o1|2 = (cos @)oo = 4 
[ox|? = $|rox]?. 
Calculating rox by means of the radial functions Roo and Rxi, we find 
211(4A —2Z)2v2 
” 3 A2Z6(1 + 82/228 


the function f being as in Problem 4. 


and 
S(R/Z)k dk, 


§42. Transitions under the action of a periodic perturbation 


The results are different for the probability of transitions to the states of 
the continuous spectrum under the action of a periodic perturbation. Let 
us suppose that, at some initial instant ¢ = 0, the system is in the nth station- 
ary state of the discrete spectrum. We shall assume that the frequency w of 
the periodic perturbation is such that 


fied > E rnin —En, (42.1) 


where E,,,, is the value of the energy where the continuous spectrum begins. 

It is evident from the results of §40 that the chief part will be played by 
states with energies E,, very close to the resonance energy E,,) + iw, i.e. those 
for which the difference w,,—@ is small.t For this reason it is sufficient to 
consider, in the matrix elements (40.8) of the perturbation, only the first 
term (with the frequency w,,—q close to zero). Substituting this term in 
(40.5) and integrating, we obtain 


1 ElOy,—Oyt__] 
- { V, At) dt = —F,,—_____—_ (42.2) 


"Ai, ,—w) 


The lower limit of integration is chosen so that a,,, = 0 for t = 0, in accord- 
ance with the initial condition imposed. 
Hence we find for the squared modulus of a,,, 


lanl? = [Foal » 4 sin?[3(w,,—w)t]/A?(w,,—w)?. (42.3) 


It is easy to see that, for large t, this function can be regarded as propor- 
tional to tz. To show this, we notice that 


<< 5(). (42.4) 


For when « # 0 this limit is zero, while for « = 0 we have (sina#)/ta? = ¢, 
so that the limit is infinite; finally, integrating over « from —0oo to +00, 


t We recall that the suffix v refers to the continuous spectrum (see the end of §38). 
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we have (with the substitution af = £) 


1 (= ; 1 Pf sin%é 
7 ta? 7 & 


Thus the function on the left-hand side of equation (42.4) in fact satisfies all 
the conditions which define the delta function. Accordingly, we can write 
for large t 


lanl” = (1/A?)|F, .|27t8(3e,,—30), 
or, substituting fw,, = E,—E,, and using the fact that 5(ax) = (1/a)8(x), 
|@,,|? = (277/h)|F,,,?8(E,—E,—hw)t. 


The expression |a,,,|? dv is the probability of a transition from the original 
State to one in the interval from v to v-+dy (cf. §5). We see that, for large t, 
it is proportional to the time interval elapsed since t = 0. The probability 
dw,,, of the transition per unit time ist 


deo, = (21/h)|F,,|°8(E,—E,—Hew) dv. (42.5) 


As we should expect, it is zero except for transitions to states with energy 
E, = E,,+fo. If the energy levels of the continuous spectrum are not 
degenerate, so that v can be taken as the value of the energy alone, then the 
whole “interval” of states dv reduces to a single state with energy E = E,, 0) 4 
+ fw, and the probability of a transition to this state is 


W,E = (2n/h)|F z,|?. (42.6) 


§43. Transitions in the continuous spectrum 


One of the most important applications of perturbation theory is to calculate 
the probability of a transition in the continuous spectrum under the action 
of a constant (time-independent) perturbation. We have already mentioned 
that the states of the continuous spectrum are almost always degenerate. 
Having chosen in some manner the set of unperturbed wave functions cor- 
responding to some given energy level, we can put the problem as follows. 
It is known that, at the initial instant, the system is in one of these states; 
it is required to determine the probability of the transition to another state 
with the same energy. If we denote the initial state by the suffix vo, then 
for transitions to states between v and v+dy we have at once from (42.5) 
(putting w = 0 and changing the notation) 


dw,,, = (2n/8)|V,,[°(E,—E, ) dv. (43.1) 
This expression is, as we should expect, zero except for E, = E,: under 


t It is easy to verify that, on taking account of the second term in (40.8), which we have omitted, 
additional expressions are obtained which, on being divided by #, tend to zero as t—> +o. 


6 
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the action of a constant perturbation, transitions occur only between states 
with the same energy. It must be noticed that, for transitions from states 
of the continuous spectrum, the quantity dw, , cannot be regarded directly 
as the transition probability; it is not even of the right dimensions (1/time). 
Formula (43.1) represents the number of transitions per unit time, and its 
dimensions depend on the chosen method of normalisation of the wave 
functions of the continuous spectrum. 

Let us calculate the perturbed wave function which at the initial instant 
coincides with the initial unperturbed function 4, . According to formula 
(42.2) (putting w = 0 and changing the notation) we have 


ei /M\E,-E, tJ 

a® = VY, —_____—_ 

vy, Vo E—E . 
v, oP 


The perturbed wave function has the form 
v, =¥,+4 J al) FO dv, 
or 


1—elt /ME,, -E,)t 
een | 


Y= [ v.04 | Vy by EWE, y eee, 
(43.2) 


where the integration is extended over the whole continuous spectrum.f 

Let us ascertain the limiting form of this function for large ¢. To do so, 
we separate from dy the differential dE, of the energy (writing dy = dE, dz, 
where dz is the product of the differentials of the remaining quantities which 
determine a state in the continuous spectrum), and formally regard FE, as a 
complex variable. The integral 


1— et /MXE,, Et 
| V5. aes os ae dE, 


in (43.2) is taken along the real axis. We slightly displace the path of inte- 
gration into the lower half-plane; this can be done without changing the 
value of the integral, since the integrand has no singularities on the real axis. 
The integral can then be divided into two parts 


dE Viv» 
| V,, yp O—_~_ and — | Vint cmt, Eph dE, 
a ee E, —E, 

(these integrals have no meaning when the integration is along the real axis, 
since they diverge at the point E, = E,). Since im E, < 0 on the contour 
of integration, the second of the above integrals tends to zero as t tends to 


+ If there is also a discrete spectrum, then we must add to the integral in this formula (and subse- 
quent ones) the appropriate sum over the states of the discrete spectrum. 
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infinity (because of the factor exp[/-'im(E,)¢] in the integrand). In the first 
integral, we can again make the path of integration the real axis, but pass 
round the point HE, = E, below. This method of integration can be conven- 
iently represented in another form by adding to the constant E,, in the 
denominator of the integrand a small positive imaginary quantity 75. The 
pole of the integrand is thereby shifted into the upper half-plane, and the 
integration can be taken simply along the real axis (which now passes below 
the pole), after which 8 is allowed to tend to zero. 
Thus we obtain for the wave function the expression 


Veg 
Y= (0) —————, % d Jeet 6>0+. (43.3 
wo Lhet | geht (43.3) 


The time factor shows that this function belongs, as it should, to the same 
energy £,, as the initial unperturbed function. In other words, the function 


Vw, 
=x —__* 4 
py by, + | Ey. aR v 


satisfies SCHRODINGER’s equation (H+ Vy, = E,%,. For this reason it 
is natural that the expression above should correspond exactly to formula 
(38.7). 

The calculations given above correspond to the first approximation of 
perturbation theory. It is not difficult to calculate the second approximation 
as well. To do this, we must derive the formula for the next approximation 
to '¥’,,; this is easily effected by using the method of §38 (now that we know 
the method of dealing with the “divergent” integrals). A simple calculation 
gives the formula 


aa | (0) V ee dy’ dd GME, (43.4 
= —— ec Yo'y : 
Ve Py, Tr | [ vy, eer v E, —E ) 


with the same method of indentation in the integrals. 

Comparing this expression with formula (43.3), we can write down the 
corresponding formula for the probability (or, more precisely, the number) 
of transitions, by direct analogy with (43.1): 


2a Vw View, ‘ si 
deo, = 5 |Viy,+ | Boe, "| E,,—B,) ae. (43.5) 
Vo v’ 


It may happen that the matrix element V,,, for the transition considered 


t Starting from the latter formula, the way in which the integral must be taken can be found from 
the condition that the asymptotic expression for yy, at large distances must contain only an outgoing 
(and not an ingoing) wave (see §134). 
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vanishes. The effect is then zero in the first approximation, and we have for 
the number of transitions 


2 Viv Vong : 
Naat =| | Rbadedidiads dv 5(E,—E, ) dv. (43.6) 
” Rl) B, —E,- ° 


In applications of this formula, the point E,, = E,, is not usually a singularity 
of the integrand; the manner of integrating with respect to E,, is therefore 
unimportant in general, and the integral can be taken along the real axis. 

The states v’ for which V,, and V,,,, are not zero are usually called 
intermediate states for the transition vy» > v. It may happen that the transi- 
tion v, > vcan take place not through one but only through several successive 
intermediate states. Formula (43.6) can be at once generalised to such cases. 
Thus, if two intermediate states are needed, we have 


2r Vive Vor Vor, . 
dw, , = =| | | sg dye SB) dy: 
: h (E,,—£, E,, — Ey’) : 


(43.7) 


§44. The uncertainty relation for energy 


Let us consider a system composed of two weakly interacting parts. We 
suppose that it is known that at some instant these parts have definite values 
of the energy, which we denote by E and « respectively. Let the energy be 
measured again after some time interval At; the values E’, ’ obtained are 
in general different from E, ¢. It is easy to determine the order of magnitude 
of the most probable value of the difference E’ + «’ —E—e which is found asa 
result of the measurement. 

According to formula (42.3) with w = 0, the probability of a transition of 
the system (after time t), under the action of a time-independent perturbation, 
from a state with energy E to one with energy E’ is proportional to 


sin®{(E’—E)t/2h]/(E’—E)?. 


Hence we see that the most probable value of the difference E’—E is of the 
order of hit. 

Applying this result to the case we are considering (the perturbation being 
the interaction between the parts of the system), we obtain the relation 


|Ete—E’—e'|At ~ ih. (44.1) 


Thus the smaller the time interval At, the greater the energy change that is 
observed. It is important to notice that its order of magnitude //At is inde- 
pendent of the amount of the perturbation. The energy change determined 
by the relation (44.1) will be observed, however weak the interaction between 
the two parts of the system. This result is peculiar to quantum theory and has 
a deep physical significance. It shows that, in quantum mechanics, the law 
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of conservation of energy can be verified by means of two measurements only 
to an accuracy of the order of h/At, where At is the time interval between the 
measurements. 

The relation (44.1) is often called the uncertainty relation for energy. How- 
ever, it must be emphasised that its significance is entirely different from 
that of the uncertainty relation ApAx ~ & for the co-ordinate and momen- 
tum. In the latter, Ap and Ax are the uncertainties in the values of the 
momentum and co-ordinate at the same instant; they show that these two 
quantities can never have entirely definite values simultaneously. The 
energies E, ¢, on the other hand, can be measured to any degree of accuracy 
at any instant. The quantity (E+«)—(E’+e’) in (44.1) is the difference 
between two exactly measured values of the energy E+ e at two different 
instants, and not the uncertainty in the value of the energy at a given instant. 

If we regard E as the energy of some system and ¢ as that of a “‘measuring 
apparatus’’, we can say that the energy of interaction between them can be 
taken into account only to within f/At. Let us denote by AB, Ae, ... the 
errors in the measurements of the corresponding quantities. In the favour- 
able case when e, e’ are known exactly (Ae = Ac’ = 0), we have 


A(E—E’) ~ hijAt. (44.2) 


From this relation we can derive important consequences concerning the 
measurement of momentum. The process of measuring the momentum of a 
particle (for definiteness, we shall speak of an electron) consists in a collision 
of the electron with some other (“measuring”) particle, whose momenta 
before and after the collision can be regarded as known exactly.t If we apply 
to this collision the law of conservation of momentum, we obtain three equa- 
tions (the three components of a single vector equation) in six unknowns 
(the components of the momentum of the electron before and after the col- 
lision). The number of equations can be increased by bringing about a 
series of further collisions between the electron and “measuring” particles, 
and applying to each collision the law of conservation of momentum. This, 
however, increases the number of unknowns also (the momenta of the electron 
between collisions), and it is easy to see that, whatever the number of col- 
lisions, the number of unknowns will always be three more than the number 
of equations. Hence, in order to measure the momentum of the electron, 
it is necessary to bring in the law of conservation of energy at each collision, 
as well as that of momentum. The former, however, can be applied, as we 
have seen, only to an accuracy of the order of h/At, where At is the time be- 
tween the beginning and end of the process in question. 

To simplify the subsequent discussion, it is convenient to consider an 
imaginary idealised experiment in which the “measuring particle” is a 
perfectly reflecting plane mirror; only one momentum component is then 
of importance, namely that perpendicular to the plane of the mirror. To 


+ In the present analysis it is of no importance how the energy of the “‘measuring’’ particle is ascer- 
tained. 
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determine the momentum P of the particle, the laws of conservation of 
momentum and energy give the equations 


p'+P’—p—P =0, (44.3) 


|e’ +E’ —c—E| ~ hit, (44.4) 


where P, E are the momentum and energy of the particle, and p, € those of 
the mirror; the unprimed and primed quantities refer to the instants before 
and after the collision respectively. The quantities p, p’, «, <’ relating to the 
“measuring particle” can be regarded as known exactly, i.e. the errors in 
them are zero. Then we have for the errors in the remaining quantities, 
from the above equations: 


AP =AP’, AE’—AE ~ iit. 


But AE = (@E/@P)AP = vAP, where v is the velocity of the electron (before 
the collision), and similarly AE’ = v'AP’ = v'AP. Hence we obtain 


(v',—v,)AP, ~ hiAt. (44.5) 


We have here added the suffix x to the velocity and momentum, in order to 
emphasise that this relation holds for each of their components separately. 

This is the required relation. It shows that the measurement of the 
momentum of the electron (with a given degree of accuracy AP) necessarily 
involves a change in its velocity (i.e. in the momentum itself). This change 
is the greater, the shorter the duration of the measuring process. ‘The change 
in velocity can be made arbitrarily small only as At + oo, but measurements 
of momentum occupying a long time can be significant only for a free particle. 
The non-repeatability of a measurement of momentum after short intervals 
of time, and the “‘two-faced” nature of measurement in quantum mechanics— 
the necessity of a distinction between the measured value of a quantity and 
the value resulting from the process of measurement—are here exhibited with 
particular clarity. 

The conclusion reached at the beginning of this section, which was based 
on perturbation theory, can also be derived from another standpoint by con- 
sidering the decay of a system under the action of some perturbation. Let 
E, be some energy level of the system, calculated without any allowance for 
the possibility of its decay. We denote by 7 the lifetime of this state of the 
system, i.e. the reciprocal of the probability of decay per unit time. Then 
we find by the same method that 


|Ey—E—e| ~ his, (44.6) 


where E, ¢ are the energies of the two parts into which the system decays. 
The sum E+, however, gives us an estimate of the energy of the system 
before it decays. Hence the above relation shows that the energy of a system, 


+ The relation (44.5) and the elucidation of the physical significance of the uncertainty relation for 
energy are due to N. Bour (1928). 
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in some “‘quasi-stationary” state, which is free to decay can be determined 
only to within a quantity of the order of f/7. This quantity is usually called 
the width T of the level. Thus 


Tw Air. (44.7) 


§45. Potential energy as a perturbation 


The case where the total potential energy of the particle in an external 
field can be regarded as a perturbation merits special consideration. The 
unperturbed SCHRODINGER’s equation js then the equation of free motion of 
the particle: 


AyO+ RYO =0, k= o/(2mElht) = p/h, (45.1) 


and has solutions which represent plane waves. The energy spectrum of 
free motion is continuous, so that we are concerned with an unusual case of 
perturbation theory in a continuous spectrum. The solution of the problem 
is here more conveniently obtained directly, without having recourse to 
general formulae. 

The equation for the correction “ to the wave function in the first ap- 
proximation is 


AY4 RYO = (2mU/hA)YO, (45.2) 


where U is the potential energy. The solution of this equation, as we know 
from electrodynamics, can be written in the form of retarded potentials, i.e. 
in the formt 


POM a, y, 2) = —(m/2nht) | POUCH,’ a") dV'lr, (45.3) 


where 
dV’ = dx'dy'dz’, r2 = (x—x')?+-(y—y’)2-+(2—2’)%, 


Let us find what conditions must be satisfied by the field U in order that 
it may be regarded as a perturbation. The condition of applicability of per- 
turbation theory is contained in the requirement that $) <4, Let abe 
the order of magnitude of the dimensions of the region of space in which the 
field is noticeably different from zero. We shall first suppose that the energy 
of the particle is so small that ka is at most of the order of unity. Then the 
factor et#r in the integrand of (45.3) is unimportant in an order-of-magnitude 
estimate, and the integral is of the order of %|U|a?, so that 


YO) —~ m| Ula ye, 
} This is a particular integral of equation (45.2), to which we may add any solution of the same 
equation with zero on the right-hand side, i.e. the unperturbed equation (45.1). 
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and we have the condition 
[U| < h?/ma? (for ka = 1). (45.4) 


We notice that the expression on the right has a simple physical meaning; 
it is the order of magnitude of the kinetic energy which the particle would 
have if enclosed in a volume of linear dimensions a (since, by the uncertainty 
relation, its momentum would be of the order of fi/a). 

Let us consider, in particular, a potential well so shallow that the condition 
(45.4) holds for it. It is easy to see that in such a well there are no negative 
energy levels (R. PEIERLs 1929); this has been shown, for the particular case 
of a spherically symmetric well, in §33, Problem. For, when £ = 0, the 
unperturbed wave function reduces to a constant, which can be arbitrarily 
taken as unity: 4 = 1. Sincep™® < ©), it is clear that the wave function 
ys = 1+ for motion in the well nowhere vanishes; the eigenfunction, 
being without nodes, belongs to the normal state, so that EF = 0 remains the 
least possible value of the energy of the particle. Thus, if the well is suffi- 
ciently shallow, only an infinite motion of the particle is possible: the particle 
cannot be ‘“‘captured” by the well. Attention must be paid to the fact that 
this result is peculiar to quantum theory; in classical mechanics a particle can 
execute a finite motion in any potential well. 

It must be emphasised that all that has been said refers only to a three- 
dimensional well. In a one- or two-dimensional well (i.e. one in which the 
field is a function of only one or two co-ordinates), there are always negative 
energy levels (see the Problems at the end of this section). This is related to 
the fact that, in the one- and two-dimensional cases, the perturbation theory 
under consideration is inapplicable for an energy E which is zero (or very 
small). 

For large energies, when ka > 1, the factor e*” in the integrand plays an 
important part, and markedly reduces the value of the integral. The solution 
(45.3) in this case can be transformed; the alternative form, however, is more 
conveniently derived by returning to equation (45.2). We take as x-axis the 
direction of the unperturbed motion; the unperturbed wave function then 
has the form #) = e*# (the constant factor is arbitrarily taken as unity). 
Let us seek a solution of the equation 


AyO+ RyO = (2m/h?) Vek 


in the form ) = e**f; in view of the assumed large value of f, it is suffi- 
cient to retain in Ay®) only those terms in which the factor e*** is differen- 
tiated one or more times. We then obtain for f the equation 


Qik flax = 2mU/h2, 


+ In the two-dimensional case (1) is expressed (as is known from the theory of the two-dimensional 
wave equation) as an integral similar to (45.3), in which, instead of ef dx’dy’de’/r, we have inH,"!)(kr) 
dx’dy’, where H,() is the Hankel function of the first kind, of zero order, andr? = (x—x’P+(y—y’}*. 
As k—> 0, the Hankel function, and therefore the whole integral, tend logarithmically to infinity. 

Similarly, in the one-dimensional case, we have, inthe integrand, 2zie dx’/k, wherer = \x—x’|, 
and as k—> 04) tends to infinity as 1/h. 
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whence 


YO) = etkef = —(imph*het*=( U de. (45.5) 


An estimation of this integral gives |b@)| ~ mUa|hk, so that the condition 
of applicability of perturbation theory in this case is 


|U| < (h2/ma®)ka = hvla (ka > 1), (45.6) 


where v = kh/m is the velocity of the particle. It is to be observed that this 
condition is weaker than (45.4). Hence, if the field can be regarded as a 
perturbation at small energies of the particle, it can always be so regarded at 
large energies, whereas the converse is not necessarily true.t+ 

The applicability of the perturbation theory developed here to a Coulomb 
field requires special consideration. Ina field where U = a/r, it is impossible 
to separate a finite region of space outside which U is considerably less than 
inside it. The required condition can be obtained by writing in (45.6) a 
variable distance 7 instead of the parameter a; this leads to the inequality 


affiv < 1. (45.7) 


Thus, for large energies of the particle, a Coulomb field can be regarded as a 
perturbation.t 

Finally, we shall derive a formula which approximately determines the 
wave function of a particle whose energy E everywhere considerably exceeds 
the potential energy U (no other conditions being imposed). In the first 
approximation, the wave function depends on the co-ordinates in the same 
way as for free motion (whose direction is taken as the x-axis). Accordingly, 
let us look for % in the form % = e#*%F, where F is a function of the co- ° 
ordinates which varies slowly in comparison with the factor e‘** (but we 
cannot in general say that it is close to unity). Substituting in SCHRODINGER’s 
equation, we obtain for F the equation 


2ik OF /ax = (2m/h2)UF, (45.8) 
whence 
yp = etk@F — constant xe*tei/MvlUdz, (45.9) 


This is the required expression. It should, however, be borne in mind that 
this formula is not valid at large distances. In equation (45.8) a tem AF 
has been omitted which contains second derivatives of F. The derivative 
eF/0x®, together with the first derivative @F/dx, tends to zero at large 
distances, but the derivatives with respect to the transverse co-ordinates y 
and z do not tend to zero, and can be neglected only if x < ka?. 


¢ In the one-dimensional case the condition for perturbation theory to be applicable is given by 
the inequality (45.6) for all ka. The derivation of the condition (45.4) given above for the three- 
dimensional case is not valid in the one-dimensional case, owing to the divergence of the resulting 
function %) (see the preceding footnote). 

¢ It must be borne in mind that the integral (45.5) with a field U = a«/r diverges (logarithmically) 
when x/+/(y?+ 27) is large. Hence the wave function in a Coulomb field, obtained by means of pertur- 
bation theory, is inapplicable within a narrow cone about the x-axis. 
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PROBLEMS 


ProBLEM 1. Determine the energy level in a one-dimensional potential well whose depth 
is small. It is assumed that the condition (45.4) is satisfied. 


SoLuTION. We make the hypothesis, which will be confirmed by the result, that the 
energy level |E| <|U|. Then, on the right-hand side of ScHRODINGER’s equation 


D*pfdx® = (2m/h)[U(x)—Ely, 


we can neglect E in the region of the well, and regard ¢ as a constant, which without loss of 
generality can be taken as unity: 


A%p/dx® = 2mU/h?. 


We integrate this equation with respect to x between two points +, such that a << x, < 1/k, 
where a is the width of the well and « = ~/(2m|E|/h?). Since the integral of U(x) converges, 
the integration on the right can be extended to the whole range from —0 to +0: 


E : = [vas (1) 


dxJj_ 
«, 


At large distances from the well, the wave function is of the form % = e+«*, Substituting 
this in (1), we find 


oe (2mjht) | U dx 
|E| = (m/2h?) J U dx 


We see that, in accordance with the hypothesis, the energy of the level is a small quantity of a 
higher order (the second) than the depth of the well. 


PROBLEM 2. Determine the energy level in a two-dimensional potential well U(r) (where 


. . . . 0 
ry is the polar co-ordinate in the plane) of small depth; it is assumed that the integral J rU dr 
converges. A 
SoLuTION. Proceeding as in the previous problem, we have in the region of the well the 
equation 


1dsdy\ 2m 
-—(r_) =v. 
r dr\ dr i 
Integrating this with respect to r from 0 to 7; (where a<< 17, < 1/«), we find 
dy 2m f 
[ = — | rU(r) dr. (1) 


dr r=" hr 1 


At large distances from the well, the equation of free motion in two dimensions is 


Ld (ayy 2m 
+ dr ‘de pee 


and has a solution (vanishing at infinity) ¢ = constant x Ko(xr), where Ko is the Hankel 
function of the first kind, of zero order and imaginary argument; for small values of the 
argument, the leading term in Ko(kr) is proportional to log «r. Bearing this in mind, we 
equate the logarithmic derivatives of ¢ for r ~ a inside the well (the right-hand side of (1)) 
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and outside it, obtaining 


2m - 
———_—-2z— | U(r)r dr, 
alogxa _ hita : 

whence 


ao 


2 er 
|E| ~ — exp =| | |Ujr ar| | . 
ma? mid 


157 


We see that the energy of the level is exponentially small compared with the depth of the 


well. 


CHAPTER VII 


THE QUASI-CLASSICAL CASE 


§46. The wave function in the quasi-classical case 


Ir the de Broglie wavelengths of particles are small in comparison with the 
characteristic dimensions which determine the conditions of a given problem, 
then the properties of the system are close to being classical,t+ just as wave 
optics passes into geometrical optics as the wavelength tends to zero. 

Let us now investigate more closely the properties of ‘‘quasi-classical”’ 
systems. ‘T’o do this, we make in SCHRODINGER’s equation 


i 

> =A +(E-Uyy = 0 
— 2m, 

the substitution 


ib = et/Do, (46.1) 


For the function o we obtain the equation 


Dini" 2 re 


Since the system is supposed almost classical in its properties, we seek o in 
the form of a series: 


Ao =E-U. (46.2) 


a 


o = oy+(hli)o,+(h/i)®oo+ ..., (46.3) 


expanded in powers of &. 
We begin by considering the simplest case, that of one-dimensional motion 
of a single particle. Equation (46.2) then reduces to 


o'/2m—ilic" 2m = E—U(s), (46.4) 


where the prime denotes differentiation with respect to the co-ordinate x. 
In the first approximation we write o = o, and omit from the equation the 
term containing A: 


oy2/2m = E—U(x). 


+ We may point out, in particular, that the states of the discrete spectrum with large values of the 
quantum number 2 are quasi-classical. For the number n (the ordinal number of the state) determines 
the number of nodes of the eigenfunction (see §21). The distance between adjoining nodes, however, 
is of the same order of magnitude as the de Broglie wavelength. For large n this distance is small, 
so that the wavelength is small in comparison with the dimensions of the region of motion. 
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Hence we find 


oy = | V{2m[E—U(s)]} de. 


The integrand is simply the classical momentum (x) of the particle, expres- 
sed as a function of the co-ordinate. Defining the function p(x) with the +. 
sign in front of the radical, we have 


o=+f pdx, p= V[2m(E-U)], (46.5) 


as we should expect from the limiting expression (6.1) for the wave function.} 
The approximation made in equation (46.4) is legitimate only if the seconcl 
term on the left-hand side is small compared with the first, i.e. we must have 
hjo’’]o'2| < lor 


|d(hJo’)/da] < 1, 


In the first approximation we have, according to (46.5), o’ =p, so that the 
condition obtained can be written 


|d(A/2zr)/dx| < 1, (46.6) 


where \(x) = 2h/p(x) is the de Broglie wavelength of the particle, expressed. 
as a function of x by means of the classical function p(x). Thus we have 
obtained a quantitative ‘‘quasi-classical” condition: the wavelength of the 
particle must vary only slightly over distances of the order of itself. The 
formulae here derived are not applicable in regions of space where this condi- 
tion is not satisfied. 

The condition (46.6) can be written in another form by noticing that 


dp d mdU ml F| 
— =v [2m(E—-U)] = —- = 
x dx p dx p 
where F = —dU/dv is the classical force acting on the particle in the external 
field. In terms of this force we find 
mih|F|/p? < 1. (46.7) 


It is seen from this that the quasi-classical approximation becomes inapplic- 
able if the momentum of the particle is too small. In particular, it is clearly 
inapplicable near turning points, i.e. near points where the particle, according 
to classical mechanics, would stop and begin to move in the opposite direction. 
These points are given by the equation p(x) = 0, ie. E = U(x). Asp +0, 
the de Broglie wavelength tends to infinity, and hence cannot possibly be 
supposed small. 


+ As is well known, f p dx is the time-independent part of the action. The total mechanical action 
S of a particle is. S = —Et-+: [ pdx. The term —Etis absent from a9, since we are considering a time-. 
independent wave function #. 
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Let us now calculate the next term in the expansion (46.3). The first-order 
terms in A in equation (46.4) give 


Og 6; +40” _— 0, 
whence 
0y' = —69 [209 = —p'/2p. 


Integrating, we find 
0, = —} logs, (46.8) 


omitting the constant of integration. 
Substituting this expression in (46.1) and (46.3), we find the wave function 
in the form 


b = Cp V2ct/Mp dep Cy p-l/2e-t /MYp dx, (46.9) 


The subsequent terms in the expansion (46.3) lead to the appearance, in the 
coefficients of the exponentials, of terms in the first and higher powers of i; 
it is not usually necessary to calculate these terms. 

The presence of the factor 1/+/p in the wave function has a simple inter- 
pretation. The probability of finding the particle at a point with co-ordinate 
between x and x+dyx is given by the square ||? i.e. is essentially propor- 
tional to 1/p. This is exactly what we should expect for a ‘‘quasi-classical” 
particle, since, in classical motion, the time spent by a particle in the segment 
dx is inversely proportional to the velocity (or momentum) of the particle. 

In the ‘classically inaccessible” parts of space, where E < U(x), the func- 
tion p(x) is purely imaginary, so that the exponents are real. The wave func- 
tion in these regions can be written in the form 

a ; eh /M$ Ip idx. Ce 

Vv |p| Vv |p| 


ip eft /h)J Ip idee | (46.10) 


PROBLEM 


Determine the wave function in the quasi-classical approximation up to terms of the 
order of 4 in the coefficient of the exponent. 


SOLUTION. The terms of order fi? in equation (46.4) give 
Oy Og’ +30,"+30,” = 0, 
whence (substituting (46.5) and (46.8) for o9 and o;) 
Gy) = p''/4p?—3p"?/8p'. 


Integrating (by parts in the first term) and introducing the force F = pp’/m, we obtain 


o = 4mF [p+ 4m? | (F2/p*) dx. 
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The wave function in this approximation is of the form 


yp = ei/de — i /Na,+0,(] —ific,) 


or 
constant 


p= Wp ——[l— —fimhF |p*—4ihim? | (F2/p5) dx]ett/nrfo te 


§47. Boundary conditions in the quasi-classical case 


Let x = a be a turning point, so that U(a) = E, and let U > E for all 
x > a, so that the region to the right of the turning point is classically 
inaccessible. The wave function must be damped in this region. Sufficiently 
far from the turning point, it has the form 


baa? ap(— il fee 


corresponding to the first term in (46.10). To the left of the turning point, 
the wave function must be represented by a real combination (46.9) of two 
quasi-classical solutions of SCHRODINGER’s equation: 


p= —exo(| fees ») + Sean( =; fre) for x <a. (47.2) 


To determine the coefficients in this combination we must follow the 
variation in the wave function for positive x—a (where (47.1) holds) to 
negative x—a. In doing so, however, it would be necessary to pass through 
a region near the turning point where the quasi-classical approximation is 
invalid, and the exact solution of SCHRODINGER’s ere must be con- 
sidered.t 

This can be avoided if we formally regard % as a function of a complex 
variable x and go from positive to negative x— a along a path which is always 
sufficiently far from the point a, so that the quasi-classical condition is formally 
satisfied. 

Let us first examine the variation of the wave function (47.1) on passing 
round the point a from right to left along a semicircle of large radius in the upper 
half-plane of the complex variable x. For clarity, we may rewrite (47.1) in 
the form 


) ie aohe: (47.1) 


2 x 
W(x) = 4C[2m(U—E)}-1/4 exp(— — | a/[U(«x)— E] dx), (47.3) 


+ Near the turning point, E—U ~ Fo(x—a) (where Fo = [—dU/dx]z=a); the corresponding 
exact solution of SCHRODINGER’s equation is given by the formulae derived in §24. 
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where the function p(x) has been written explicitly. It is evident @ priori 
that, as a result of passing along the path indicated above, the function (47.3) 
must become the second term in (47.2), since along the whole of the path 
this term predominates over the first term, which decreases exponentially into 
the upper half-plane; and in fact, when x varies along this path, the phase 
of the difference U(«)—E, like that of x—a, increases by 7. Consequently 
the function (47.3) becomes the second term in (47.2) with coefficient 
Cz = 4Ce-i7/4, Similarly, on passing from right to left along a semicircle in 
the lower half-plane, the function (47.3) becomes the first term in (47.2) with 
coefficient C; = 4Ce?7/4, 

Thus the wave function (47.1) for « > a corresponds for x < a@ to the 
functiont 


€ co(! [ paesie) 
= ——cos[ — x41 
ob po Na Pp dar 


a 
Gq) 
= — sinf{ — p ds-t4n), for x <a. (47.4) 
vp \aJ ° 


The functions (47.1) and (47.4) are approximate expressions to the right and 
left of the turning point for the same exact solution of SCHRODINGER’s equa- 
tion (H. A. Kramers 1926). 

If the classically accessible region is bounded (at x = a) by an infinitely 
high “‘potential wall”, the boundary condition for the wave function at x = a 
is * = 0 (see §18). The quasi-classical approximation is then valid up to 
the wall itself, and the wave function is 


Cif 
$= — sing | pdx for x <a, 
Vp ih (47.5) 
a 


~=0 for x> a. 


§48. Bohr and Sommerfeld’s quantisation rule 


The results which we have obtained enable us to derive the condition which 
determines the quantum energy levels in the quasi-classical case. 'To do this 
we consider a finite one-dimensional motion of a particle in a potential well: 


+ Ifthe region U < E lay to the right of a turning point x = b, (47.4) would be replaced by 


b= (fa +17) =— o(! f paette) (47.4a) 

= —— cos{— x+}7r) = sin{ — dor). Aa 
h 

Vp he /p 
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the classically accessible region b < x < ais bounded by two turning points.t 


The boundary condition at x = 5 gives (in the region right of this point) the 
wave function (47.4a): 


f= ~ sin : { p det |. (48.1) 
vp LA 


Applying formula (47.4) to the region left of the point x = a, we obtain the 
same function in the form 


+= Soli fro} 


If these two expressions are the same throughout the region, the sum of their 
phases (which is a constant) must be an integral multiple of 7: 


a 

1 

i fe dx+4a = (n+1)z, 
b 


with C = (—1)"C’. Hence 
f pdx = 2nh(n+}), (48.2) 


where $ p dx = 2 i p dx is the integral taken over the whole period of the 


quasi-classical motion of the particle. This is the condition which determines 
the stationary states of the particle in the quasi-classical case. It corresponds 
to Bour and SOMMERFELD’s quantisation rule in the old quantum theory. 
It is easy to see that the integer m is equal to the number of zeros of the 
wave function, and hence it is the ordinal number of the stationary state. 
For the phase of the wave function (48.1) increases from }7 at x = 5 to 
(n+ 2) at x = a, so that the sine vanishes m times in this range (outside 
the range b < x < a, the wave function decreases monotonically and has 
no zeros at a finite distance).{ We recall, incidentally, that the quasi-classical 


t Inclassical mechanics, a particle in such a field would execute a periodic motion with period (time 
taken in moving from x = 6 to x = a and back) 


where v is the velocity of the particle. 
{ Strictly speaking, the zeros should be counted by means of the exact form of the wave 
function near the turning points. If this is done, the result given in the text is confirmed. 


164 The Quasi-Classical Case 848 


approximation, and therefore the quantisation rule (48.2), are applicable 
only when n is large.+ 

In normalising these wave functions, the integration of |x|? can be restricted 
to the range b < x < a, since outside this range 4 decreases exponentially. 
Since the argument of the sine in (48.1) is a rapidly varying function, we can 
with sufficient accuracy replace the squared sine by its mean value }. This 


gives 
d 
| ede = ars : 
P(x) 


nC2/2mw = 1, 


l 


where w = 27/T is the frequency of the classical periodic motion. Thus 
the normalised quasi-classical function is 


es /=~5 { ? det. (48.3) 
b 


It must be recalled that the frequency w is in general different for different 
levels, being a function of energy. 

The relation (48.2) can also be interpreted in another manner. The 
integral ¢ p dx is the area enclosed by the closed classical phase trajectory 
of the particle (i.e. the curve in the px-plane, which is the phase space of the 
particle). Dividing this area into cells, each of area 27h, we have n cells 
altogether; m, however, is the number of states with energies not exceeding 
the given value (corresponding to the phase trajectory considered). Thus 
we can say that, in the quasi-classical case, there corresponds to each quantum 
state a cell in phase space of area 27h. In other words, the number of states 
belonging to the volume element ApAx of phase space is 


ApAx/2xh. (48.4) 


If we introduce, instead of the momentum, the wave number k = p/h, this 
number can be written 
AkAx/2nr. 


It is, as we should expect, the same as the familiar expression for the number 
of proper vibrations of a wave field. 

Starting from the quantisation rule (48.2), we can ascertain the general 
nature of the distribution of levels in the energy spectrum. Let AE be the 


t In some cases the exact expression for the energy levels E(n) (as a function of the quantum 
number 7), obtained from the exact SCHRODINGER’s equation, is such that it retains its form as n —> 00; 
examples are the energy levels in a Coulomb field, and those of a harmonic oscillator. In these cases, 
of course, Bour’s quantisation rule, although really applicable only for large n, gives for the function 
E(n) an expression which is the exact one. 

t See, for example, The Classical Theory of Fields, §52. 
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distance between two neighbouring levels, i.e. levels whose quantum numbers 
n differ by unity. Since AE is small (for large ») compared with the energy 
itself of the levels, we can write, from (48.2), 


AE f (2p/OE) dee = 2nh. 
But 0E/ap = v, so that 


¢ (0p/2E) die = ¢ dejo aT 
Hence we have 
AE = 2nh|T = hw. (48.5) 


Thus the distance between two neighbouring levels is iw. The frequencies 
w may be regarded as approximately the same for several adjacent levels (the 
difference in whose numbers n is small compared with x itself). Hence we 
reach the conclusion that, in any small range of a quasi-classical part of the 
spectrum, the levels are equidistant, at intervals of fw. This result could 
have been foreseen, since, in the quasi-classical case, the frequencies cor- 
responding to transitions between different energy levels must be integral 
multiples of the classical frequency w. 

It is of interest to investigate what the matrix elements of any physical 
quantity f become in the limit of classical mechanics. To do this, we start 
from the fact that the mean value f in any quantum state must become, in 
the limit, simply the classical value of the quantity, provided that the state 
itself gives, in the limit, a motion of the particle in a definite path. A wave 
packet (see §6) corresponds to such a state; it is obtained by superposition of 
a number of stationary states with nearly the same energy. ‘The wave func- 
tion of such a state is of the form 


Y = 3a,Y,, 
n 


where the coefficients a, are noticeably different from zero only in some 
range An of values of the quantum number 7 such that 1 < An < n; the 
numbers are supposed large, because the stationary states are quasi-classical. 
The mean value of f is, by definition, 


f= i wy dx = EE an *a, frantiemat, 


or, replacing the summation over m and m by a summation over m and the 
difference m —n = 5S, 


f = ud Ants*Onf, nts, ge, 


where we have put @,,,, = sw in accordance with (48.5). 
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The matrix elements f,,,, calculated by means of the quasi-classical wave 
functions decrease rapidly in magnitude as the difference m—n increases, 
though at the same time they vary only slowly with itself (m—n being fixed). 
Hence we can write approximately 


f = >»? An* An fer! = z |a,|2 z f,eiest, 


where we have introduced the notation f, = f;,,;, 7 being some mean value 


n 


of the quantum number in the range An. But & |a,|? = 1; hence 
f ae py fer, 


The sum obtained is in the form of an ordinary Fourier series. Since f 
must, in the limit, coincide with the classical quantity f(t), we arrive at the 
result that the matrix elements f,,,, in the limit become the components fj,» 
in the expansion of the classical function f(t) as a Fourier series. 

Similarly, the matrix elements for transitions between states of the con- 
tinuous spectrum become the components in the expansion of /(£) as a Fourier 
integral. Here the wave functions of the stationary states must be normalised 
by (1/4) times the delta function of energy. 

All the above results can be generalised immediately to systems with 
several degrees of freedom, executing a finite motion for which the problem 
in classical mechanics allows a complete separation of the variables in the 
Hamilton-Jacobi method (called a conditionally periodic motiont). After 
separation of the variables for each degree of freedom, the problem reduces to 
a one-dimensional problem, and the corresponding quantisation conditions 
are 


$ pidqi = 2nh(m+i), (48.6) 


where the integral is taken over the period of variation of the generalised 
co-ordinate q, and yj is a number of the order of unity which depends on 
the nature of the boundary conditions for the degree of freedom considered. 

In the general case of an arbitrary (not conditionally periodic) motion in 
several dimensions, there are no quantum numbers m4. The concept of 
cells in phase space is, however, always valid in the quasi-classical approxima- 
tion. This is clear from the relationship noted above with the number of 
proper vibrations of the wave field in a given volume of space. In the general 


+ See Mechanics, §50. 
¢ For example, in motion in a centrally symmetric field we have 


f pr dr = 2nhi(n, +4), f po dO = 2ah(1—m+4), f pg dd = 2nhm, 


where my = n—I—1 is the radial quantum number. The last of the three equations simply expresses 
the fact that pg is the z-component of the angular momentum, equal to fim. 
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case of a system with s degrees of freedom, there are 
AN = Agu... AgsApr «.. Aps|(2ah)s (48.7) 


quantum states in a volume element in phase space. 


PROBLEMS 


Prostem 1. Determine (approximately) the number of discrete energy levels of a particle 
moving in an arbitrary (not central) field U(r) which satisfies the quasi-classical condition. 


SoLUTION. ‘The number of states belonging to a volume of phase space which corresponds 
to momenta in the range 0 < p < pmax and particle co-ordinates in the volume element dV 
is £nPmax® dV/(2ah)8. For given r the particle can have (in its classical motion) a momentum 
satisfying the condition E = p2/2m + U(r) < 0. Substituting pmax = V[— 2mU(r)], we 
obtain the total number of states of the discrete spectrum: 


4/2 m2 


ae { (— U)3/2 dV, 

302 hs 

where the integration is over the region of space in which U < 0. This integral diverges 
(i.e. the number of states is infinite) if U decreases at infinity as r~* with s< 2, in accordance 
with the results of §18. 


PROBLEM 2. The same as Problem 1, but for a quasi-classical centrally symmetric field 
U(r) (V. L. PoKRovsk!i). 


SoLutTion. In a centrally symmetric field the number of states is not the same as the 
number of energy levels, on account of the degeneracy of the latter with respect to the 
direction of the angular momentum. The required number can be found by noting that the 
number of levels with a given value of the angular momentum M is the same as the number 
of (non-degenerate) levels for a one-dimensional motion in a field with potential energy 
Uert = U(r) +M2/2mr2. The maximum possible value of the momentum pr for given 7 and 
energies E < Ois pr,max = \/(—2mUert). The number of states (i.e. the required number of 


levels) is therefore 
drd 2 M? 
eevee eer 
2ah 2h 2mr2 


The required total number of discrete levels is obtained from this by integration with respect 
to M/k (which replaces in the quasi-classical case the summation with respect to Db), and is 


(m|4h2) i) (—U)r dr. 
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In motion in a centrally symmetric field the wave function of a particle 
falls, as we know, into an angular and a radial part. Let us first consider the 
former. 

The dependence of the angular wave function on the angle ¢ (determined 
by the quantum number m) is so simple that the question of finding approxi- 
mate formulae for it does not arise. The dependence on the polar angle @ is, 
according to the general rule, quasi-classical if the corresponding quantum 
number / is large (this condition will be more precisely formulated below). 
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We shall here confine ourselves to deriving the quasi-classical expression 
for the angular function for the case (the most important one in applications) 
of states whose magnetic quantum number is zero (m =0). This function 
is, apart from a constant factor, the Legendre polynomial P;(cos6) (see 
(28.7)), and satisfies the differential equation 


d®P,/d62+-cot 6 dP,/d0+1(1-+1)P, = 0. (49.1) 
The substitution . 
P,(cos @) = x(6)/+/sin 0 (49.2) 
reduces this to 
x’ + [U+4)2-+4 cosec*B]y = 0, (49.3) 


which does not contain the first derivative and is similar in appearance to 
the one-dimensional SCHRODINGER’s equation. 
In equation (49.3), the part of the de Broglie wavelength is played by 


A = 2a [(1+4)?+4 cosec?9]-1/2, 


The requirement that the derivative d(A/2z)/dx is small (the condition (46.6)) 
gives the inequalities 


al > 1, (7—O)1 > 1, (49.4) 


which are the conditions that the angular part of the wave function is quasi- 
classical. For large / these conditions hold for almost all values of 6, exclud- 
ing only a range of angles very close to 0 or z. 

When the conditions (49.4) are satisfied, we can neglect the second term 
in the brackets in (49.3) compared with the first: 


x" +(/+4)*x = 0. 
The solution of this equation is 
x = \/sin@ P,(cos6) = A sin[(1+})6+a], (49.5) 


where A and « are constants. 
For angles 6 <1, we can put in equation (49.1) cot @ ~ 1/8; replacing 
also (/+-1) by the approximation (/+ 4)?, we obtain the equation 


i UAE sag fy 
da pag (Ot = 9 


which has as solution the Bessel function of zero order: 
P,(cos@) = Jo[(/+3)6], 9< 1. (49.6) 


The constant factor is put equal to unity, since we must have P,; = 1 for 
6 =0. The approximate expression (49.6) for P, is valid for all angles 
6 <1. In particular, it can be applied for angles in the range 1/1 < @ <1, 
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where it must agree with the expression (49.5), which holds for all @ > 1/1. 
For 61> 1 the Bessel function can be replaced by its asymptotic expression 
for large values of the argument, and we obtain 


ne 2 sin[(I-+3)0+47] 
PN al /0 
(we can neglect } in the coefficient compared with J). On comparison with 


(49.5), we find that A = +/(2/zl),« =47. Thus we obtain finally the 
following expression for P,(cos 6), applicable in the quasi-classical case:f 


2 sin[(/+4)0 
P(cos6) ~ Js sin 2)0 + dn) (49.7) 
al a/sin 6 
The normalised wave function @,) is obtained, according to (28.7), by 
multiplying by 2’«/(/+4) = @+/I: 
2 sin[(/+4)6+4 
@,9(8) zi? J: mss RU a 
7 4/sin @ 
Let us now turn to the radial part of the wave function. It has been 


shown in §32 that the function x(r) = 7R(r) satisfies an equation identical 
with the one-dimensional SCHRODINGER’s equation, with the potential energy 


h? UI+1 
Ur) = U0)+5— aes 


r2 


(49.8) 


Hence we can apply the results obtained in the previous sections, if the 
potential energy is understood to be the function U(r). | 
The case 1 = 0 is the simplest. The centrifugal energy vanishes and, if 
the field U(r) satisfies the necessary condition (46.6), the radial wave 
function will be quasi-classical in all space. For r = 0 we must have x = 0, 
and hence the quasi-classical function x(7) is determined by formulae (47.5). 
If J 4 0, the centrifugal energy also must satisfy the condition (46.6). In 
the region of small 7, where the centrifugal energy is of the same order as 
the total energy, the wavelength A = 2ah/p ~7/l, and the condition (46.6) 
gives 1. Thus, if Jis small, the quasi-classical condition is violated by the 
centrifugal energy in the region of small 7. It is easily seen that we obtain 
the correct value of the phase of the quasi-classical wave function y(r) by 
calculating it from the formulae for one-dimensional motion, replacing the 
coefficient [(/+-1) in the potential energy U,(r) by (/+-3)?: 
h2 (144)? 
U(r) = U(r)+ a +4) 3 (49.9) 


72 


+ Attention is drawn to the fact that, as a result of replacing U(/+-1) by (/+-4)?, we have obtained an 
expression which is multiplied by (— 1)! when @ is replaced by 7—@; this is as it should be for the 
function Pi(cos 6). 

t For example, in the simple case of free motion (U = 0) the phase of the function calculated from 
formula (47.4) with U: from (49.9) will be kr—4$zl for large 7, as it should be. 
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The question of the applicability of the quasi-classical approximation to a 
Coulomb field U = +a/r requires special consideration. The most import- 
ant part of the whole region of the motion is that corresponding to distances 
r for which |U| ~ |E|, ie. 7 ~ a/|E|. The condition for quasi-classical 
motion in this region amounts to the requirement that the wavelength 
A ~h/+/(2m|E|) is small compared with the dimensions «/|E| of the 
region; this gives 


|E| < mo?/h?, (49.10) 


i.e, the absolute value of the energy must be small compared with the energy 
of the particle in the first Bohr orbit. This condition can also be written in 
the form 


affio > 1, (49.11) 


where v ~ 1/(|E|/m) is the velocity of the particle. It should be noticed 
that this condition is the opposite of the condition (45.7) for the applicability 
of perturbation theory to a Coulomb field. 

The region of small distances (|U(r)| > E) is without interest in a repulsive 
Coulomb field, since for U > E the quasi-classical wave functions diminish 
exponentially. In an attractive field, however, when / is small it is possible 
for the particle to penetrate into the region where |U| > E, so that we have 
to consider the limits of applicability of the quasi-classical approximation in 
this case. We use the general condition (46.7), putting there 


F = —dUjdr = — a/7?, p ~ 4/(2m|Ul) ~ (mur). 


As a result, we find that the region of applicability of the quasi-classical 
approximation is restricted to distances such that 


r > h?/ma, (49.12) 


i.e. distances large in comparison with the “radius” of the first Bohr orbit. 


PROBLEM 
Determine the behaviour of the wave function near the origin, if the field becomes infinite 
as ta/r®, with s + 2, when r > 0. 


SOLUTION. For sufficiently small 7, the wavelength A ~ fi/\/(m|U]) ~ fir’/2/4/(ma), 
so that dA/dr ~ hirs/2-1/4/(ma) <1; thus the quasi-classical condition is satisfied. In an 
attractive field U; ~ —0oo when r ->0. The region near the origin is in this case classically 
accessible, and the radial wave function x ~ 1/4/p, whence 


ab ~ ys/4-1, 


In a repulsive field, the region of small r is classically inaccessible. In this case the wave 
function tends exponentially to zero as r > 0. Omitting the coefficient of the exponential 
function, we have 


pmeol jf 


ener ence 
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§50. Penetration through a potential barrier 


Let us consider the motion of a particle in a field of the type shown in 
Fig. 13, characterised by the presence of a potential barrier, i.e. a region in 
which the potential energy U(x) exceeds the total energy EF of the particle. 


U(x) 


Fic. 13 


In classical mechanics, a potential barrier is “impenetrable” to a particle; 
in quantum mechanics, however, a particle can pass “through the barrier’: 
the probability of this is not zero (see also §25, Problem 2). If the field U(x) 
satisfies the quasi-classical conditions, the transmission coefficient for the bar- 
rier can be calculated in a general form. We may remark that, in particular, 
these conditions give the result that the barrier must be “wide”, and hence 
the transmission coefficient is small in the quasi-classical case. 

In order not to interrupt the subsequent calculations, we shall first solve 
the following problem. Let the quasi-classical wave function in the region 
to the right of the turning point x = b (where U(x) < E) have the form of a 
travelling wave: 


b= = ex| 5 { p dx—tin |. (50.1) 


We require to find the wave function of this state in the regionf x < b. We 
shall seek it in the form 


| (50.2) 


y= < esl 5 fr dx 


which increases as we go into the region x < b. The exponentially decreasing 
term is neglected in comparison with the increasing one. To determine the 
coefficient C’ we proceed as follows. We notice that, according to formulae 


+ In the problem of penetration through a potential barrier, we are concerned with a motion infinite 
in both directions; the corresponding levels are doubly degenerate (see §21), and hence the wave 
functions need not be real. 
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(47.1) and (47.4a), there is a correspondence between the functions 


Zz Fo] 
1 ? 2 
ob = alert; je dx—tin} + exp{—— je d+ tn} for x > b, 


(50.3) 


| for » <2, 


¢= sae je dx 


On the other hand, between two different exact solutions ys, and wf, of the one- 
dimensional ScHRODINGER’s equation we have the relation (21.2) 


yb’ —yp%,’ = constant. 


We apply this relation with y, the solution given by formulae (50.1), (50.2), 
and #, the solution (50.3). To the left of the point x =}, we have 


PPro’ — pathy’ = —YeP(Yr/ Yo)’ = C'/h, 


while to the right we have 
Pattie’ — Yor = $7(2/1)’ = —iC/h. 


Equating these two expressions, we obtain C’ = —iC. Thus the required 
quasi-classical wave function is of the form 


forx <b, p= = exp( i p asl, 


: (50.4) 

teak ool fre 

or x a = — expj— X—GlT }. 
vp MA, 


Let us now go on to calculate the coefficient for the penetration of the 
barrier by a particle. Let the particle be incident on the barrier from left 
toright. Since the probability of penetrating the barrier is small in the quasi- 
classical case, we can with sufficient accuracy write the wave function in 
region I (Fig. 13), in front of the barrier, the same as if the barrier were 
completely impenetrable, i.e. in the form (47.4): 


y= = cos = fe dette |, (50.5) 
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where we have introduced the velocity v = p/m; see below regarding the 
choice of the normalisation coefficient. If this is written as the sum of two 
complex expressions, 


¢ = <0 5 fe avi | rn ex| —5 fe ax —tr |, 


the first term (which becomes a plane wave f ~e@/)?* as x > — 0) 
represents a particle incident on the barrier, and the second a particle reflected 
from the barrier. The normalisation chosen corresponds to a unit probability 
current density in the incident wave. 

On the other side of the turning point x =a (in region II, inside the 
barrier), the wave function (50.5) corresponds, according to the results of 
§47, to the function 


_ exo 5 { p ax |. (50.6) 


Writing this in the form 


1 : ° are. : ; 
v= gerlmai) lf? * 


and applying formula (50.4), we find the wave function in region IIT: 


f= , exo —3 fre 


The current density in region III, calculated by means of this function, is 


5 b 
D= exp| —5| [e dx 


Since the current density in the wave incident on the barrier is taken as unity, 
Dis in fact the required transmission coefficient for the barrier. We emphasise 
that this formula is applicable only when the exponent is large, so that D 
itself is small. 

It has been assumed in the foregoing that the field U(x) satisfies the quasi- 
classical condition over the whole extent of the barrier (excluding only the 
immediate neighbourhood of the turning points). In practice, however, we 
often have to deal with barriers where the potential energy curve on one side 
drops so steeply that the quasi-classical approximation is inapplicable. The 


| (50.7) 


+ f ? as-+4in | (50.8) 


b 


| (50.9) 
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exponential factor in D remains the same in this case as in formula (50.9), 
but the coefficient of the exponential (equal to unity in (50.9)) is different. 
To calculate it we must, essentially, calculate the exact wave function in the 
“non-quasi-classical” region and determine the quasi-classical wave function 
inside the barrier in accordance with this. In formula (50.6) a coefficient 
B # 1 then appears, and in (50.9) a coefficient 2. 


PROBLEMS 


PROBLEM 1. Determine the transmission coefficient for the potential barrier shown in 
Fig. 14: U(x) = 0 for x < 0, U(x) = Uy—Fx for x > 0; only the exponential factor need 
be calculated. 


Fic. 14 


SoLuTion. A simple calculation gives the result 


4V/(2 
D~ exp| ee UE} 


ProsLeM 2. Determine the probability that a particle (with zero angular momentum) will 
emerge from a centrally symmetric potential well with U(r) = —U, for r < ro, U(r) = alr 
for r > ro (Fig. 15). 


ulr) 


“Us 


Fig. 15 


SOLUTION. The centrally symmetric problem reduces to a one-dimensional one, so that 
the formulae obtained above can be applied directly. We have 


meals /[emG-)] 9} 
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Evaluating the integral, we finally obtain 


ven $JeTon JJ ECD 


In the limiting case 7, —> 0, this formula becomes 


wm en (74 /M)V (2m /E) — e—270/hv_ 


These formulae are applicable when the exponent is large, i.e. when «/fiv > 1. This condi- 
tion agrees, as it should, with the condition (49.11) for quasi-classical motion in a Coulomb 
field. 


ProsieM 3. The field U(x) consists of two symmetrical potential wells (I and II in Fig. 
16), separated by a barrier. If the barrier were impenetrable to a particle, there would be energy 
levels corresponding to the motion of the particle in one or other well, the same for both 
wells. The fact that a passage through the barrier is possible results in a splitting of each of 
these levels into two neighbouring ones, corresponding to states in which the particle moves 
simultaneously in both wells. Determine the magnitude of the splitting (the field U(x) is 
supposed quasi-classical). 

SoLuTION. Let E, be some level for the motion of the particle in one well (I, say), and 
(x) the corresponding wave function (so normalised that the integral of * over well I is 
unity). When the small probability of penetration through the barrier is taken into account, 
the level splits into levels E, and E, with wave functions which are symmetric and anti- 
symmetric combinations of ¥%,(x) and ¥o(—x): 


P(x) = (1/+/2)[po(*)-+Yo(—*)], po(%) = (1/+/2)[Ho(%)—do(—*)]. (1) 


The quasi-classical function (x) diminishes exponentially outside the well, and in particular 


Fic. 16 


in the direction of negative x. Hence, within well I, %9(—x) is vanishingly small in compari- 
son with (x), and vice versa in well II. The functions (1) are so normalised that their 
squares integrated over wells I and II are unity. 

SCHRODINGER’s equations are 


Yo +(2m/h?)(Ey— Uo = 9, fy" + (2m/h®)(E,— U)y = 0; 


we multiply the former by ¥, and the latter by #9, subtract corresponding terms, and integrate 
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over x from 0 to 0. Bearing in mind that, for x = 0, 4, = 2, and if,’ = 0, and that 


eo 1 foo) 
dx ~ — 2 dx <:1/4/2, 
| vols de 2 a | tetas = tv 
0 0 
we find 
E,—E, = —(h?/m)},(0)%q'(0). 
Similarly, we find for E,—E, the same expression with the sign changed. Thus 
E,—E, = (2h?/m)$o(0)$o'(0). 
By means of formula (47.1), with the coefficient C from (48.3), we find that 


$(0) = r = ool 1 ft as, % (0) = —"Yl0), 


where vy = 1/(2(U,p—E,)/m]. Thus 


wh ip 
E,—E, =~ exp| —; ft d. | 


PROBLEM 4, Determine the exact value of the transmission coefficient D for the passage 
of a particle through a parabolic potential barrier U(x) = —4kx? (supposing that D is not 
small) (E. KEMBLE 1935).f 


SOLUTION. Whatever the values of k and E, the motion is quasi-classical at sufficiently 
large distances |x|, with 


b= V[2m(E+ phx?)] = xo/(mk)+ Ey/(m/k)/x, 


and the asymptotic form of the solutions of ScHRODINGER’s equation is 


i = constant x ettf /agete-1/2, 


where we have introduced the notation 
€ = x(mk/h?)\/4, — e = (E/h),/(m]k). 


We are interested in the solution which, as x > +00, contains only a wave which has 
passed the barrier, i.e. is propagated from left to right. We put 


asx >o, w= Bef" 2gte-1/2, (1) 
asx —>—0O, y= e-i€"/2| £|—te-1/2 + Acie’ /2] €|te—1/2, (2) 


In the expression (2), the first term represents the incident wave, and the second the reflected 
wave (the direction of propagation of a wave is that in which its phase increases). The 
relation between A and B can be found by using the fact that in this case the asymptotic 
expression for ¢ is valid in the whole of a sufficiently distant region of the plane of the complex 
variable . Let us follow the variation of the function (1) as we go round a semicircle of large 
radius in the upper half-plane of é (cf. §47). Over the whole of this path the term in e!5*/2 is 
the dominant part of the solution, and hence the function (1) must be converted, by traversing 


+ The solution of this problem can also be applied to penetration sufficiently near the top of any 
barrier U(x) whose dependence on x near the maximum is quadratic. 
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this path, into the second term of the function (2). Hence we find 
A = Benji = —iBe™, 
On the other hand, the condition that the number of particles should be conserved is 
|A)?4 |B)? = 1. 
From these two relations we find the required transmission coefficient D = |B|?: 
D = 1/(1-+e2"9). 


This formula holds for any E. When Lis large and negative, it gives D X e271€l in accord- 
ance with formula (50.9). For E > 0, the quantity R = 1—D = 1/(1+e?”) is the coefficient 
of reflection ‘‘above the barrier’’. 


§51. Calculation of the quasi-classical matrix elements 


A direct calculation of the matrix elements of any physical quantity f with 
respect to the quasi-classical wave functions presents great difficulty. We may 
suppose that the energies of the states between which the matrix element is 
calculated are not close to each other, so that the element does not reduce to 
the Fourier component of the quantity f (§48). The difficulties arise because, 
owing to the fact that the wave functions are exponential (with a large imagin- 
ary exponent), the integrand oscillates rapidly, and this makes it very 
troublesome to obtain even an approximate estimate of the integral. 

We shall consider a one-dimensional case (motion in a field U(x)), and sup- 
pose for simplicity that the operator of the physical quantity is merely a func- 
tion f(x) of the co-ordinate. Let y, and #, be the wave functions correspond- 
ing to some values E, and E, of the energy of the particle (with E, > 4, 
Fig. 17); we shall suppose that y, and #, are taken real. We have to calculate 
the integral 


hia = | tafe dx. (51.1) 
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The wave function ¥, in the regions on both sides of the turning point 
x = 4,, but not in its immediate neighbourhood, is of the form (47.1), (47.4a): 


f = : { d in) 
(@) Xx ’ = TT Cc = — ; 
r a,, py re OS Gi. p, dx 


and similarly for ¢, (replacing the suffix 1 by 2). 

However, the calculation of the integral (51.1) by substituting in it these 
asymptotic expressions for the wave functions would not give the correct 
result. The reason is, as we shall see below, that this integral is an exponen- 
tially small quantity, whereas the integrand is not itself small. Hence even a 
relatively small change in the integrand will in general change the order of 
magnitude of the integral. This difficulty can be circumvented as follows. 

We represent the function y, as a sum ¢_ = yt +7, expressing the cosine 
(in the region x > a,) as the sum of two exponentials. According to formulae 


(50.4), we have 


C ir 
forx > dg, pt = exp| fe ds—Hr |; 
vO 2vIpl Lad” 


the function %,- is the complex conjugate of y+ :%.- = (fat)*. 

The integral (51.1) is also divided into the sum of two complex conjugate 
integrals fis = fie++fie-, which we shall proceed to calculate. First of all, 
we note that the integral 


f g : «| _ dx 
rx < a ; Se ——! 
0 1 1 2 7 e a 


(51.2) 


f < fot = C2 : d. 
2 2 24/| p,| € P| al) * x 
g (51.3) 


fist =| Li fpet dx 


converges. For, although the function ¥,* tends exponentially to infinity in 
the region x < ag, the function ¥,, in the region x < a,, tends exponentially 
to zero still more rapidly (since we have |p,| > |p,| everywhere in the region 
x <Q). 

We shall regard the co-ordinate x as a complex variable, and displace the 
path of integration off the real axis into the upper half-plane. When x 
receives a positive imaginary increment, an increasing term appears in the 
function #, (in the region x > a,), but the function ,+ decreases still more 
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rapidly, since we have p, > p, everywhere in the region x > a,. Hence the 
integrand decreases. 

The displaced path of integration does not pass through the points x = a, 
a, on the real axis, near which the quasi-classical approximation is inapplic- 
able. Hence we can use for , and +, over the whole path, the functions 
which are their asymptotic expressions in the upper half-plane. These are 


C, ir 
b= omc myn? Lg | VOmO—BD ae, 
(51.4) 
~iC, pure 
Ws = ome Ey 7 | VOm(U—En ee | 


where the roots are taken so as to be positive on the real axis for x < dg. 
In the integral 


_ —iC,C, 
~ 4y/(2m) 


Sst | exp| 5 { 4/{2m(U—E,)} des {veem ox ds x 


F(x) dx 
[((U—fi)(U—E )}4 


we desire to displace the path of integration in such a way that the exponential 
factor is diminished as much as possible. The exponent has an extreme value 
only where U(x) = 00 (for EZ, # E,, its derivative with respect to x vanishes 
at no other point). Hence the displacement of the contour of integration into 
the upper half-plane is restricted only by the necessity of passing round the 
singular points of the function U(x); according to the general theory of linear 
differential equations, these coincide with the singular points of the wave 
function (x). The actual choice of the contour depends on the actual form 
of the field U(x). Thus, if the function U(x) has only one singular point 
% = Xo in the upper half-plane, the integration can be effected along the type 
of path shown in Fig. 18. The immediate neighbourhood of the singular 
point plays the important part in the integral, so that the matrix element 
fiz = 2 re fig* required is practically proportional to an exponentially small 
expression of the form 


(51.5) 


fiz ~ exp — ;im[ { / [2m(E2— U)] dx— i / [2m(E,~— U)] ax || (51.6) 


(L. Lanpau 1932).f 


+ In deriving formulae (51.5) and (51.6), we have replaced the wave functions by their asymptotic 
expressions, since, in the integral taken along the contour shown in Fig. 18, the order of magnitude 
of the integral is determined by that of the integrand; hence a relatively small change in the latter 
does not have any great effect on the value of the integral. 
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Xo 


Fic. 18 


The lower limits of the integrals may be any points in the classically 
accessible regions; their particular values evidently do not affect the imaginary 
parts of the integrals. If the function U(x) has several singular points in the 
upper half-plane, xo in (51.6) must be taken as that for which the exponent is 
smallest in absolute value.t 

The quasi-classical matrix elements for motion in a centrally symmetric 
field must be calculated by the same method. However, we must now replace 
U(r) by the effective potential energy (the sum of the potential energy and 
the centrifugal energy), which will be different for states with different 1. 
In view of further applications of the method in question, we shall write the 
effective potential energies in the two states in a general form, as Uj(r) and 
U(r). Then the exponent in the exponential factor in the integrand in (51.5) 
has an extreme value not only at the points where Uj(r) or U2(r) becomes 
infinite, but also at those where 


. U,(r)— U,(7) = F,—E,. (51.7) 
Hence, in the formula 


Fines exp| - . im [ { ‘iia Ue)] dr— | ee U;)] ar || (51.8) 


the possible values of 79 include not only the singular points of U,(r) and 
U,(r), but also the roots of equation (51.7). 

The centrally symmetric case differs also in that the integration over r in 
(51.1) is taken from 0 (and not from — 00) to oo: 


fe = i] Xf Xe dr. 
0 


Here two cases must be distinguished. If the integrand is an even function 


+ We assume that the quantity f(x) itself has no singular points. 
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of r, the integration can be formally extended to the whole range from —oo 
to 00, so that there is no difference from the previous case. This may occur 
if U,(r) and U,(r) are even functions of r [U(—r) = U(r)]. Then the wave 
functions x,(r) and x,(r) are either even or odd functionsf (see §21), and, 
if the function f(r) is also even or odd, the product x, fy, may be even. 

If, on the other hand, the integrand is not even (as always happens if U(r) 
is not even), the start of the path of integration cannot be moved away from 


the point r = 0, and this point must be included among the possible values of 
ro in (51.8). 


PROBLEMS 


PROBLEM 1. Calculate the quasi-classical matrix elements (exponential factor only) in a 
field U = Uye-?*, 


SOLUTION. U(x) becomes infinite only for x-> —0. Accordingly, we put x» = —o 
in (51.6). We can extend the integration to + 00. 

Each of the integrals diverges at the lower limit. Hence we first calculate them from —x 
to oo, and then pass to the limit x > 00. We find 


fi 2~ eam/ahXv2—v,), 


where v1 = +/(2Ei/m), ve = +/(2E2/m) are the velocities of the particle at infinity (x —> 00), 
where the motion is free. 


PROBLEM 2. The same as Problem 1, but in a Coulomb field U = a/r, for transitions be- 
tween states with / = 0. 


SoLuTION. The only singular point of the function U(r) isr =0. The corresponding 
integral has been calculated in §50, Problem 2. As a result we have by formula (51.8) 


~eol (oI 


§52. The transition probability in the quasi-classical case 


Penetration through a potential barrier is an example of a process which 
is entirely impossible in classical mechanics. Another example is “reflection 
above the barrier” of a particle whose energy exceeds the height of the barrier. 
In the quasi-classical case the probability of such processes is exponentially 
small. The relevant exponent can be determined as follows. 

Considering a transition of any system from one state to another, we 
solve the corresponding classical equations of motion and find the “path” of 
the transition; this, however, is complex, in accordance with the fact that the 
process cannot occur in classical mechanics. In particular, it is found that, 
in general, the “‘transition point” go at which the formal transition of the 
system from one state to the other occurs is complex; the position of this 
point is determined by the classical conservation laws. We next calculate 
the action .$i(q1, go) +Se(qo, g2) for the motion of the system in the first 
state from some initial position q; to the “transition point” go, and then in the 


{ For even U(r), the radial wave function R(r) is even (or odd) when / is even (or odd), as is seen 
from its behaviour for small r (where R ~ ri), 
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second state from go to the final position gz. The required probability of the 
process is then given by the formulat 


2 
w ~ exp [— im [81 (aug) + Se (goa). (52.1) 


If the position of the “transition point” is not unique, it must be chosen 
so that the exponent in (52.1) has the smallest absolute value (which must yet, 
of course, be sufficiently large for formula (52.1) to be valid). 

Formula (52.1) is in accordance with the rule derived in §51 for calculating 
the quasi-classical matrix elements. It should be emphasised, however, that 
it would not be correct to use the square of the matrix element in calculating 
the coefficient before the exponential in the probability of such transitions. 

If formula (52.1) is applied to “reflection above the barrier’’ of a particle 
(in the one-dimensional case), go must be taken as the complex co-ordinate 
xo of the “turning point” at which the particle reverses its direction of 
motion, i.e. the complex root of the equation U(x) = E. We shall show how 
the reflection coefficient can then be calculated more precisely, including 
the coefficient of the exponential. | 

We must again (as in §50) establish the relation between the wave functions 
far to the right of the barrier (the transmitted wave) and far to the left (the 
incident and reflected waves). This is easily done by a method similar to 
that used in §47, regarding y as a function of the complex variable x. 

We write the transmitted wave in the form 


x 


4. Loins) 


w1 


where x; is any point on the real axis, and follow its variation on passing along 
a path C in the upper half-plane which encloses (at a sufficient distance) the 
turning point xo (Fig. 19); the whole of the latter part of this path must 
lie so far to the left that the error in the approximate (quasi-classical) wave 
function of the incident wave is less than the required small quantity -_. 
Passage round the point xo causes a change in the sign of the root 1/[E— U(x)], 
and after the return to the real axis the function 4+ therefore becomes 
ys_, a wave propagated to the left (i.e. the reflected wave). || Since the ampli- 
tudes of the incident and transmitted waves may be regarded as equal, the 


+ If the transition point is real but lies in the classically inaccessible region, formula (52.1) corres- 
ponds (in the simple case of one-dimensional motion) to formula (50.9) for the probability of penetra- 
tion through the potential barrier. An example of the application of formula (52.1) to a problem with 
several degrees of freedom (the stripping of a deuteron in the field of a nucleus) is given by E. M. 
Lirsuitz, Zhurnal éksperimental’noi i teoreticheskot fiziki 8, 930, 1938. 

¢ If the potential energy of the system has itself singular points, these also must be considered as 
possible values of go. 

|| A passage along a path below the point xo (simply going along the real axis, for example) converts 
the function %, into the incident wave. 
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Fic, 19 


required reflection coefficient R is simply the ratio of the squared moduli 
of p_ and #4: 


als 


“= exp(—zim [ pas), (52.2) 
Cc 


Having derived this formula, we can deform the path of integration in the 
exponent in any manner; if we convert it into the path C’ shown in Fig. 19, 
the integral fp dx reduces to twice the integral from x1 to xo, givingt 


X 
4 
R= exp(— role [» ds). (52.3) 


Since p is real everywhere on the real axis, the choice of x, does not affect 
the imaginary part of the integral in the exponent. 

As already mentioned, among the possible values of x9 we must select the 
one for which the exponent in (52.3) is smallest in absolute magnitude (and 
this value must be large compared with unity). It is also implied that, if 
the potential energy U(x) itself has singularities in the upper half-plane, 
the integral 


i, 
im — dx 
mae 


has larger values for such points; otherwise the exponent would be deter- 
mined by one of these points, but the coefficient of the exponential would not 
be unity as in (52.3). This condition is certainly not satisfied with increasing 


+ This formula with the coefficient of the exponential (equal to unity) was first obtained by V. L. 
Poxrovskil, S. K. SavvinyKu and F. R. ULinicw (1958). 
t Of course, only points xo are considered for which 


Xo 


im | pdx > 0, 


i.e. points lying in the upper half-plane. 
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energy E if U(x) becomes infinite anywhere in the upper half-plane: ulti- 
mately the point x9 at which U = E becomes so close to the point x,, where 
U = oo that the two points give comparable contributions to the reflection 
coefficient (the integral 


1 

im — dx ~ 1), 
if? ) 
La 


and formula (52.3) becomes invalid. In the limit where £ is so large that this 
integral is small compared with unity, perturbation theory becomes applicable 
(see Problem 1).f 


PROBLEMS 


ProsBLEM 1. Determine the coefficient of reflection above the barrier for particle energies 
such that perturbation theory is applicable. 


SoLuTION. Formula (43.1) is used, the initial and final wave functions being plane waves 
propagated in opposite directions and normalised respectively by unit current density and the 
delta function of momentum, with dv = dp’ and p’ the momentum after reflection. Carrying 
out the integration with respect to p’ (taking account of the delta function), we obtain 


m2 | 
| U(x)e2ipaih dx\?, (1) 


hep?| J 


This formula is valid if the conditions for perturbation theory to be applicable are satisfied: 
Ua/iiv <1, where a is the width of the barrier (see the third footnote to §45), and also 
pa/h < 1. The latter condition ensures that the function R(p) is not exponential; otherwise 
the question of the validity of formula (1) would require further investigation. 


ProsiEM 2. Determine the coefficient of reflection above the barrier for a quasi-classical 
barrier when the function U(x) has a discontinuity of slope. 

SoLtuTion. If the function U(x) has a singularity for real x, the reflection coefficient is 
determined mainly by the field near that point, and perturbation theory can be formally 
applied to calculate it, without having to be valid for allx; the fulfilment of the quasi-classical 
condition is sufficient. We then have formula (1) of Problem 1, the only difference being that 
the momentum of the incident particle must be replaced by the value of p(x) at the singular 
point. 

In this case we take the point of discontinuous slope as x = 0, and thus have near this point 


U= —F\ix for x>Q0, = —Fox for x < 0, 


with different F, and Fz. The integration with respect to x is effected by including in the 
integrand a damping factor e+47 and then letting A > 0. The result is 


272 


~ 16 p08 


(F2,—F1)?, 


where po = p(0). 


+ An intermediate case is discussed by V. L. Poxrovski1 and I. M. KHALATNIKOV, Soviet Physics 
JETP 13, 1207, 1961. 
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§53. Transitions under the action of adiabatic perturbations 


It has already been mentioned in §41 that, in the limit of a perturbation 
which varies arbitrarily slowly with time, the probability of a transition of 
a system from one state to another tends to zero. Let us now consider this 
problem quantitatively, by calculating the transition probability under the 
action of a slowly varying (adiabatic) perturbation. 

Let the Hamiltonian of the system be a slowly varying function of time, 
tending to definite limits as ¢ > + 00, and let %n(q, 2) and E,(#) be the eigen- 
functions and the eigenvalues of the energy (depending on time as a para- 
meter) obtained by solving ScHRODINGER’s equation A(t)bn = Eniin3 on 
account of the adiabatic variation of H with time, the time variation of En 
and %, with time will also be slow. The problem is to determine the proba- 
bility wis of finding the system in a certain state ye as tf > + 00, if it was in 
the state ¥1 as t > — oo. 

The slow variation of the perturbation means that the duration of the 
“transition process” is very long, and therefore the change in the action during 
this time (given by the integral — { E(#) dé) is large. In this sense the problem 
is quasi-classical, and the required probability is mainly determined by the 
values zo of ¢ for which 


Ey(to) = Ea(to) (53.1) 


and which correspond, as it were, to the ‘‘instant of transition” in classical 
mechanics (cf. §52); in reality, of course, such a transition is classically 
impossible, as is shown by the fact that the roots of equation (53.1) are 
complex. It is therefore necessary to examine the properties of the solutions 
of SCHRODINGER’s equation for complex values of the parameter ¢ in the 
neighbourhood of the point t = to at which the two eigenvalues of the energy 
become equal. ; 

As we shall see, the eigenfunctions 4, y2 vary rapidly with ¢ near this 
point. To determine this dependence, we first define linear combinations 
fi, $2 Of 1, 2 which satisfy the conditions 


[di2dg= [do2dg=0,  f digedg =1. (53.2) 


This can always be achieved by suitable choice of the complex coefficients 
(which are functions of t). The functions 41, ¢2 have no singularity at t = fo. 
We now seek the eigenfunctions as linear combinations 


pb = agit dado. (53.3) 
Here it must borne in mind that, when the “‘time” ¢ is complex, the operator 
H(t) (of the form (17.4) is still equal to its transpose (H = A), but is no 


longer Hermitian (1 4 H *), since the potential energy U(t) 4 U*(2). 
We substitute (53.3) in SCHRODINGER’s equation, multiply on the left by 
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fi or $2, and integrate with respect to g. With the notation 
Hut) = | ¢lgx dg, (53.4) 


and using the fact that Hjz = H21 owing to the above-mentioned property 
of the Hamiltonian, we obtain the equations 
F114, + Hj2a2 = Eap, 
(53.5) 
Hj2a, + He2a2 = Ea}. 
The condition for these equations to have non-zero solutions is (Hj2—E)? = 
H,Ho2, and the roots of this give the energy eigenvalues 


E = Hygt (1122). (53.6) 
Then (53.5) gives 
aglay = ++/(Ai1/A22). (53.7) 


It is seen from (53.6) that, for a coincidence at the point ¢t = fo of the two 
eigenvalues, either Hj; or H22 must vanish at that point; let Hy, vanish there. 
At a regular point, a function in general vanishes as t— fo, and therefore 


E(t)— E(t) = +constant x /(t—to), (53.8) 


i.e. E(t) has a branch point at t = fo. We also have az ~ /(t—7o), and so 
there is at the point t = z¢o only one eigenfunction, ¢1. 

We now see that the problem is formally completely analogous to the 
problem of reflection above the barrier discussed in §52. We have a wave 
function ‘Y(é) which is ‘‘quasi-classical”’ with respect to time, instead of the 
function quasi-classical with respect to the co-ordinate in §52, and wish to 
find the term of the form cob2et#,t/% in the wave function for f > + 00, 
if the wave function Y(#) = de~##,4/2 as t > — oo. This is analogous to the 
problem of determining the reflected wave for x -> — oo from the transmitted 
wave for x > +00. The required transition probability wig = |ca|?._ The 
action S = — f E(¢) dt is given by the time integral of a function having 
complex branch points (just as the function p(x) in the integral [ p dx had 
complex branch points). The problem under consideration is therefore 
dealt with by means of a contour in the plane of the complex variable ¢ 
from large negative to large positive values, just as in §52 for the plane of the 
variable x, and we shall not repeat the derivation here. 

We shall suppose that Zz > £) on the real axis. Then the contour must lie 
in the upper half-plane of the complex variable ¢ (where the ratio 
e~tE,t/h/etE,t/h increases). The resulting formula (analogous to (52.2)) is 


Wig = exp(— im | E(t) at), (53.9) 


cr 


where the integration is along the contour shown in.Fig. 19 (from left to 
right). 
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On the left-hand branch of this contour E = Ej, and on the right-hand 
branch E = E>. We can therefore write (53.9) in the form 


to 
w12 = exp(—2im [ wei(t) dt), (53.10) 
ti 


where wei = (£2—£)/A, and ty is any point on the real axis of tf; to must be 
taken as that root of equation (53.1) lying in the upper half-plane for which 
the exponent in (53.10) is smallest in absolute value.t In addition, besides 
the direct transition from state 1 to state 2, there may be possible paths 
through various intermediate states; the probabilities of these are given by 
analogous formulae. For example, for a transition 1 >3 ->2 the integral 
in (53.10) is replaced by a sum of integrals: 


tp@1) ty?) 
J w31(t) dt+ | wea(t) dt, 


where the upper limits are the “points of intersection” of the terms Ex(t), 
E(t) and E3(t), E(t) respectively. This result is obtained by means of a 
contour which encloses both these complex points. { 


t The possible values of tg must include points at which E(t) becomes infinite; for such points the 
coefficient of the exponential in (53.9) will not be unity. 
t The intermediate states of a continuous spectrum require a special discussion. 


CHAPTER VIII 
SPIN 


§54. Spin 

LkT us consider a system, such as an atomic nucleus, which executes some 
motion as a whole. We shall suppose that the internal energy of the nucleus 
has a definite value. The internal state of the nucleus, however, is in general 
not completely determined by this value; for the “‘internal’’ angular mo- 
mentum L of the nucleus (i.e. the angular momentum of the particles in 
their motion within the nucleus) may still have various directions in space. 
The number of different possible orientations of this angular momentum 
is, as we know, 2L+1. Thus, in considering the motion of the nucleus (in 
a given internal state) as a whole, we must examine, as well as its co-ordinates, 
another discrete variable: the projection of its internal angular momentum 
on some chosen direction in space. 

Consequently, we see that the formalism of quantum mechanics allows us, 
in considering the motion of any particle, to introduce, besides its co-ordinates, 
another variable quantity specific to any given particle, which can take a 
limited number of discrete values. We have no reason to suppose, @ prior, 
that this variable is absent when the particle is elementary. In other words, 
we must in general suppose that, in quantum mechanics, some “‘intrinsic”’ 
angular momentum must be ascribed to an elementary particle, regardless of 
its motion in space. This property of elementary particles is peculiar to 
quantum theory (it disappears in the limit # +0; see the second footnote to 
this section), and hence is essentially incapable of a classical interpretation. 
In particular, it would be wholly meaningless to imagine the “‘intrinsic’”’ 
angular momentum of an elementary particle as being the result of its rotation 
about ‘‘its own axis”. 

The intrinsic angular momentum of a particle is called its spin, as distinct 
from the angular momentum due to the motion of the particle in space, 
called the orbital angular momentum.t 'The particle concerned may be either 
elementary, or composite but behaving in some respect as an elementary 
particle (e.g. an atomic nucleus). The spin of a particle (measured, like the 
orbital angular momentum, in units of /) will be denoted by s. 

In the preceding chapters we have always supposed that the three co- 
ordinates of a particle form a complete set of quantities, so that, if they are 
given, its state is completely determined. We now see that this is in general | 


} The physical idea that an electron has an intrinsic angular momentum was put forward by 
G. UnLENBECK and S. GoupsMIT in 1925. Spin was introduced into quantum mechanics in 1927 by 
W. PavLi, 
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not true: for a complete description of the state of a particle, not only its co- 
ordinates, but also the direction of the spin vector, must be specified. Hence 
the wave function of a particle must be a function of four variables: the three 
co-ordinates, and the spin variable which gives the value of the projection of 
the spin on a selected direction in space, and takes a limited number of 
discrete values. These values can be added as a suffix to the wave functions. 
Thus the wave function of a particle which has a non-zero spin is in fact not 
one function, but a set of several different functions of the co-ordinates, 
differing in their spin suffixes. 

The quantum-mechanical operator corresponding to the spin of the particle, 
on being applied to the wave function, acts on the spin variable. In other 
words, it in some way linearly transforms the functions differing only in 
the spin suffix into one another. The form of this operator will be established 
later. However, it is easy to see from very general considerations that the 
operators f,, §,, §, satisfy the same commutation conditions as the operators 
of the orbital angular momentum. 

The angular momentum operator is essentially the same as that of an 
infinitely small rotation. In deriving, in §26, the expression for the orbital 
angular momentum operator, we considered the result of applying the rotation 
operator to a function of the co-ordinates. In the case of the spin, this 
derivation becomes invalid, since the spin operator acts on the spin variable, 
and not on the co-ordinates. Hence, to obtain the required commutation 
relations, we must consider the operation of an infinitely small rotation in a 
general form, as a rotation of the system of co-ordinates. If we successively 
perform infinitely small rotations about the x-axis and the y-axis, and then 
about the same axes in the reverse order, it is easy to see by direct calculation 
that the difference between the results of these two operations is equivalent 
to an infinitely small rotation about the z-axis (through an angle equal to the 
product of the angles of rotation about the x and y-axes). We shall not pause 
here to carry out these simple calculations, as a result of which we again 
obtain the usual commutation relations between the operators of the com- 
ponents of angular momentum; these must therefore hold for the spin oper- 
ators also: 


{S,, 5} = 18.2, {5,5} a i$y, {Sx 4} — 1,5 (54.1) 


together with all the physical consequences resulting from them. 

The commutation relations (54.1) enable us to determine the possible 
values of the absolute magnitude and components of the spin. All the results 
derived in §27 (formulae (27.7)-(27.9)) were based only on the commutation 
relations, and hence are fully applicable here also; we need only replace L 
in these formulae by s. It follows from formula (27.7) that the eigen- 
values of the z-component of the spin form a sequence of numbers differing 
by unity. However, we cannot now assert that these values must be integral, 
as we could for the component L, of the orbital angular momentum (the 
derivation given at the beginning of §27 is invalid here, since it was based 
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on the expression (26.14) for the operator /,, which holds only for the orbital 
angular momentum). 

Moreover, we find that the sequence of eigenvalues s, is limited above and 
below by values equal in absolute magnitude and opposite in sign, which we 
denote by +s. The difference 2s between the greatest and least values of s, 
must be an integer or zero. Consequently s can take the values 0, 4, 1, 3, .... 

Thus the eigenvalues of the square of the spin are 


s*? = s(s+1), (54.2) 
where s can be either an integer (including zero) or half an integer. For given 
s, the component s, of the spin can take the values s, s—1,..., —s, ie. 2s+1 


values in all. From what was said above, we conclude that the state of a 
particle whose spin is s must be described by a wave function which is a set 
of 2s+ 1 functions of the co-ordinates.f 

Experiment shows that the majority of the elementary particles (electrons, 
positrons, protons, neutrons, j-mesons and all hyperons (A, 2, &)) have a spin 
of 4. There are also elementary particles, the 7-mesons and the K-mesons, 
whose spin is zero. 

The total angular momentum of a particle is composed of its orbital angular 
momentum | and its spin s. Their operators act on functions of different 
variables, and therefore, of course, commute. The eigenvalues of the total 
angular momentum 

j=lts (54.3) 
are determined by the same ‘‘vector model’ rule as the sum of the orbital 
angular momenta of two different particles (§31). That is, for given 
values of J and s, the total angular momentum can take the values /+s, 
1+s—1,..., |J—s|. Thus, for an electron (spin 4) with non-zero orbital angular 
momentum J, the total angular momentum can be j = /43; for J = 0 the 
angular momentum j has, of course, only the one value7 = §. 

The operator of the total angular momentum J of a system of particles is 
equal to the sum of the operators of the angular momentum j of each particle, 
so that its values are again determined by the vector model rules. The angular 
momentum J can be put in the form 


J=L+S, L=21, S=%s, (54.4) 


where S may be called the total spin and L the total orbital angular momentum 
of the system. We notice that, if the total spin of the system is half-integral 
(or integral), the same is true of the total angular momentum, since the orbital 
angular momentum is always integral. In particular, if the system consists 
of an even number of similar particles, its total spin is always integral, and 
therefore so is the total angular momentum. 

t Since s is fixed for each kind of particle, the spin angular momentum fis becomes zero in the limit 
of classical mechanics (A—> 0). This consideration does not apply to the orbital angular momentum, 


since J can take any value. The transition to classical mechanics is represented by fi ten ding to zero 
and I simultaneously tending to infinity, in such a way that the product fil remains finite. 
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The operators of the total angular momentum j of a particle (or J, of a 
system of particles) satisfy the same commutation rules as the operators of 
the orbital angular momentum or the spin, since these rules are general com- 
mutation rules holding for any angular momentum. The formulae (27.13) 
for the matrix elements of angular momentum, which follow from the com- 
mutation rules, are also valid for any angular momentum, provided that the 
matrix elements are defined with respect to the eigenstates of this angular 
momentum. Formulae (29.7)—(29.10) for the matrix elements of arbitrary 
vector quantities also remain valid (with appropriate change of notation). 


PROBLEM 


A particle with spin } is in a state with a definite value sz = $. Determine the probabilities 
of the possible values of the component of the spin along an axis 2’ at an angle @ to the z-axis. 

SoLUTION. 'The mean spin vector § is evidently along the z-axis and has magnitude }. 
Taking the component along the 2’-axis, we find that the mean value of the spin in that 
direction is s2° = }cos@. We also have sz = $(wi—w-_), where ws are the probabilities 
of the values sz- = +4. Since witw_- = 1, we find w, = cos?44, w- = sin?40. 
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Let (x, y, 2; 0) be the wave function of a particle with spin o; o denotes 
the z-component of the spin, and takes values from —s to +s. We shall call 
the functions %(c) with various values of o the ‘‘components” of the wave 
function. We impose on the choice of these “components” the condition 
that the integral f |4(c)|? dV determines the probability that the z-component 
of the spin of the particle is equal to o. The probability that the particle is in 


an element of volume dV in space is dV x WADE If the particle is in a state 


with a definite o-value oo, only the component (oc) with o = og is not zero, 
i.e. the wave function is of the form 


(x,y, 256) = (x,y, 2)8g0, . 


In this chapter we shall not be interested in the dependence of the wave func- 
tion on the co-ordinates. For example, in speaking of the behaviour of the 
function ¢4(c) when the system of co-ordinates is rotated, we can suppose that 
the particle is at the origin, so that its co-ordinates remain unchanged by 
such a rotation, and the results obtained will characterise the behaviour of the 
function (oc) with regard to the spin variable o. 

Let us effect an infinitely small rotation through an angle 6¢ about the 
z-axis. The operator of such a rotation can be expressed in terms of the 
angular momentum operator (in this case the spin operator), in the form 
1+75¢.8,. Hence, as a result of the rotation, the functions %(c) become 
g(o)+5(c), where d%(c) = 166. Syh(c). But Sb(c) = o%(c), so that 
54(c0) = io7(c)d¢. By a rotation through a finite angle ¢ the functions %(c) 


are therefore transformed into 


p'(a) = e*h(a). (55.1) 
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In particular, by a rotation through an angle 27, they are multiplied by a 
factor e*7'¢, which is the same for all o and is (—1)?5 (20 is always of the same 
parity as 2s). Thus we see that, when the system of co-ordinates is com- 
pletely rotated about an axis, the wave functions of a particle of integral spin 
return to their original values, while those of a particle of half-integral spin 
change sign. 

The variable o differs from the ordinary variables (the co-ordinates) by 
being discrete. The most general form of a linear operator acting on func- 
tions of a discrete variable oa is 


(FY(9) = E fer(o’), (55.2) 


where the f,,’ are constants. The parentheses round fs emphasise that the 
spin argument o which follows does not relate to the original function ys but 
to that which results from it when the operator f is applied. Itis easy to see that 
the quantities f,,- are the same as the matrix elements of the operator f, defined 
in the usual manner. For the “eigenfunction’’ of the operator §, corresponding 
to the value sz = o9 is ¥(c) = Sec, For this function we have 


180, = 4 fooSe'e, = Soo, 


The right-hand side of this equation can be rewritten in the form 2 Sea, S a0’ 
and then 


Pos5 a 2 foro, Soo (55.3) 


This equation, however, agrees with the usual definition of the matrix of the 
operator f with respect to the eigenfunctions of the operator f,. 

Thus the operators acting on functions of o can be represented in the form 
of (2s-+1)-rowed matrices. In particular, we have for the operators of the 
spin components themselves 


(Sap)(o) = & (Se)oo(o’), (55.4) 


and similarlyt for $,, §,. According to what has been said above, the matrices 
Sx Sy, S, are identical with the matrices L,, L,, L, obtained in §27, where the 
letters ZL and M need only be replaced by s and c. Thus the non-vanishing 
matrix elements of the spin operators are 


(Se)c,0-1 = (Sa)o-16 = $V/[(s+o)(s— o+ 1)], 
(Sy)e,0-1 —(Sy)o-1,6 ra —Hy/[(s-+0)(s—o+1)], (55.5) 
(Sz) oo a 


In the important case of a spin of 4(s = 4, ¢ = +4), these matrices have 


+ Attention is drawn to the fact that the sequence of suffixes in the matrix elements on the right-hand 
side of equation (55.4) is the reverse of the usual sequence (in (55.3)). 
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two rows, and are of the form 


c=) ob o=aL, C] w=, | 659 


These are called (without the factor 4) Pauli matrices. We may also give the 
matrices of the complex combinations sy = sz+ ty: 


wo oh os 


By direct multiplication of the Pauli matrices, it is easy to verify that the 
relations 


26,8, =i, 22S, =, 28,8, = i, (55.8) 
hold. Combining these with the usual commutation rules (54.1) we find that 
S$ +65, =0, $26,4+55. =9, §,8,.4+6,8, = 0, (55.9) 


i.e. the Pauli matrices anticommute with one another. 
By means of these relations, we can easily verify the following useful formulae: 


g2 = 3, (55.10) 
(8.a)(8.b) = }(a.b)+4i8 . (axb), (55.11) 


where a and b are any vectors.f 

It may be noted that any expression quadratic in the components of $ thus 
reduces to terms independent of § and terms linear in s. Hence it follows that 
any function of the operator § (of spin 4) reduces to a linear function (see 
Problem 1). 

Let us consider more closely the “‘spin” properties of wave functions. 
When the spin is zero, the wave function has only one component, (0). When 
the spin operators act upon it, the result is zero: 


Sub = Sb = Sab = 0. 


Since the spin operators are related to the rotation operators, this means that 
the wave function of a particle with spin zero is invariant under rotation of 
the co-ordinate system, i.e. it is a scalar. 

The wave functions of particles with spin } have two components, (4) and 
#(—4). For convenience in later generalisations, we shall call these compo- 
nents 1 and x? respectively (with upper indices 1 and 2). In any rotation of 
the co-ordinate system, y1 and ? undergo a linear transformation: 


PY = oft + Bp, YY = y+ dy. (55.12) 


+ The terms on the right which are independent of § must, of course, be understood as constants 
multiplying the unit two-by-two matrix. 
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The coefficientst «, 8, y, 6 are in general complex and functions of the angles 
of rotation. They are connected by a relation which we derive by considering 
the bilinear form 


pP—ypyrP, (55.13) 


where (x7, ?) and (¢1, 2) are two wave functions transformed according to 
(55.12). A simple calculation gives 


PG — Pg" = (08—By)(p'p?— p94"), 


i.e. the quantity (55.13) is transformed into itself when the co-ordinate system 
is rotated. If, however, there is only one function which is transformed into 
itself, it can be regarded as corresponding to zero spin, and therefore must be 
a scalar, i.e. must remain unchanged when the co-ordinate system is rotated 
in any manner. Hence we have 


ad—By = 1. (55.14) 


This is the required relation. 

The linear transformations (55.12) which leave the bilinear form (55.13) 
invariant are called binary transformations. A quantity having two compo- 
nents which undergoes a binary transformation when the co-ordinate system 
is rotated is called a spinor. Thus the wave function of a particle with spin } 
is a spinor. 

It is possible to put the algebra of spinors in a form analogous to that 
of tensor algebra. This is done by introducing a vector space of two dimen- 
sions, in which the metric is defined by an antisymmetrical ‘metric tensor”: 


0 1 
i a = [ | (55.15) 
§2 &2 —1 0 
The vectors in this space are spinors. Besides the contravariant components 


", ¥° of the spinor, we may introduce the covariant components in accordance 
with the usual formulae of tensor algebra: 


2 
By = 2 oy 
so that 


1 = p, pf, = —. (55.16) 


The binary transformations for the covariant components of a spinor are 
obviously of the form 


by! = db,—ype, oe’ = — Bib + aif. (55.17) 


ft Called the Cayley-Klein parameters. 
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The converse transformation from covariant to contravariant components 
can be written in the form 


P= Der, (55.18) 


where the contravariant ‘‘metric tensor” g“ has the components 


11 12 0 ] 
li A 7 ge a ae 
which are the same as the components 2},,. 
The invariant combination (55.13) can be written as a “scalar product” 


Pb, = di tebe = PPP et = gybrpr; (55.20) 


here, and in what follows, summation is implied over repeated (dummy) 
indices, as in tensor algebra. We may note the following rule which has to 
be borne in mind in spinor algebra. We have 


Pro, = Pdi tbe = pad ?—yag! = pnd. 


Thus 
Wb, = —nd. (55.21) 
Hence it is evident that the scalar product of any spinor with itself is zero: 
Py = 0. (55.22) 


The expression 
Ee = ge types, 

which gives the probability of finding the particle at a given point in space, 
must clearly be a scalar. Comparing it with the scalar (55.20), we see that 
the components 75'*, 4?* of the wave function which is the complex conjugate 
of 21, J? are transformed as covariant components of a spinor, i.e. as 7, —t 
respectively : 

ypi*’ a Syl * — yif?*, frm! es — Bil* + aif?*, 
On the other hand, by taking the complex conjugate equations to (55.12) 

al = a ypl* +4 BY2*, pr’ — y*yl* + 6*y2* 


and comparing them with the above, we find that the coefficients «, B, y, 6 
are related also by 


a = &, p=-—-y*. (55.23) 


By virtue of the relations (55.14), (55.23), the four complex quantities 
a, B, y, 5 actually contain only three independent real parameters, correspond- 
ing to the three angles which define a rotation of a three-dimensional system 
of co-ordinates. 
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The fact that ¢'*, 2* are transformed as %?, —y1 is closely related to the 
symmetry with respect to a change in the sign of the time. As was remarked 
in §18, in quantum mechanics a change in the sign of the time corresponds 
to a replacement of the wave function by its complex conjugate. When the 
sign of the time is changed, however, so is that of the angular momentum. 
Hence the functions which are the complex conjugates of the components 


1, ~? corresponding to projections of the spin o = } and o = —} must be 
equivalent in their properties to the components corresponding respectively 
to projections of the spin o = —4ando = }. 

PROBLEMS 


PROBLEM 1. Reduce an arbitrary function of the scalar a+2b. & (where & is the operator 
of spin 4) to another linear function of 8. 


SoLvuTION. To determine the coefficients in the required formula f(a+2b.8) = 
a+28b .8/b, we note that, when the z-axis is taken in the direction of b, the eigenvalues of 
the operator a+ 2b. 8 are a+ b, and the corresponding eigenvalues of the operator f(a+2b.8) 
are f(atb). Hence we find « = #{[f(a+b)+f(a—b)], B = Hf(at+b)—f(a—d)]. 


PROBLEM 2. Determine the values of the scalar product si . sg of spins (4) of two particles 
in states in which the total spin of the system, S = s1 +e, has definite values (0 or 1). 


SOLUTION. From the general formula (31.2), which is valid for the addition of any two 
angular momenta, we find si.s2 = } for S = 1,s1.se = —3 for S = 0. 
PROBLEM 3. Which powers of the operator § of an arbitrary spin s are independent? 


SOLUTION. ‘The operator 
(§,—s)(Sz—s+1) ... (S&+5), 


formed from the differences between Sz and all possible eigenvalues sz, gives zero when it is 
applied to any wave function, and is therefore itself zero. Hence it follows that (§z)28+1 is 
expressed in terms of lower powers of the operator Sz, so that only its powers from 1 to 2s are 
independent. 


§56. Spinors of higher rank 


Analogously to the transition from vectors to tensors in ordinary tensor 
algebra, we can introduce the idea of spinors of higher rank. Thus, a quantity 
y+, having four components which are transformed as the products 6+ 
of the components of two spinors of rank one, is called a spinor of rank two. 
Besides the contravariant components 4“ we can consider the covariant 
components 7), and the mixed components %)“ which are transformed as 
the products %)¢,, and #)¢" respectively. The transition from one set of 
components to another is effected by means of a “metric tensor” g),, in 
accordance with the usual formulae 


Ph = gr,WrP, Yu =e ErrEpp PP. 


Thus ¢y. = —Y%,) = —7f, ty, = 2? = f*, and so on. Spinors of any 
rank are similarly defined. The quantities g), themselves form an anti- 
symmetrical spinor of rank two. It is easy to see that the values of its com- 


ponents remain unchanged under binary transformations. 


§56 Spinors of higher rank 197 


It is easily verified that the product g),g"” is, as it should be, a unit spinor 
of rank two, i.e. a spinor with components 5! = 63 = 1, 6? = 65 =0. Thus 


Ew? = 84. (56.1) 


As in ordinary tensor algebra, there are two fundamental operations in 
spinor algebra: multiplication, and contraction with respect to a pair of in- 
dices. The multiplication of two spinors gives a spinor of higher rank; thus, 
from two spinors of ranks two and three, #),, and %”°?, we can form a spinor 
of rank five, ,,5"°%. Contraction with respect to a pair of indices (i.e. sum- 
mation of the components over corresponding values of one covariant and 
one contravariant index) decreases the rank of a spinor by two. Thus, a 
contraction of the spinor #),,”°" with respect to the indices w and v gives the 
spinor #),,"°° of rank three; the contraction of the spinor 4)" gives the scalar 
#4. Here there is a rule similar to that expressed by formula (55.21): if we 
interchange the upper and lower indices with respect to which the contraction 
is effected, the sign is changed (i.e. 4,4 = —y4)). Hence, in particular, it 
follows that, if a spinor is symmetrical with respect to any two of its indices, 
the result of a contraction with respect to these indices is zero. Thus, for a 
symmetrical spinor y,, of rank two, we have 4 = 

A spinor of rank m symmetrical with respect to all its indices is called a 
symmetrical spinor of rank n, From an asymmetrical spinor we can construct a 
symmetrical one by the process of symmetrisation, i.e. summation of the compo- 
nents obtained by all possible interchanges of the indices. From what has 
been said above, it is impossible to construct (by contraction) a spinor of lower 
rank from the components of a symmetrical spinor. 

Only a spinor of rank two can be antisymmetrical with respect to all its 
indices. For, since each index can take only two values, at least two out of 
three or more indices must have the same value, and therefore the compo- 
nents of the spinor are zero identically. Any antisymmetrical spinor of rank 
two is a scalar multiple of the unit spinor g),. We may notice here the fol- 
lowing relation: 


Lut t+evwatenr, = 9 (56.2) 


(where ¢ is any spinor), which follows from the above; this rule is simply a 
consequence of the fact that the expression on the left is (as we may easily 
verify) an antisymmetrical spinor of rank three. 

The spinor which is the product of a spinor , with itself, on contraction 
with respect to one pair of indices, becomes antisymmetrical with respect to 
the other pair: 


Pry” a —Pa"tuy 


Hence, from what was said above, this spinor must be a scalar multiple of 
the spinor g),. Defining the scalar factor so that contraction with respect to 
the second pair of indices gives the correct result, we find 


doh? = — prey (56.3) 
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The components of the spinor #), * which is the complex conjugate of 
#,,,,. are transformed as the components of the contravariant spinor 4#---, 
and conversely. The sum of the squared moduli of the components of any 
spinor is consequently invariant. 


§57. The wave functions of particles with arbitrary spin 


Having developed a formal algebra for spinors of any rank, we can now 
turn to our immediate problem, to study the properties of wave functions of 
particles with arbitrary spin. 

This subject is conveniently approached by considering an assembly of 
particles with spin 4. The greatest possible value of the z-component of the 
total spin is 4, which is obtained when s, = 4 for every particle (i.e. all the 
spins are directed the same way, along the z-axis). In this case we can 
evidently say that the total spin S of the system is also 4n. 

All the components of the wave function (0, og, ..., 0,) of the system 
of particles are then zero, except for ¥(4, 4,..., $). If we write the wave 
function as a product of spinors #44"... , each of which refers to one of the 
particles, only the component with A, mu, ... = 1 in each spinor is not zero. 
Thus only the product ¥141...is not zero. The set of all these products, 
however, is a spinor of rank » which is symmetrical with respect to all its 
indices. If we transform the co-ordinate system (so that the spins are not 
directed along the z-axis), we obtain a spinor of rank , general in form except 
that it is symmetrical as before. 

The “spin” properties of wave functions, being essentially their properties 
with respect to rotations of the co-ordinate system, are evidently identical for 
a particle with spin s and for a system of m = 2s particles each with spin 4 
directed so that the total spin of the system is s. Hence we conclude that 
the wave function of a particle with spin s is a symmetrical spinor of rank 
n = 2s. 

It is easy to see that the number of independent components of a sym- 
metrical spinor of rank 2s is equal to 2s-+-1, as it should be. For all those 
components are the same whose indices include 2s ones and 0 twos; so are 
all those with 2s—1 ones and 1 two, and so on up to 0 ones and 2s twos. 

Mathematically we can say that the symmetrical spinors provide a classifica- 
tion of the possible types of transformation of quantities when the co-ordinate 
system is rotated. If there are 2s+1 different quantities which are transformed 
linearly into one another (and which cannot be reduced in number by any 
choice of linear combinations of them), then we can assert that their law of 
transformation is equivalent to that of the components of a symmetrical spinor 
of rank 2s.f Any set of any number of functions which are transformed linearly 
into one another when the co-ordinate system is rotated can be reduced (by 
an appropriate linear transformation) to one or more symmetrical spinors. 


f In other words, the symmetrical spinors form what are called irreducible representations of the 
rotation group (see §98). 
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Thus an arbitrary spinor #),,,, of rank m can be reduced to symmetrical 
spinors of ranks n, n—2, n—4, .... In practice, such a reduction can be made 
as follows. By symmetrising the spinor y),,,,, with respect to all its indices, 
we form a symmetrical spinor of the same rank n. Next, by contracting the 
original spinor #),,,. with respect to various pairs of indices, we obtain 
spinors of rank n—2, of the form #4),_,which, in turn, we symmetrise, so 
that symmetrical spinors of rank n—2 are obtained. By symmetrising the 
spinors obtained by contracting #),_. with respect to two pairs of indices, 
we obtain symmetrical spinors of rank n—4, and so on. 

We have still to establish the relation between the components of a sym- 
metrical spinor of rank 2s and the 2s-+1 functions ¥(c), where o = s,s—1,..., 
—s. The component 


11-..1 22...2 
sto so’ 


in whose indices 1 occurs s+-c times and 2 s—o times, corresponds to a value 
o of the projection of the spin on the z-axis. For, if we again consider a system 
of n = 2s particles with spin 4, instead of one particle with spin s, the product 
pil... y2p2... corresponds to the above component; this product belongs to a 


s+o s-o 


state in which s+o particles have a projection of the spin equal to 4, and 
s—o a projection of — }, so that the total projection is $(s+o)—3(s—a) =o. 
Finally, the proportionality coefficient between the above component of | 
the spinor and #(c) is chosen so that the equation 


2, Wot = 2 We (57.1) 


holds; this sum is a scalar, as it should be, since it determines the probability 
of finding the particle at a given point in space. In the sum on the right-hand 
side, the components with (s-+o) indices 1 occur 


(2s)! 
(s+)! (s—o)! 


times. Hence it is clear that the relation between the functions 5(c) and the 
components of the spinor is given by the formula 


(so) = / [a AS ——. (57.2) 


The relation (57.2) ensures the fulfilment not only of the condition (57.1), 
but also, as we easily see, of the more general condition 


pedy = Z(—1)*%$(o)$(—9), (57.3) 


where 4+" and $),,. are two different spinors of the same rank, while 
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(co), $(c) are functions derived from these spinors by formula (57.2); the 
factor (—1)*~° is due to the fact that, when all the indices of the spinor com- 
ponents are raised, the sign changes as many times as there are twos among 
the indices. 

Formulae (55.4) determine the result of the action of the spin operator 
on the wave functions ¢(c). It is not difficult to find how these operators act 
on a wave function written in the form of a spinor of rank 2s. For a spin }, 
the functions (4), #(— 3) are the same as the components #1, x6? of the spinor. 
According to (55.4) and (55.6), the result of the spin operators’ acting on them 
will be 


(Sap) = 44", (Sb) = —2?, (Sp)? = HY, 
(Sb)? = 2h, Gh? = 2, (Ch)? = 3. 


To pass to the general case of arbitrary spin, we again consider a system 
of 2s particles with spin 3, and write its wave function as a product of 2s 
spinors. The spin operator of the system is the sum of the spin operators 
of each particle, acting only on the corresponding spinor, the result of this 
action being given by formulae (57.4). Next, returning to arbitrary symmetri- 
cal spinors, i.e. to the wave functions of a particle with spin s, we obtain 


(57.4) 


a Il... 22 ll... 22... AL. so, 22 vis 
(Seb) 5 aca 3(s-+0) s+o-1 carrie | ae ) 8+o+1 s—o—)’ 

ise 11... 22 ent, 11 .-- 22,,, Life 11... 22... 
(Sy Vor ae = —41(s+o) es sont Btls 3) FTE PIE (57.5) 
ap dl wee 22, 11... 22 
Me ae 


We notice that, by starting from these formulae and the relations (57.2), 
we could derive the expressions (55.5) for the matrix elements of the spin 
operator acting on the functions ¢(c). 


§58. The relation between spinors and tensors 


Hitherto we have spoken of spinors as wave functions of the intrinsic angular 
momentum of elementary particles. Formally, however, there is no difference 
between the spin of a single particle and the total angular momentum of any 
system regarded as a whole, neglecting its internal structure. It is therefore 
evident that the transformation properties of spinors apply equally to the 
behaviour, with respect to rotations in space, of the wave functions jm, of any 
particle or system of particles with total angular momentum j, independent of 
whether orbital or spin angular momentum is concerned. There must therefore 
be some definite relation between the laws of transformation for the eigen- 
functions Ym under rotations of the co-ordinate system and those for the 
components of a symmetrical spinor of rank 2). 
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In establishing this relation we must, however, make a clear distinction 
between two aspects of the dependence of the wave functions on the component 
m (for a given value ofj). The wave function may be regarded as the probability 
amplitude for various values of m, or may be considered for a given value of m. 

These two aspects have already been discussed at the beginning of §55, 
where we dealt with the “eigenfunction” 8,,, of the operator §z which corres- 
ponds to sz = oo. The mathematical difference between them is especially 
clear for a particle of spin s = }. In this case the spin function is, with respect 
to the variable o, a contravariant spinor of rank 1, i.e. must be written in spinor 
notation as 6%, . With respect to go it is therefore a covariant spinor. 

This is evidently a general result: the eigenfunctions %jm can be put in 
correspondence with the components of a covariant symmetrical spinor of 
rank 2 by means of formulae analogous to (57.2) :f 


(2j)! 
= {——--_—_ _ 58.1 
Grmy(j— mit = oe 


bjm 


The eigenfunctions of integral angular momentum j are spherical harmonics, 
and formula (58.1) relates them to the components of a covariant spinor of even 
rank. 

The case j = 1 is of particular importance. The three spherical harmonics 


_ 73 _ 13 
Yn =i, [= cond =i | on, 
4a Ar 


3 3 
Yiai = - i fe sin 8 ert = - i | naseing), 
, Sz Sar 


where n is a unit vector along the radius vector. Comparing with (58.1), we 
see that the components of a spinor of rank two can be brought into corres- 
pondence with the components of some vector by the formulae} 


z t z 
vig =—az,, = Wt = ——-(Gztiay), Yoo = —(az—idy), (58.2) 
/2 /2 /2 
+ This result can also be regarded somewhat differently. If the wave function y of a particle in 
state with angular momentum j is expanded in terms of the eigenfunctions im: 


ip = p> Amipim, 


then the coefficients am are the probability amplitudes for various values of m. In this sense they 
correspond to the “components” y(m) of a spin wave function, and this gives their law of transformation. 
On the other hand, the value of x at a given point in space cannot depend on the choice of the co- 
ordinate system, i.e. the sum © amisjm must be a scalar. Comparing with the scalar (57.3), we see that 
@m must transform as (— 1))-™hy,—m.- 

+ Here the functions %jm and the components of the vector are related by 


tho = ia, wu=— —{eatian), 1 = alta) (58.2a) 
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or 


i t i 
Wi — hay gh = emits), Y= ——antiay). (58.3) 
Conversely 

t 


az = 12h, ag = ya) dy = ng) (58.4) 


It is easily verified that with these definitions we have 
trp" = ab, (58.5) 


where a and b are vectors corresponding to the symmetrical spinors $4” and 
¢'". It is also not difficult to see that the spinor b,Ade + vs," corresponds 
to the vector 4/2a x b. 

The relations (58.2) or (58.3) are a particular case of a general rule: any sym- 
metrical spinor of even rank 2j, where 7 is integral, can be correlated with a 
symmetrical tensor of half the rank (j) which gives zero on contraction with 
respect to any pair of indices; we call this an irreducible tensor. 

This follows from the fact that the numbers of independent components 
of the spinor and of the tensor are the same (27+1), as may easily be seen.f 
The relation between the components of the spinor and of the tensor can be 
found by means of formulae (58.2)—(58.4), if we consider a spinor of the rank 
concerned as the product of several spinors of rank two, and the tensor as a 
product of vectors. 

Finally, let us determine the relation between the angles of rotation of the 
co-ordinate system and the coefficients «, 8, y, 5 of the binary transformation. 
This is done by noticing that, on the one hand, the cosines of the angles 
between the original and final axes of co-ordinates are the coefficients in the 
formulae for the transformation of the components of a vector: 


3 
a, = Di inte, (58.6) 


and, on the other hand, this same transformation can be performed by means 
of a binary transformation, using formulae (58.4), (55.12). Thus, for instance, 


we have 
a’, = 1/2! = ty/2 [ayp" + Boy??+ (ad+ By) y?] 
= (—ay+f8)ay+i(xy-+f8)ay+(ad+By)a, 


We can similarly determine the remaining «,,, and thus obtain the following 
scheme of transformation coefficients: 


Har—f—YP+8%) i(—a®—fP4+y°484) (—aB-+y8) 
(4a) = |ilo?—PY+y2—8) PAK +y° +52) —i(@B+y8)]. (58.7) 
| (—ay-+88) i(aey+85) a+ By 
t Mathematically we can say that the 2j+1 components of an irreducible tensor of rank j (an 


integer), the 2j+1 spherical harmonics Yjm, and the 2j/+1 components of a symmetrical spinor of 
rank 2j give the same irreducible representation of the rotation group. 
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The inverse expressions for the coefficients «, B, y, 5 in terms of the angles 
of rotation of the co-ordinate system can be found by using the Eulerian 
angles to define the rotation. The matrix of the coefficients a, 8, y, 5 for a rota- 
tion through an angle ¢ about the z-axis (denoted by «(¢)), according to formula 
(55.1) with o = +3, is of the form 


[; 1 =e) i a (58.8) 


The matrix (6) expressing a rotation through an angle @ about the x-axis 
is easily calculated from formulae (58.7), in which az = 1, ayy = &zz = cos 8, 
Xyz = — Xzy = sin 0, Lay = Lyx = Ogez = ee = 0: 


cos#@ isin46 
os 4 sin 4 i} (58.9) 


a =| 
isind@ cos40 

A rotation specified by the Eulerian angles ¢, 0, (Fig. 20; ON is the line of 

intersection of the xy and x’y’ planes) is carried out in three stages: a rotation 


through an angle ¢ about the z-axis, one through an angle @ about the new 
position of the x-axis, and finally one through an angle 7 about the final direc- 
tion of the z-axis. Accordingly, the matrix of the complete transformation 
is equal to the product w(s)Q(9)a(¢). By direct multiplication of the matrices, 
we finally obtain 


a cos 40. elgt+¥/2 7 sin}O . eM We 
J ~ , ; | ; (58.10) 
y 8 isin hd . eG-wl/2 cosh . e~MSt¥V/2 
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In particular, a rotation through an angle 7 about the y-axis corresponds 
to Eulerian angles 6 = 7, 6—y = 7, so that « = 5 = 0,8 = 1,y = —1. This 
means that the spinor components are transformed by such a rotation according 


to pl = g?, y?’ = —fl, or 
y=, PP = de. (58.11) 


PROBLEMS 
PROBLEM 1. Rewrite the definition (57.4) of the operator of spin 4 in terms of the spinor 
components of the vector §. 


SOLUTION. By means of formulae (58.3), which give the relation between the vector $ 
and the spinor §*, the definition (57.4) can be written as 


2 
Grub = ———{pgur + igh), 
24/2 
PROBLEM 2. Derive formulae which determine the effect of the spin operator on a vector 
wave function of a particle with spin 1. 
SOLUTION. The relation between the components of the vector function and the com- 
ponents of the spinor ¥" is given by formulae (58.3), and from (57.5) we have 


Saps = —yu, Sp = we, Sab, = 0 
or 


Sabx = —tpy, Say = tbe, Setbz = 0. 


The remaining formulae are derived from these by cyclic permutation of the suffixes x, y, &. 
They can be written together as 


Sith, = —terxnpy. 


The complex vector uD) can be put in the form UD) = ef(u+iv), where u and v are real 
vectors, which can be taken to be mutually perpendicular if the common phase « is suitably 
chosen. The two vectors u and v determine a plane which has the property that the spin 
component perpendicular to it can take only the values +1. 


§59. Partial polarisation of particles 


By a suitable choice of the direction of the z-axis, we can always cause one 
component (e.g. 47) of a given spinor y*, the wave function of a particle with 
spin 4, to vanish. This is evident from the fact that a direction in space is 
determined by two quantities (angles), ie. the number of disposable parameters 
is just equal to the number of quantities (the real and imaginary parts of the 
complex 7?) which it is desired to make zero. | 

Physically this means that, if a particle with spin } (for definiteness, we shall 
speak of an electron) is in a state described by a spin wave function, then there 
is a direction in space in which the component of the particle spin has the 
definite value c = $. We can say that in such a state the electron is completely 
polarised. 

There are also, however, states of an electron which may be said to be 
partially polarised. Such states are not described by wave functions but only 
by density matrices, i.e. they are mixed states (with respect to spin) (see §14). 
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The spin density matrix of an electron is a spinor p*“ of rank two normalised 
by the condition 


pat = pittpo® = 1, (59.1) 
and satisfying the ‘Hermitian’ condition 
(xt)* = py). (59.2) 


For a pure (i.e. completely polarised) spin state of the electron the spinor 
pa” reduces to a product of components of the wave function y¥*: 


pat = (pr )epe. (59.3) 


The “diagonal’’ components pi! and pe? of the density matrix determine the 
probabilities of the values +4 and — #4 of the z-component of the electron spin. 
The mean value of this component is therefore 


Sz = $(p11— pe"), 
or, using (59.1), 
pu=$+h, pr =4-sz (59.4) 
In a pure state the mean value of the quantities s,. = sy +1sy is calculated as 
y= press ofr = yplay2, 
FL ae PAKS fA me yrmyfl 
(see (55.7)). Accordingly we have in a mixed state 
p12 = Sy, pgt = 5. (59.5) 


Thus we see that all the components of the spin density matrix of the electron 
are expressed in terms of the mean values of components of its spin vector. In 
_other words, the real vector s entirely determines the polarisation properties of 
a particle with spin }. In the limit of complete polarisation one of the com- 
ponents of this vector (with an appropriate choice of the directions of the 
axes) is $ and the other two are zero. In the opposite case of an unpolarised 
state all three components are zero. In the general case of an arbitrary partial 
polarisation and any choice of the co-ordinate system we have 0 < p < 1, 
where 
p= UG +52 +527)? 


is a quantity which may be called the degree of polarisation of the electron. 
For a particle of arbitrary spin s, the density matrix is a spinor p),...?7-~ 
of rank 4s, symmetrical in the first 2s and the last 2s indices and satisfying the 
conditions 
Prp. der = 1, (59.6) 


(Payp...P7*)* = Ppa. dter. (59.7) 


To calculate the number of independent components of the density matrix, 
we note that, among the possible sets of values of the indices A, j, ... (or p, a, ...) 
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there are only 2s+1 which are essentially different. Using also the fact that 
the components of the spinor p,,...7-- are related by (59.6), we find that the 
number of different components is (2s+1)?—1 = 4s(s+1). Although these 
components are complex, the relation (59.7) shows that this does not increase 
the total number of independent quantities describing the state of partial 
polarisation of the particle, which is therefore 4s(s+1).t For comparison, it 
may be remarked that the state of complete polarisation of the particle is de- 
scribed by only 4s quantities (the 2s + 1 complex components of the wave function 
y*---, related by one normalisation condition and containing one common phase 
which is unimportant in the description of the state). 

Like any spinor of rank 4s, the spinor y,,...°7--: is equivalent to a set of 
irreducible tensors of ranks 4s, 4s—2, ..., 0. In the present case there is only 
one tensor of each rank, since, on account of the symmetry properties of the 
spinor #,,...°7--, each contraction of it can be carried out in only one way: 
with respect to any one of the indices A, p, ..., and one of p, c, .... In addition, 
the scalar (tensor of rank 0) does not appear, reducing to unity by virtue of the 
condition (59.6). 


§60. Time reversal and Kramers’ theorem 


The symmetry of motion with respect to a change in the sign of the time is 
expressed in quantum mechanics by the fact that, if % is the wave function of 
a stationary state of the system, the “time-reversed”’ wave function (which we 
denote by tev) describes a possible state with the same energy. At the end of 
§18 it has been pointed out that {ev is the same as the complex conjugate 
function %*. In this simple form the statement applies to wave functions where 
the spin of particles is neglected. When spin is present, a refinement is necessary. 

Let us take the wave function of a particle of spin s in the form of the contra- 
variant spinor ¥’“--- (of rank 2s). On taking the complex conjugate function 
y“..-¥ we obtain a set of quantities which are transformed as components of a 
covariant spinor. Hence the operation of time reversal corresponds to a change 
from the wave function %’“--- to a new wave function whose covariant com- 
ponents are given by 

Page. = Mont, (60.1) 

For a given set of values of the indices , py, ... , the components of covariant 
and contravariant spinors correspond to values of the angular-momentum 
component which differ in sign. In terms of the functions #,,, therefore, time 
reversal corresponds to a change from ys, to %s,_,, as it should, since a change 
in the sign of the time changes the direction of the angular momentum. The 
exact relation is given by (60.1): 


Po = Pso*(— 1). 


+ When these quantities are given, so are the mean values of the components of the vector s and all 
their powers and products 2, 3, ..., 2s at a time, which do not reduce to lower powers (see §55, Problem 


3). 
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In other words, the operation of time reversal requires the change 
Psg > bs,-o(— 1). (60.2) 


Let us consider an arbitrary system of interacting particles. The orbital and 
spin angular momenta of such a system are not in general separately conserved 
when relativistic interactions are taken into account. Only the total angular 
momentum J is conserved. If there is no external field, each energy level of the 
system has (2J+1)-fold degeneracy. When an external field is applied, the 
degeneracy is removed. The question arises whether the degeneracy can be 
removed completely, i.e. so that the system has only simple levels. This is 
closely related to the symmetry with respect to time reversal. 

In classical electrodynamics the equations are invariant with respect to a 
change in the sign of the time, if the electric field is left unchanged and the sign 
of the magnetic field is reversed.t This fundamental property of motion must 
be preserved in quantum mechanics. Hence, not only in a closed system but in 
any external electric field (there being no magnetic field), there is symmetry 
with respect to time reversal. 

The wave functions of the system are spinors ¢*“---, whose rank 7 1s twice 
the sum of the spins sq of all the particles (n = 2 sq); this sum may not be 
equal to the total spin S of the system. 

According to what was said above, we can assert that, in any electric field, 
the wave function and its time reversal must correspond to states with the same 
energy. Ifa level is non-degenerate, it is necessary that these states should be 
identical, i.e. the corresponding wave functions must be the same apart from a 
constant factor (both, of course, being expressed as similar (covariant or contra- 
variant) spinors). 


We write ye. = Chy,.., or, by (60.1), 
pro® = Chrys (60.3) 


where C is a constant. 
Taking the complex conjugate of both sides of this equation, we obtain 


AP = CM,,,.*. 


We lower the indices on the left-hand side of the equation and correspond- 
ingly raise them on the right. This means that we multiply both sides of the 
equation by g,£g, --- and sum over the indices A, 4, ... ; on the right-hand side 
we must use the fact that 


BadBu «=» = (—1)"gragre ... . 
As a result we have 


ty. = C(— Dye, 


+ See, for example, The Classical Theory of Fields, §17, and the end of §110 below. 
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Substituting y4#--* from (60.3), we find 


Pry... = (—1"CO by... 


This equation must be satisfied identically, ie. we must have (— 1)*CC* = 1. 
Since, however, |C|? is always positive, it is clear that this is possible only 
for even n (i.e. for integral values of the sum ¥ sq). For odd n (half-integral 
values of & sq) the condition (60.3) cannot be fulfilled.t 

Thus we reach the result that an electric field can completely remove the 
degeneracy only for a system with an integral value of the sum of the spins of 
the particles. For a system with a half-integral value of this sum, in an 
arbitrary electric field, all the levels must be doubly degenerate, and complex 
conjugate spinors correspond to two different states with the same energy{ 
(H. A. Kramers 1930). 

One further, mathematical, comment may be made. A relation of the form 
(60.3) with a real constant C is mathematically the condition that the components 
of the spinor may be put in correspondence with a set of real quantities, and 
may be called the condition for the spinor to be “‘real”’.|| The impossibility of 
fulfilling the condition (60.3) for odd 1 signifies that no real quantity can 
correspond to a spinor of odd rank. For even 2, on the other hand, the condition 
(60.3) can be satisfied, and C can be real. In particular, a real vector can 
correspond to a symmetrical spinor of rank two if the condition (60.3) is 
satisfied with C = 1: 


pve = Pry 


(as is easily seen by means of (58.2) and (58.3)). The condition (60.3) with 
C = 1 is in fact the condition for a symmetrical spinor of any even rank to be 
“‘real’’. 


t When the sum & sa is integral (or half-integral), all possible values of the total spin S of the 
system are also integral (or half-integral). 

t If the electric field possesses a high (cubic) symmetry, fourfold degeneracy may occur (see 
§99, including the Problem). 

|| It is meaningless to call the spinor real in the literal sense, since complex conjugate spinors have 
different laws of transformation. 


CHAPTER IX 


IDENTITY OF PARTICLES 


§61. The principle of indistinguishability of similar particles 


In classical mechanics, identical particles (electrons, say) do not lose their 
“individuality”, despite the identity of their physical properties. For we 
can imagine the particles at some instant to be ‘“‘numbered”’, and follow the 
subsequent motion of each of these in its path; then at any instant the particles 
can be identified. 

In quantum mechanics the situation is entirely different, as follows at once 
from the uncertainty principle. We have already mentioned several times 
that, by virtue of the uncertainty principle, the concept of the path of an 
electron ceases to have any meaning. If the position of an electron is exactly 
known at a given instant, its co-ordinates have no definite values even at an 
infinitely close subsequent instant. Hence, by localising and numbering the 
electrons at some instant, we make no progress towards identifying them at 
subsequent instants; if we localise one of the electrons, at some other instant, 
at some point in space, we cannot say which of the electrons has arrived at 
this point. 

Thus, in quantum mechanics, there is in principle no possibility of separ- 
ately following each of a number of similar particles and thereby distinguish- 
ing them. We may say that, in quantum mechanics, identical particles 
entirely lose their “individuality”. The identity of the particles with respect 
to their physical properties is here very far-reaching: it results in the complete 
indistinguishability of the particles. 

This principle of the indistinguishability of similar particles, as it is called, 
plays a fundamental part in the quantum-mechanical investigation of systems 
composed of identical particles. Let us start by considering a system of only 
two particles. Because of the identity of the particles, the states of the system 
obtained from each other by merely interchanging the two particles must be 
completely equivalent physically. This means that, as a result of this inter- 
change, the wave function of the system can change only by an unimportant 
phase factor. Let #(&,, &) be the wave function of the system, , and ¢ con- 
ventionally denoting the three co-ordinates and the spin projection for each 
particle. Then we must have 


P(E, £2) = eb(Eo, £1), 


where « is some real constant. By repeating the interchange, we return to 
the original state, while the function ¢ is multiplied by e”*. Hence it follows 
that e — 1, or ef = +1. Thus 


(Ey, $2) = AY(Ea, £1). 
209 
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We thus reach the result that there are only two possibilities: the wave 
function is either symmetrical (i.e. it is unchanged when the particles are inter- 
changed) or antisymmetrical (i.e. it changes sign when this interchange is 
made). It is obvious that the wave functions of all the states of a given system 
must have the same symmetry; otherwise, the wave function of a state which 
was a superposition of states of different symmetry would be neither sym- 
metrical nor antisymmetrical. 

This result can be immediately generalised to systems consisting of any 
number of identical particles. For it is clear from the identity of the particles 
that, if any pair of them has the property of being described by, say, sym- 
metrical wave functions, any other pair of such particles has the same pro- 
perty. Hence the wave function of identical particles must either be un- 
changed when any pair of particles are interchanged (and hence when the 
particles are permuted in any manner), or change sign when any pair are 
interchanged. In the first case we speak of a symmetrical wave function, and in 
the second case of an antisymmetrical one. 

The property of being described by symmetrical or antisymmetrical wave 
functions depends on the nature of the particles. Particles described by 
antisymmetrical functions are said to obey Fermi-Dirac statistics (or to be 
fermions), while those which are described by symmetrical functions are 
said to obey Bose-Einstein statistics (or to be bosons).t 

Relativistic quantum mechanics shows that the statistics obeyed by particles 
is uniquely related to their spin: particles with half-integral spin are fermions, 
and those with integral spin are bosons. 

The statistics of complex particles is determined by the parity of the 
number of elementary fermions entering into their composition. For an 
interchange of two identical complex particles is equivalent to the simul- 
taneous interchange of several pairs of identical elementary particles. The 
interchange of bosons does not change the wave function, while the inter- 
change of fermions changes its sign. Hence complex particles containing 
an odd number of elementary fermions obey Fermi statistics, while those 
containing an even number obey Bose statistics. This result is, of course, 
in agreement with the above rule, since a complex particle has an integral 
or a half-integral spin according as the number of particles with half-integral 
spin entering into its composition is even or odd. 

Thus atomic nuclei of odd atomic weight (i.e. containing an odd number of 
neutrons and protons) obey Fermi statistics, and those of even atomic weight 
obey Bose statistics. For atoms, which contain both nuclei and electrons, the 
statistics is evidently determined by the parity of the difference between the 
atomic weight and the atomic number. 


t This terminology refers to the statistics which describes a perfect gas composed of particles with 
antisymmetrical and symmetrical wave functions respectively. In actual fact we are concerned here 
not only with a different statistics, but essentially with a different mechanics. Fermi statistics was 
proposed by E. Ferm for electrons in 1926, and its relation to quantum mechanics was elucidated by 
P. A. M. Dirac (1926). Bose statistics was proposed by S. N. Boss for light quanta, and generalised 
by A. EINSTEIN (1924). 
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Let us consider a system composed of N identical particles, whose mutual 
interaction can be neglected. Let y,, 2, ... be the wave functions of the vari- 
ous stationary states which each of the particles separately may occupy.t 
The state of the system as a whole can be defined by giving the numbers of 
the states which the individual particles occupy. The question arises how 
the wave function ¥ of the whole system should be constructed from the 
functions ¢,, the, ... . 

Let pj, Pg, ... » Py be the numbers of the states occupied by the individual 
particles (some of these numbers may be the same). For a system of bosons, 
the wave function P(£1, £ , ..., €v) is given by a sum of products of the form 


te (Ee (Ea) »» to, (En), 


with all possible permutations of the different suffixes ,, f., ... ; this sum 
clearly possesses the required symmetry property. Thus, for example, for 
a system of two particles 


FE, S2) = [Po (E1)Po (2) +n (Ea) (61) 1/-V/2; (61.1) 


we suppose that p, # p,. The factor 1/+/2 is introduced for normalisation 
purposes; all the functions ¢,, #, ... are orthogonal and are supposed normal- 
ised. 

For a system of fermions, the wave function VY is an antisymmetrical 
combination of these products. It can be written in the form of a deter- 


minant 
Py (f1) tp (Eo) «+ by (Ew) 


te(r) Wn(Ea) oe, (Ew) 
es (61.2) 


Py (21) Po, (2)... bp, (En) 


Here an interchange of two particles corresponds to an interchange of two 
columns of the determinant, as a result of which the latter, as is well known, 
changes sign. For a system composed of two particles we have 


¥ = [by (E1)be, (2) by (Ea)by (64) 1/V2. (61.3) 


The following important result is a consequence of the expression 
(61.2). If among the numbers f,, p., ... any two are the same, two rows of the 
determinant are the same, and it therefore vanishes identically. It will be 
different from zero only when all the numbers ,, po, ... are different. Thus, 
in a system consisting of identical fermions, no two (or more) particles can 
be in the same state at the same time. This is called Pauli’s principle (1925). 


+ If there is a strong interaction between the particles we cannot, of course, speak of such states. 
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§62. Exchange interaction 


The fact that ScHRODINGER’s equation does not take account of the spin 
of particles does not invalidate this equation or the results obtained by means 
of it. This is because the electrical interaction of the particles does not 
depend on their spins.t Mathematically, this means that the Hamiltonian 
of a system of electrically interacting particles (in the absence of a magnetic 
field) does not contain the spin operators, and hence, when it is applied to the 
wave function, it has no effect on the spin variables. Hence SCHRODINGER’s 
equation is actually satisfied by each component of the wave function; in 
other words, the wave function ¢/(11, 01; f2, 02} ...) of the system of particles 
can be written in the form of a product 


X( 1, Fay ++. )P(Hy, Fo, --+) 


of a function ¢ of the co-ordinates of the particles only and a function x of the 
spins. We call the former a co-ordinate or orbital wave function, and the latter 
a spin wave function. SCHRODINGER’s equation essentially determines only 
the co-ordinate function ¢, the function x remaining arbitrary. In any 
instance where we are not interested in the actual spin of the particles, we 
can therefore use SCHRODINGER’s equation and regard as the wave function 
the co-ordinate function alone, as we have done hitherto. 

However, despite the fact that the electrical interaction of the particles 
is independent of their spin, there is a peculiar dependence of the energy 
of the system on its total spin, arising ultimately from the principle of 
indistinguishability of similar particles. 

Let us consider a system consisting of only two identical particles. By 
solving SCHRODINGER’s equation we find a series of energy levels, to each of 
which there corresponds a definite symmetrical or antisymmetrical co- 
ordinate wave function ¢(r1, f2). For, by virtue of the identity of the particles, 
the Hamiltonian (and therefore the SCHRODINGER’s equation) of the system 
is invariant with respect to interchange of the particles. If the energy levels 
are not degenerate, the function ¢(r1, r2) can change only by a constant 
factor when the co-ordinates r; and re are interchanged; repeating this 
interchange, we see that this factor can only bet +1. 

Let us first suppose that the particles have zero spin. The spin factor for 
such particles is absent altogether, and the wave function reduces to the 
co-ordinate function ¢(r,, r.), which must be symmetrical (since particles with 
zero spin obey Bose statistics). Thus not all the energy levels obtained by a 
formal solution of ScCHRODINGER’s equation can actually exist; those to which 
antisymmetrical functions ¢ correspond are not possible for the system under 
consideration. 


+ This is true only so long as we consider the non-relativistic approximation, When relativistic 
effects are taken into account, the interaction of charged particles does depend on their spin. 

+ When there is degeneracy we can always choose linear combinations of the functions belonging 
to a given level, such that this condition is again satisfied. 
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The interchange of two similar particles is equivalent to the operation of 
inversion of the co-ordinate system (the origin being taken to bisect the line 
joining the two particles). On the other hand, the result of inversion is to 
multiply the wave function ¢ by (—1)!, where / is the orbital angular momen- 
tum of the relative motion of the two particles (see §30). By comparing 
these considerations with those given above, we conclude that a system of two 
identical particles with zero spin can have only an even orbital angular mo- 
mentum. 

Next, let us suppose that the system consists of two particles with spin 4 
(say, electrons). Then the complete wave function of the system (i.e. the 
product of the function ¢(r,, r.) and the spin function y(o,, o9)) must certainly 
be antisymmetrical with respect to an interchange of the two electrons. 
Hence, if the co-ordinate function is symmetrical, the spin function must 
be antisymmetrical, and vice versa. We shall write the spin function in spinor 
form, i.e. as a spinor y*# of rank two, each of whose indices corresponds to 
the spin of one of the electrons. A symmetrical spinor (x4# = yA) corre- 
sponds to a function symmetrical with respect to the spins of the two particles, 
and an antisymmetrical spinor (y4# = — #4) to an antisymmetrical func- 
tion. We know, however, that a symmetrical spinor of rank two describes a 
system with total spin unity, while an antisymmetrical spinor reduces to a 
scalar, corresponding to zero spin. 

Thus we reach the following conclusion. The energy levels to which there 
correspond symmetrical solutions ¢(r,,r,) of SCHRODINGER’s equation can 
actually occur when the total spin of the system is zero, i.e. when the spins 
of the two electrons are ‘‘antiparallel”, giving a sum of zero. The values of 
the energy belonging to antisymmetrical functions (1, r,), on the other hand, 
require a value of unity for the total spin, i.e. the spins of the two electrons 
must be “‘parallel’’. 

In other words, the possible values of the energy of a system of electrons 
depend on their total spin. For this reason we can speak of a peculiar inter- 
action of the particles which results in this dependence. This is called 
exchange interaction. It is a purely quantum effect, which entirely vanishes 
(like the spin itself) in the passage to the limit of classical mechanics. 

The following situation is characteristic of the case of a system of two 
electrons which we have discussed. To each energy level there corresponds 
one definite value of the total spin, 0 or 1. This one-to-one correspondence be- 
tween the spin values and the energy levels is preserved, as we shall see below 
(§63), in systems containing any number of electrons. It does not hold, 
however, for systems composed of particles whose spin exceeds }. 

Let us consider a system of two particles, each with arbitrary spin s. Its 
spin wave function is a spinor of rank 4s: 


half (2s) of whose indices correspond to the spin of one particle, and the other 
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half to that of the other particle. The spinor is symmetrical with respect to 
the indices in each group. An interchange of the two particles corresponds 
to an interchange of all the indices A, y, ... of the first group with the indices 
p, o, ... of the second group. In order to obtain the spin function of a state of 
the system with total spin S, we must contract this spinor with respect to 
2s—S pairs of indices (each pair containing one index from A, yw, ... and one 
from p, o,...), and symmetrise it with respect to the remainder; as a result 
we obtain a symmetrical spinor of rank 2S. However, the contraction of a 
spinor with respect to a pair of indices means, as we know, the construction 
of a combination antisymmetrical with respect to these indices. Hence, 
when the particles are interchanged, the spin wave function is multiplied 
by (—1)28-8, 

On the other hand, the complete wave function of a system of two particles 
must be multiplied by (—1)?* when they are interchanged (i.e. by +1 for 
integral sand by —1 for half-integral s). Hence it follows that the symmetry 
of the co-ordinate wave function with respect to an interchange of the particles 
is given by the factor (—1)%, which depends only on S. Thus we reach the 
result that the co-ordinate wave function of a system of two identical particles 
is symmetrical when the total spin is even, and antisymmetrical when it is 
odd. 

Recalling what was said above concerning the relation between interchange 
of the particles and inversion of the co-ordinate system, we conclude also 
that, when the spin S is even (odd), the system can have only an even (odd) 
orbital angular momentum. 

We see that here also a certain dependence is revealed between the possible 
values of the energy of the system and the total spin, but this dependence is 
not necessarily one-to-one. The energy levels to which there correspond 
symmetrical (antisymmetrical) co-ordinate wave functions can occur for any 
even (odd) value of S. 

Let us calculate how many different states of the system there are with even 
and odd S. The quantity S takes 2s+1 values: 2s, 2s—1,...,0. For any 
given S there are 2.S-+1 states differing in the value of the z-component of the 
spin ((2s+ 1)? different states altogether). Lets be integral. ‘Then, among 
the 2s+1 values of S,s+1 are even and s odd. The total number of states 
with even S is equal to the sum 

5 ,.2¢25 41) = (2s+-1)(s+1); 
the remaining s(2s+1) states have odd S. Similarly, we find that, when s is 
half-integral, there are s(2s-+1) states with even values of S and (s+1)(2s+1) 
with odd values. 


PROBLEMS 


PrRosLEM 1. Determine the exchange splitting of the energy levels of a system of two 
electrons, regarding the interaction of the electrons as a perturbation. 


SoLUTION. Let the particles be (when their interaction is neglected) in states with orbital 
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wave functions ¢1(r) and ¢e(r). The states of the system with total spin S = 0 and S = 1 
correspond to symmetrised and antisymmetrised products respectively: 


pas — ileal) + dea datn) 


The mean value of the operator of the interaction U(re—ri) of the particles in these states 
is d+ J, where 


A= | | U|x(11)|?|$2(r2)|? dVi dV 2, 


J= {| Uds(rs\}x*(r2)ho(r2)ho%(r1) dV dV2, 


the latter being called the exchange integral. Omitting the additive constant A, which is not 
an exchange term, we therefore find the level shifts AEKo = J, AE, = —J (where the suffix 
indicates the value of S). These quantities can be represented as the eigenvalues of the spin 
‘exchange operator’’t 


Vasc: _ —4J(1+ 48) . Se); (1) 


the eigenvalues of the product s1 . Sg are derived in §55, Problem 2. 

If the electrons belong to different atoms, for example, the exchange integral decreases 
exponentially with increasing distance R between the atoms. It is clear from the form of the 
integrand that this integral is determined by the “‘overlap’’ of the wave functions of the states 
¢(r1) and ¢2(re); using the asymptotic law of decrease of the wave functions of states of a 
discrete spectrum (cf. (21.6)), we find that 


J ~w e (kitKa)R, Kl = a/(2m| Ey))/h, KQ = a/(2m| Eo|)/h, 


where Ei and Ee are the energy levels of the electron in the two atoms. 
PROBLEM 2. The same as Problem 1, but for a system of three electrons. 


SOLUTION. Using formula (1), Problem 1, we can write the operator of pairwise exchange 
interaction in a system of three electrons as 


Vexen =-—-2 Jav(4+ 28a - 8p), (1) 


where the summation is over pairs of particles 12, 13 and 23. The matrix elements of the 
operators Sz . $, between states with different values of the pair of numbers og, oy are given 
by formulae (55.6) as 

a 


2 -—1 2 
9 2? 


1 a 1 1 
(Sa-Sp) 33 = 4 (Sa-Sp)3,—3 = —t; (Sa-Sv)—3,3 = 2. 


We first determine the energy corresponding to the greatest possible value of the total-spin 
component Mg = o1+02+63, viz. Ms = 3/2. This gives the energy of the state with total 
spin S = 3/2. On calculating the corresponding diagonal matrix element of the operator 


(1), we find 
AE3/2 = —(Ji2+J13+ Je3). 


Next we take states with Ms = 4. This value can occur in three ways, depending on which 
of the numbers a1, oz, o3 is —% (the other two being 4). Thus for these states we should 
have a secular equation of the third degree. The calculation can, however, be simplified 
immediately by noting that one of the roots of this equation must correspond to the energy 
already found for the state with S = 3/2, and the secular equation must therefore have the 
factor AE—AE3/2. In this way the calculation of the free term in the cubic equation can 
be avoided.{ 


+ First used by Dirac. 
t This device is particularly useful in similar calculations for systems with a larger number of 
particles, 
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The leading terms of the equation are found to be 
(AE)? + (Ji2+ Ji3+ Jo3)(AE?) + [Jp2J13+ Ji2Je3 + Ji3J23— 
_— 9(Jie2 + Jig? + Jog?) /4JAE+ .. = 0. 


Dividing by AE'+Ji2+J13+Je3, we find the two energy levels corresponding to states with 
spins S = 4: 


AFyj2 = + [(J12? 4+ Jig? + Jog?) — Ji2J13— Jiete3 — Ji3Je3)}!/?. 


Thus there are three energy levels, in accordance with the calculation in §63, Problem. 
PROBLEM 3. In which states can the Be® nucleus decay into two «-particles? 


SOLUTION. Since the «-particle has no spin, a system of two «-particles can only have an 
even orbital angular momentum (equal to the total angular momentum), and its states are 
even. The decay in question is therefore possible only from even states of the Be’ nucleus 
with even total angular momentum. 
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By considering a system composed of only two particles, we have been able 
to show that its co-ordinate wave functions ¢(r,, r2) for the stationary states 
must be either symmetrical or antisymmetrical. In the general case of a sys- 
tem of an arbitrary number of particles, the solutions of SCHRODINGER’s 
equation (the co-ordinate wave functions) need not necessarily be either sym- 
metrical or antisymmetrical with respect to the interchange of any pair of 
particles, as the complete wave functions (which include the spin factor) 
must be. This is because an interchange of only the co-ordinates of two par- 
ticles does not correspond to a physical interchange of them. The physical 
identity of the particles here leads only to the fact that the Hamiltonian of the 
system is invariant with respect to the interchange of the particles, and hence, 
if some function is a solution of SCHRODINGER’s equation, the functions ob- 
tained from it by various interchanges of the variables will also be solutions. 

Let us first of all make some remarks regarding interchanges in general. 
In a system of N particles, N! different permutations in all are possible. If 
we imagine all the particles to be numbered, each permutation can be 
represented by a definite sequence of the numbers 1, 2, 3,.... Every such 
sequence can be obtained from the natural sequence 1, 2, 3, ... by successive 
interchanges of pairs of particles. The permutation is called even or odd, 
according as it is brought about by an even or odd number of such inter- 
changes. We denote by F the operators of permutations of N particles, and 
introduce a quantity 5p which is +1 if P is an even permutation and —1 
if it is odd. If¢ is a function symmetrical with respect to all the particles, 
we have 


Pp. > = ¢, 
while, if ¢ is antisymmetrical with respect to all the particles, then 


Pb = Spd. 
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From an arbitrary function ¢(1j, re, ..., fy), we can form a symmetrical 
function by the operation of symmetrisation, which can be written 


Psym = Constant x z Pe, . (63.1) 


where the summation extends over all possible permutations. The formation 
of an antisymmetrical function (an operation sometimes called alternation) 
can be written as 

Pant = constant x » SpP¢. (63.2) 


Let us return to considering the behaviour, with respect to permutations, 
of the wave functions ¢ of a system of identical particles.| The fact that the 
Hamiltonian H of the system is symmetrical with respect to all the particles 
means, mathematically, that H commutes with all the permutation operators 
P,. These operators, however, do not commute with one another, and so 
they cannot be simultaneously brought into diagonal form. This means that 
the wave functions ¢ cannot be so chosen that each of them is either symmetri- 
cal or antisymmetrical with respect to all interchanges separately.} 

Let us try to determine the possible types of symmetry of the functions 
P(¥1, Yo)... , vy) Of N variables (or of sets of several such functions) with 
respect to permutations of the variables. The symmetry must be such that 
it ‘‘cannot be increased”’, i.e. such that any additional operation of symmetri- 
sation or alternation, on being applied to these functions, would reduce them 
either to linear combinations of themselves or to zero identically. 

We already know two operations which give functions with the greatest 
possible symmetry: symmetrisation with respect to all the variables, and 
alternation with respect to all the variables. These operations can be general- 
ised as follows. 

We divide the set of all the N variables r,, rp, ... , fy (or, what is the same 
thing, the suffixes 1, 2, 3, ... , N) into several sets, containing N,, Np, ... ele- 
ments (variables); N,+N,+...=N. This division can be conveniently 
shown by a diagram (known as a Young diagram) in which each of the num- 
bers N,, Np, ... is represented by a line of several cells (thus, Fig. 21 gives a 
diagram of the divisions 6+4+44+3+3+1+1 and 74+5+4+54+3+1+1 for 
N = 22); one of the numbers 1, 2, 3, ... is to be placed in each square. If 
we place the lines in order of decreasing length (as in Fig. 21), the diagram 
contains not only successive horizontal rows, but also vertical columns. 

Let us symmetrise an arbitrary function (rj, fo, ... , ¥y) with respect to the 
variables in each row. The alternation operation can then be performed only 
with respect to the variables in different rows; alternation with respect to a 
pair of variables in the same row clearly gives zero identically. 

+ From the mathematical point of view, the problem is to find irreducible representations of the 
permutation group. A detailed account of the mathematical theory of permutation (or symmetry) 
groups is given by H. Wey, The Theory of Groups and Quantum Mechanics, Methuen, London 1931; 
D. E. RUTHERFORD, Substitutional Analysis, University Press, Edinburgh 1948; F. D. Murnacuan, 
The Theory of Group Representations, Johns Hopkins Press, Baltimore 1938. 


£ Except for a system of only two particles, where there is a single interchange operator, which 
can be brought into diagonal form simultaneously with HZ. 
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Fic. 21 


Having chosen one variable from each row, we can, without loss of gener- 
ality, regard them as being in the first cells in each row (after symmetrisation, 
the order of the variables among the cells in each row is immaterial); let us 
alternate with respect to these variables. Having then deleted the first column, 
we alternate with respect to variables chosen one from each row in the thus 
“curtailed” diagram; these variables can again be regarded as being in the 
first cells of the ‘‘curtailed” rows. Continuing this process, we finally have 
the function first symmetrised with respect to the variables in each row and 
then alternated with respect to the variables in each column. After alternation, 
of course, the function in general ceases to be symmetrical with respect to 
the variables in each row. The symmetry is preserved only with respect to 
the variables in the cells of the first row which project beyond the other rows. 

Having distributed the N variables in various ways among the rows of a 
Young diagram (the distribution among the cells in each row is immaterial), 
we thus obtain a series of functions, which are transformed linearly into one 
another when the variables are permuted in any manner.t However, it must 
be emphasised that not all these functions are linearly independent; the number 
of independent functions is in general less than the number of possible distri- 
butions of the variables among the rows of the diagram. We shall not pause 
here, however, to discuss this more closely.{ 

Thus any Young diagram determines some type of symmetry of functions 
with respect to permutations. By constructing all the possible Young dia- 
grams (for a given JV), we find all possible types of symmetry. ‘This amounts 
to dividing the number N in all possible ways into a sum of smaller terms, 
including the number JN itself; thus for N = 4 the possible partitions are 
4,341, 2+2,2+141,1+1+1-41. 

To each energy level of the system we can make correspond a Young dia- 
gram which determines the permutational symmetry of the appropriate 
solutions of SCHRODINGER’s equation; in general, several different functions 
correspond to each value of the energy, and these are transformed linearly into 


+ It would be possible to perform the symmetrisation and alternation in the reverse order: to alter- 
nate with respect to the variables in each column, and then to symmetrise with respect to those in the 
rows. This, however, would give effectively the same thing, since the functions obtained by the two 
methods are linear combinations of one another. 

{ For particles with spin 4 the number of independent functions (i.e. the dimension of the irreducible 
representation) is derived in the Problem below. 
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each other by permutations.t However, it must be emphasised that this does 
not signify any additional physical degeneracy of the energy levels. All these 
different co-ordinate wave functions, multiplied by the spin functions, enter 
into a single definite combination—the complete wave function—which 
satisfies (according to the number of particles) the condition of symmetry or 
antisymmetry. 

Among the various types of symmetry there are always (for any given NV) 
two to each of which only one function corresponds. One of these cor- 
responds to a function symmetrical with respect to all the variables, and the 
other to one which is similarly antisymmetrical; in the first case, the Young 
diagram consists of a single row of N cells, and in the second case of a single 
column. 

Let us now consider the spin wave functions x(0,, 09, ..., oy). ‘Their kinds 
of symmetry with respect to permutations of the particles are given by the 
same Young diagrams, with the components of the spins of the particles 
taking the part of variables. There arises the question of what diagram must 
correspond to the spin function for a given diagram of the co-ordinate func- 
tion. Let us first suppose that the spin of the particles is integral. Then the 
complete wave function % must be symmetrical with respect to all the particles. 
For this to be so, the symmetry of the spin and co-ordinate functions must be 
given by the same Young diagram, and the complete wave function % is 
expressed as definite bilinear combinations of the two; we shall not here pause 
to examine more closely the problem of constructing these combinations. 

Next, suppose the spin of the particles to be half-integral. Then the com- 
plete wave function must be antisymmetrical with respect to all the particles. 
It can be shown that, for this to be so, the Young diagrams for the co-ordinate 
and spin functions must be obtained from each other by interchanging rows 
and columns (as in the two diagrams shown in Fig. 21). 

Let us consider in more detail the important case of particles with spin 3 
(electrons, for instance). Each of the spin variables oj, o, ... here takes only 
the two values +3. Since a function antisymmetrical with respect to any 
two variables vanishes when these variables take the same value, it is clear 
that the function y can be alternated only with respect to pairs of variables; 
if we alternate with respect to even three variables, two of them must always 
take the same value, so that we have zero identically. 

Thus, for a system of electrons, the Young diagrams for the spin functions 
can contain columns of only one or two cells (i.e. only one or two rows); in 
the Young diagrams for the co-ordinate functions, the same is true of the 
number of columns. The number of possible types of permutational sym- 
metry for a system of N electrons is therefore equal to the number of possible 
partitions of the number N into a sum of ones and twos. When N is even, 
this number is 4N-+1 (partitions with 0, 1, ... , 4.N twos), while if N is odd 


+ The existence of this “‘permutational degeneracy”’ is related to the fact that the permutation oper- 
ators commuting with the Hamiltonian do not in general commute with one another (see the middle 


of §10). 
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it is 4(N+1) (partitions with 0, 1,..., 4N—1) twos). Thus, for instance, 
Fig. 22 shows the possible Young diagrams (co-ordinate and spin) for N = 4. 

It is easy to see that each of these types of symmetry (i.e. each of the 
Young diagrams) corresponds to a definite total spin S of the system of 
electrons. We shall consider the spin functions in spinor form, i.e. as spinors 
x*#-++ of rank N, whose indices (each of which corresponds to the spin of 
an individual particle) will be the variables that are arranged in the cells of 
the Young diagrams. Let us examine the Young diagram consisting of two 
rows with N, and N, cells (N, +N, = N, and N, > N,). In each of the first 
Nz columns there are two cells, and the spinor must be antisymmetrical with 
respect to the corresponding pairs of indices. With respect to the indices in 
the last n = N,—N, ells in the first row, however, it must be symmetrical. 
As we know, such a spinor of rank N reduces to a symmetrical spinor of rank 
n, to which there corresponds a total spin S = 4m. Returning to the Young 
diagrams for the co-ordinate functions, we can say that the diagram with n 
rows each of one cell corresponds to a total spin S = 3”. For even N, the 
total spin can take integral values from 0 to $N, while for odd N it can take 
half-integral values from } to 4N, as it should. 

We emphasise that this one-to-one correspondence between the Young 
diagrams and the total spin holds only for systems of particles with spin 4; 
we have seen this, for a system of two particles, in the previous section.t 


PROBLEM 


Determine the number of energy levels with different values of the total spin S, for a system 
of N particles of spin 4. 

SoLuTIon. A given value of the projection of the total spin of the system, Mg = & o, can 
be obtained in 


f(Ms) = NI/(QN-+Ms)! (4N—Ms)! 


ways; this is the number of combinations of N elements 4N-+ Ms at a time, since we put 
o = $ for 4N+Ms particles and c = —}4 for the remainder. To each energy level with a 
given 5S, there correspond 2S-++1 states with values My = S, S—1,..., —S of the projected 
spin. Hence it is easy to see that the number of different energy levels with a given value of 
S is 


n(S) = f(S)—f(S+1) = NI(2S+1)/(QN-+S+1)! (4N—S)! 


+ In the third footnote to §20, we have remarked that, for a system of several identical particles, we 
cannot assert that the wave function of the stationary state of lowest energy is without nodes. We shall 
now amplify this statement and elucidate its origin. 

The wave function (that is, the co-ordinate function), if it has no nodes, must certainly be symmetri- 
cal with respect to all the particles; for, if it were antisymmetrical with respect to the interchange of 
any pair of particles 1, 2, it would vanish for r, = rp. If, however, the system consists of three or 
more electrons, no completely symmetrical co-ordinate wave function is possible: the Young diagram 
of the co-ordinate function cannot have rows with more than two cells. 

Thus, although the solution of SCHRODINGER’s equation which corresponds to the lowest eigenvalue 
is without nodes (by the theorem of the variational calculus), this solution may. be physically inadmis- 
sible; the smallest eigenvalue of SCHRODINGER’s equation will not then correspond to the normal state 
of the system, and the wave function of this state will in general have nodes. 

For particles with a half-integral spin s, this situation occurs in systems with more than 2s-+1 
particles. For systems of bosons, a completely symmetrical co-ordinate wave function is always 
possible, 
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The total number of different energy levels is 
n = En(S) =f(0) = NY[GN)IP 
for even N, and ° 
n = f(3) = NGN-+4)!(GN—D)! 
for odd N. 


$64. Second quantisation. The case of Bose statistics 


In the quantum-mechanical investigation of systems consisting of a very 
large number of identical particles, interacting in any manner, there is a 
useful method of considering the problem, known as second quantisation. 
This method is necessary in relativistic theory also, where we have to deal 
with systems in which the number of particles is itself variable.f Let us 
first consider systems of bosons. 

We denote by ¥,(€), 4(€), ... some complete set of orthogonal and normal- 
ised wave functions. These may, for instance, correspond to the stationary 
states of a single particle in some external field. We emphasise that the choice 
of this field is arbitrary; it need not be the same as the actual field acting on 
the particles in the physical system considered. As in §61, € denotes the 
assembly of the co-ordinates and spin projection o of a particle. — 

Let us consider, in a purely formal manner, a system of N non-interacting 
particles, in the field selected. Then every particle is in one of the 
states %,, we, .... Let N; be the number of particles in the state ¥,; it may, 
of course, be zero. If the numbers Nj, No, ... are given (clearly & N; = N), 
the state of the system as a whole is determined; we shall indicate these 
numbers by suffixes to the wave function Vy y,.. of the system. Let us 
seek to construct a mathematical formalism in which the occupation numbers 
N,, Ne, ... of the states (and not the co-ordinates of the particles) play the 
part of independent variables. 


{ The method of second quantisation was developed by P. A. M. Dirac (1927) for particles obeying 
Bose statistics, and later extended to Fermi particles by E. WIGNER and P. JorDAN (1928). 
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The function Vy vy, is a symmetrised (the particles obeying Bose statistics) 
sum of products of the functions %,;. Let us write it in the form 


Ey xe = V(NiNG!.../N1) & by Exe, (Eo) ty, (Ew). (64-1) 


Here py, Po, ... , Py are the ordinal numbers of the states in which the indivi- 
dual particles are, and the sum is taken over all permutations of those suffixes 
Pir Pa --- » Py Which are different. The numbers N, show how many of the 
suffixes p,, po, ... , Py have the value iz. The total number of terms in the sum 
(64.1) is evidently 


NUN! Np! .... 


The constant factor in (64.1) is chosen so that the function is normalised; 
by virtue of the orthogonality of the functions ,, on integrating} the square 
|‘Y'v,n,...[? with respect to £, &, ... , &y all the terms vanish except the squared 
modulus of each term in the sum. 

Next, let f™, be the operator of some physical quantity pertaining to the 
ath particle, i.e. acting only on functions of €,. We introduce the operator 


Fo — yf, (64.2) 


which is symmetrical with respect to all the particles (the summation being 
over all particles), and determine its matrix elements with respect to the wave 
functions (64.1). First of all, it is easy to see that the matrix elements will 
be different from zero only for transitions which leave the numbers N,, No, ... 
unchanged (diagonal elements) and for transitions where one of these numbers 
is increased, and another decreased, by unity. For, since each of the operators 
f™, acts only on one function in the product , (é)¢,,(é) --- by En)» 
its matrix elements can be different from zero only for transitions whereby 
the state of a single particle is changed; this, however, means that the number 
of particles in one state is diminished by unity, while the number in another 
state is correspondingly increased. The calculation of these matrix elements 
is in principle very simple; it is easier to do it oneself than to follow an account 
of it. Hence we shall give only the result of this calculation. The non- 
diagonal elements are 


rove = fOn/(N,N;)- (64.3) 
We shall indicate only those suffixes with respect to which the matrix element 


is non-diagonal, omitting the remainder for brevity. Here f,, is the matrix 
element 


fq = | bP OfnE a8. (64.4) 


+ By integration over £ we conventionally understand integration over the co-ordinates and sum- 
mation over a. 
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It must be borne in mind that the operators f ), differ only in the naming of 
the variables on which they act, and hence the integrals f), are indepen- 
dent of a. The diagonal matrix elements of F“) are the mean values of the 
quantity F® in the states fy,w,.... Calculation gives 


Fo = Ef .Ny. (64.5) 


We now introduce the operators 4,, which play a leading part in the method 
of second quantisation; they act, not on functions of the co-ordinates, but on 
the variables N,, No, ..., and are defined as follows. When acting on the 
function Vy, y,,.. the operator 4, decreases the suffix N, by unity, and at the 
same time it multiplies the wave function by ~/N;: 


ain, N, coe Ni seetT V/Ni¥y, Nz eoos N;-1,.... (64.6) 


We can say that the operator d; diminishes by one the number of particles in 
the ith state; it is called an annihilation operator. It can be represented in 
the form of a matrix whose only non-zero element is 


(ay = VNe (64.7) 


The operator d;* which is the Hermitian conjugate of 4; is, by definition 
(see §3), represented by a matrix with an element 


(ait = lady l 


i.e. 
(ath, = VN. (64.8) 


This means that, when acting on the function Vy y, ,... it increases the suffix 
N, by unity: 


Gj'¥y,N, ...Ni... = VINE+DP YN, yy, ...,Nit,... (64.9) 


In other words, the operator d;* increases by one the number of particles in 
the ith state, and is therefore called a creation operator. 

The product of operators 4,;+d,, acting on the wave function, evidently 
multiplies it by a constant simply, leaving unchanged all the variables 
N,, Ne --. : the operator 4, diminishes NV, by unity, and 4,;*+ then restores it 
to its original value. Direct multiplication of the matrices (64.7) and (64.8) 
shows that 4;+d, is represented, as we should expect, by a diagonal matrix 
whose diagonal elements are N;. We can write 


G4, = N;. (64.10) 
Similarly, we find that 
G,a;+ = N,+1. (64.11) 
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Hence the commutation rule for the operators 4; and 4;+ is 
G,4j+—4;+4; — 1. (64.12) 


The operators 4, and 4, (or 4, and d,+) with 7 and k different act on different 
variables (NV, and N,), and of course commute: 


didy—Grdi = 0, Gidut+—dxtdi =0 = R). (64.13) 


From the above properties of the operators d,, d;* it is easy to see that the 
operator 


Fo = Bi adit, (64.14) 


is the same as the operator (64.2). For all the matrix elements calculated from 
(64.7), (64.8) are the same as the elements (64.3), (64.5). This is a very 
important result. In formula (64.14), the quantities f “),, are simply numbers. 
Thus we have been able to express an ordinary operator (of the form (64.2)), 
acting on functions of the co-ordinates, in the form of an operator acting on 
functions of new variables, the occupation numberst N;. 

"The result which we have obtained is easily generalised to operators of other 
forms. Let 


Fe = at» (64.15) 


where f ®),, is the operator of a physical quantity pertaining to two particles 
at once, and hence acts on functions of €, and €,. Similar calculations show 
that this operator can be expressed in terms of the operators 4,, d,+ by 


Fe = iz, ( LNG AGE may (64.16) 
where 


(FE = | f ptEbe® Calf yy (Eyhn(e) de dee. 


The matrices calculated for (64.15) and (64.16) are the same. The generalisa- 
tion of these formulae to operators of any other form symmetrical with 
respect to all the particles (of the form F@) = ¥ f®),, etc.) is obvious. 
Finally, it remains to express, in terms of the operators d,, the Hamiltonian 
HT of the physical system of N identical interacting particles that is actually 
being considered. The operator H is, of course, symmetrical with respect 
to all the particles. In the non-relativistic approximation,{ it is independent 


+ Formula (64.14) bears a similarity to the expression (11.1) 
Ff = Ufya*a, 


for the mean value of a quantity f, expressed in terms of the coefficients a; in the expansion of the wave 
function of a given state in terms of the wave functions of the stationary states. This is the reason for 
calling this method the second quantisation method. 

} In the absence of a magnetic field. 
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of the spins of the particles, and can be represented in a general form as 
follows: 


= (1) (2) (3) 
H = 2 H,+ zu (far)+ 2 Uta ty t)+ (64.17) 


Here H), is the part of the Hamiltonian which depends on the co-ordinates 
of the ath particle only: 


HO, = —(h?/2m) A+ U%r4), (64.18) 


where U“r,,) is the potential energy of a single particle in the external field. 
The remaining terms in (64.17) correspond to the mutual interaction energy 
of the particles; for convenience, the terms depending on the co-ordinates of 
two, three, etc. particles have been separated. 

This representation of the Hamiltonian enables us to apply formulae (64.14), 
(64.16) and their analogues directly. Thus 


A= Badia th Ss (UM) AH Ha mat (64.19) 


This gives the required expression for the Hamiltonian in the form of an 
operator acting on functions of the occupation numbers. 

For a system of non-interacting particles, only the first term in the expres- 
sion (64.19) remains: 


A = BAM ndtde. 
If the functions 7, are taken to be the eigenfunctions of the Hamiltonian 


A of an individual particle, the matrix H,, is diagonal, and its diagonal 
elements are the eigenvalues e, of the energy of the particle. Thus 


A A 
A = > €,4;'A;; 


replacing the operator 4,*4; by its eigenvalues (64.10), we have for the energy 
levels of the system the expression 


E = ps «Ni, 


a trivial result which could have been foreseen. 
The formalism which we have developed can be put in a somewhat more 
compact form by introducing the operators 


VO = 340d, WO = Boras, (64.20) 
¢ Attention is drawn to the analogy between these expressions and the expansion 


Y= 3% ay; 


of the wave function in terms of the eigenfunctions of an operator (cf. the third footnote to this sec- 
tion). 
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where the variables £ are regarded as parameters. By what has been said 
above concerning the operators d,, d;*, it is clear that the operator  de- 
creases the total number of particles in the system by one, while &+ increases 
it by one. 

It is easy to see that the operator '+(é,) creates a particle at the point £5. 
For the result of the action of the operator 4+ is to create a particle in a state 
with wave function #,(€). Hence it follows that the result of the action of the 
operator “+(é,) is to create a particle in a state with wave function 
= ,*(E)i(E0), or (by the general formula (5.12)) with wave functiont 6(¢—,), 
which corresponds to a particle with definite values of the co-ordinates (and 


spin). 
The commutation rules for ‘ and ‘+ are obtained at once from those for 
G;, G;*. It is evident that 
POPE)-—PENVEO =0; (64.21) 
we also have 
PELE) LHENL(Y) = SOME), 
or 
POL ej— PEO = 8E—¢’). (64.22) 
The expression (64.14) for the operator (64.2) can be written, using these 
new operators, in the form 


Po = J P(e) fOwe dé, (64.23) 


where it is understood that the operator /“) acts on functions of the parameters 
€ in ¥(é). For, substituting (64.20), we have 


Fm = & [ pM OPYAME) db dtd, = BA gaya, 
which is the same as (64.14). Similarly, we have instead of (64.16) 
Fe = 4f [ PO wre for ey"O dede’. (64.24) 
In particular, to a physical quantity f(£) that is simply a function of é, 


there corresponds the operator (64.23), which in this case can be written in 
the form 


[fOPOVE az. 


t 8(€—£,) conventionally denotes the product 


8(x—%9)8(Y¥—Vo)5(2— 20) 00, 
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Hence it is clear that ¥°+(¢)(¢) dé is the operator of the number of particles 
in the range dé. 

When expressed by means of the operators ¥, ‘+, the operator H takes 
the form 


H = [ {Ue [2m VEOV EEO + UME ELH} det 


+4] | POE UME LVEVPE dédé'+ .... (64.25) 


We have used here the expression (64.18) for H®), and have integrated by 
parts (with respect to the co-ordinates) the term containing the Laplacian. 

We can clarify the formula (64.25) by noticing the following point. Sup- 
pose that we have a system of particles, each of which is described (at a given 
instant) by the same wave function 5(£), which we suppose normalised so that 
f |b|?dé = N. Then it is immediately evident that, if we replace the operator 
in the expression (64.25) by the function %, this expression becomes the 
mean energy of the system in the state considered. This gives the following 
rule for deriving the Hamiltonian in the second quantisation formalism. The 
expression for the mean energy is written in terms of the wave function of an 
individual particle (normalised as stated above), and this function is then 
replaced by the operator Y, the Hermitian conjugate operators ‘’+ being 
written to the left of the operators ¥. 

If the system consists of bosons of different kinds, operators @, a@* or 
, + must be defined in the second quantisation method for each kind of 
particle. Operators pertaining to particles of different kinds of course 
commute. 


§65. Second quantisation. The case of Fermi statistics 


The basic theory of the method of second quantisation remains wholly 
unchanged for systems of identical fermions, but the actual formulae for the 
matrix elements of quantities and for the operators d; are naturally different. 

The wave function Yy.w,... now has the form (61.2): 


to (Er) Yo(Ea) «ty (Ew) 
Yo, (é1) ty (Eo) tee Po (éy) 


Yun... = 


1 
Moe ay (65.1) 


te (Es) Yo,(x) op, (En) 


Because of the antisymmetry of this function, the question of its sign arises 
first of all. This question did not arise in the case of Bose statistics, since, 
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because of the symmetry of the wave function, its sign, once chosen, was 
preserved under all permutations of the particles. In order to make definite 
the sign of the function (65.1), we shall agree to choose it as follows. We 
number successively, once and for all, all the states 4,. We then complete 
the rows of the determinant (65.1) so that always 


Pi<P2<P3<--. <p, (65.2) 


whilst in the successive columns we have functions of the different variables 
in the order &, &,..., &y. No two of the numbers y, ps, ... can be equal, 
since otherwise the determinant would vanish. In other words, the occupa- 
tion numbers JN, can take only the values 0 and 1. 

Let us again consider an operator of the form (64.2), F®) = Tf®,. As 
in §64, its matrix elements will be non-zero only for transitions where all the 
occupation numbers remain unchanged and for those where one occupation 
number (N,) is diminished by unity (becoming zero instead of one) and an- 
other (V;,) is increased by unity (becoming one instead of zero). We easily 
find that, for 7 < k, 


(POM = fO,(— 1) kv, (65.3) 
tk 


where by 0;, 1; we signify N; = 0, Nj; = 1 and the symbol x(k, J) denotes 
the sum of the occupation numbers of all states from the Ath to the /th:t+ 


l 
X (k,l) = 3 Na. 
For the diagonal elements we obtain our previous formula (64.5): 
FO, = ¥ f%,.N,, (65.4) 


In order to represent the operator fF) in the form (64.14), the operators 
a; must be defined as matrices whose elements are 


(a)P = (ajt) = (—1)z+-2, (65.5) 
On multiplying these matrices, we find, for k > i, 
(astay)ide = (ait)ile(a)9e = (—1)*0(— 1) en, 


or 
(ajtay) toe = (—1)*+1 ev, (65.6) 
0,1, 
Ifi = k, the matrix of 4;+d; is diagonal, and its elements are unity for N, = 1, 
and zero for N; = 0; this can be written 
a;*4; = N;- (65.7) 


t Fori > k the exponent in (65.3) becomes = (k + 1,4 — 1). The sum must be taken as zero 
wheni =k + 1. 
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On substituting these expressions in (64.14), we in fact obtain (65.3), (65.4). 
Multiplying d;*+, @, in the opposite order, we have 


(ayaztyue = (ay,)Mr(a;t)¥de = (— 1) tI 14H, kA, tH, 
Oly ily Ol, 


or 


(ayajt)ioe = —(—1) 21-9, (65.8) 
ek 


Comparing (65.8) with (65.6), we see that these quantities have opposite signs, 
i.e. we Can write 


G;td,+4,d* = 0 (i # k). 
For the diagonal matrix 4,4;+, we find | 
Gjdjt =1-—Np (65.9) 
Adding this to (65.7), we obtain 
| dai +4; = 1. 
Both the above equations can be written in the form 
id +4,*a; = Sy. (65.10) 


On carrying out similar calculations, we find for the products 4,4, the re- 
lations 
did tard: = 0, : (65.11) 


and in particular 4,4é, = 0. 

Thus we see that the operators 4, and 4, (or d,*) for 2 4 k anticommute, 
whereas in the case of Bose statistics they commuted with one another. This 
difference is perfectly natural. In the case of Bose statistics, the operators 
a; and d;, were completely independent; each of the operators 4, acted only 
on a single variable N;, and the result of this action did not depend on the 
values of the other occupation numbers. In the case of Fermi statistics, 
however, the result of the action of the operator d; depends not only on the 
number N, itself, but also on the occupation numbers of all the preceding 
states, as we see from the definition (65.5). Hence the action of the various 
operators d,, @; cannot be considered independent. 

The properties of the operators d,, d;t having been thus defined, all the 
remaining formulae (64.14)-(64.19) remain valid. The formulae (64.23)- 
(64.25), which express the operators of physical quantities in terms of the 
operators (é),#+(€) defined by (64.20), also hold good. The commutation 
rules (64.21), (64.22), however, are now obviously replaced by 


PENPO+APOLE) = €—-£), 


“ 65.12 
PEP O+POVE) = 0. ae 
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If the system consists of particles of different kinds, second quantisation 
operators must be defined for each kind of particle (as already mentioned at 
the end of §64). Operators belonging to bosons and fermions commute; 
those belonging to different fermions may formally be regarded as either 
commutative or anticommutative within the limits of non-relativistic theory. 
On either assumption the results obtained by means of the second quantisa- 
tion method are the same. 

However, with a view to later applications in the relativistic theory, which 
allows different particles to be transformed into one another, we should 
assume that the creation and annihilation operators for different fermions 
anticommute. This becomes evident if we regard as “‘different’’ particles 
two different “internal’”’ states of a single complex particle. 


CHAPTER X 


THE ATOM 


§66. Atomic energy levels 


In the non-relativistic approximation, the stationary states of the atom are 
determined by SCHRODINGER’s equation for the system of electrons, which 
move in the Coulomb field of the nucleus and interact electrically with one 
another; the spin operators of the electrons do not appear in this equation. 
As we know, for a system of particles in a centrally symmetric external field 
the total orbital angular momentum L and the parity of the state are conserved. 
Hence each stationary state of the atom will be characterised by a definite 
value of the orbital angular momentum L and by its parity. Moreover, the 
co-ordinate wave functions of the stationary states of a system of identical 
particles have a certain permutational symmetry. We have seen in §63 that, 
for a system of electrons, a definite value of the total spin of the system cor- 
responds to each type of permutational symmetry (ie. to each Young dia- 
gram). Hence every stationary state of the atom is characterised also by the 
total spin S of the electrons. 

The converse, however, is of course not true; if L, S and the parity are 
given, the energy of the state is not uniquely determined. 

The energy level having given values of S and L is degenerate to a degree 
equal to the number of different possible directions in space of the vectors S 
and L. The degree of the degeneracy from the directions of L and S is re- 
spectively 2L+1 and 2S+1. Consequently, the total degree of the degener- 
acy of a level with given L and S is equal to the product (2L+1)(2S +1). 

In fact, however, there is always some relativistic electromagnetic inter- 
action of the electrons, which depends on their spins. It has the result that 
the energy of the atom depends not only on the absolute values of the orbital 
angular momentum and spin vectors, but also on their relative positions. 
Strictly speaking, when the relativistic terms in the Hamiltonian operator are 
taken into account, it no longer commutes with the operators L and §, ie. 
the orbital angular momentum and the spin are not separately conserved. 
Only the total angular momentum J = L-+S is conserved. The conservation 
of the total angular momentum is an exact law which follows at once from the 
isotropy of space relative to a closed system. For this reason the energy levels 
must be characterised by the values J of the total angular momentum. 

However, if the relativistic effects are comparatively small (as happens in 
many cases), they can be allowed for as a perturbation. Under the action of 
this perturbation, a level with given L and S, having (2L-+1)(2S +1)-fold 
degeneracy, is “‘split” into a number of distinct (though close) levels, which 
differ in the value of the total angular momentum J. These levels are 
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determined (in the first approximation) by the appropriate secular equation 
(§39), while their wave functions (in the zeroth approximation) are definite 
linear combinations of the wave functions of the initial degenerate level with 
the given Z and S. In this approximation we can therefore, as before, regard 
the absolute values of the orbital angular momentum and spin (but not their 
directions) as being conserved, and characterise the levels by the values of 
L and S also. 

Thus, as a result of the relativistic effects, a level with given values of L 
and Sis split into a number of levels with different values of J. This splitting 
is called the fine structure (or the multiplet splitting) of the level. As we know, 
J takes values from L+S to |L—S|; hence a level with given L and S is split 
into 2S+1 (if L > S) or 2L+1 (if L < S) distinct levels. Each of these is 
still degenerate with respect to the directions of the vector J; the degree of 
this degeneracy is 27 +1. It is easily verified that the sum of the numbers 
2] +1 for all possible values of J is equal to (2L-+1)(2S+1), as it should be. 

There is a generally accepted notation to denote the atomic energy levels 
(or, as they are called, the spectral terms of the atoms), similar to that used 
for the states of individual particles with definite values of the angular 
momentum (§32): states with different values of the total orbital angular 
momentum L are denoted by capital Latin letters, as follows: 


LE=0 123 45 67 8 9 10 
SPDFGdHIKLM|MN 


Above and to the left of this letter is placed the number 2S'+1, called the 
multiplicity of the term (though it must be borne in mind that this number 
gives the number of fine-structure components of the level only when 
L > S). Below and to the right of the letter is placed the value of the total 
angular momentum /. Thus the symbols ?P,/., 2P3/, denote levels with 
L=1,S=},/ = }fand 3. 


§67. Electron states in the atom 


An atom with more than one electron is a complex system of mutually 
interacting electrons moving in the field of the nucleus. For such a system 
we can, strictly speaking, consider only states of the system as a whole. 
Nevertheless, it is found that we can, with fair accuracy, introduce the idea 
of the states of each individual electron in the atom, as being the stationary 
states of the motion of each electron in some effective centrally symmetric 
field due to the nucleus and to all the other electrons. These fields are in 
general different for different electrons in the atom, and they must all be 
defined simultaneously, since each of them depends on the states of all the 
other electrons. Such a field is said to be self-consistent (see §69). 

Since the self-consistent field is centrally symmetric, each state of the elec- 
tron is characterised by a definite value of its orbital angular momentum /. 
The states of an individual electron with a given / are numbered (in order 
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of increasing energy) by the principal quantum number n, which takes the 
values n = 1+1, 142, ... ; this choice of the order of numbering is made in 
accordance with what is usual for the hydrogen atom. However, it must be 
noticed that the sequence of levels of increasing energy for various / in com- 
plex atoms is in general different from that found in the hydrogen atom. In 
the latter, the energy is independent of J, so that the states with larger values 
of n always have higher energies. In complex atoms, on the other hand, the 
level with n = 5,1 = 0, for example, is found to lie below that with n = 4, 
1 = 2 (this is discussed in more detail in §73). 

The states of individual electrons with different values of and / are 
customarily denoted by a figure which gives the value of the principal 
quantum number, followed by a letter which gives the value of /:} thus 4d 
denotes the state with n = 4, ] = 2. A complete description of the atom 
demands that, besides the values of the total L, S and J, the states of all the 
electrons should also be enumerated. Thus the symbol 1s 2p 3Po denotes a 
state of the helium atom in which L = 1, S = 1, J = 0 and the two electrons 
are in the 1s and 2p states. If several electrons are in states with the same / 
and n, this is usually shown for brevity by means of an index: thus 3? 
denotes two electrons in the 3p state. The distribution of the electrons in the 
atom among states with different / and n is called the electron configuration. 

For given values of m and J, the electron can have different values of the 
projections of the orbital angular momentum (m) and of the spin (co) on the 
z-axis. For a given J, the number m takes 2/+1 values; the number oa is 
restricted to only two values, +4. Hence there are altogether 2(2/+1) 
different states with the same z and /; these states are said to be equivalent. 
According to PauLt’s principle there can be only one electron in each such 
state. Thus at most 2(2/+1) electrons in an atom can simultaneously have 
the same m and /. An assembly of electrons occupying all the states with the 
given n and /is called a closed shell of the type concerned. 

The difference in energy between atomic levels having different L and S 
but the same electron configurationt is due to the electrostatic interaction 
of the electrons. These energy differences are usually small, and several 
times less than the distances between the levels of different configurations. 
The following empirical principle (Hund’s rule) is known concerning the 
relative position of levels with the same configuration but different Z and S: 

The term with the greatest possible value of S (for the given electron con- 
figuration) and the greatest possible value of L (for this S) has the lowest energy. || 


+ Another terminology often used is that in which electrons with principal quantum numbers 
n = 1, 2,3,... are said to belong to the K, L, M,... shells (see §74). 

t We here ignore the fine structure of each multiplet level. 

|| The requirement that S should be as large as possible can be explained as follows. Let us consider, 
for example, a system of two electrons. Here we can have S = 0 or S = 1; the spin 1 corresponds to 
an antisymmetrical co-ordinate wave function ¢(f, r,). For r, = f, this function vanishes; in other 
words, in the state with S = 1 the probability of finding the two electrons close together is small. 
This means that their electrostatic repulsion is comparatively small, and hence the energy is less. 
Similarly, for a system of several electrons, the ‘“‘most antisymmetrical” co-ordinate wave function 
corresponds to the greatest spin. 
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We shall show how the possible atomic terms can be found for a given elec- 
tron configuration. If the electrons are not equivalent, the possible values 
of ZL and S are determined immediately from the rule for the addition of 
angular momenta. Thus, for instance, with the configurations np, n'p (n, n' 
being different) the total angular momentum L can take the values 2, 1, 0, 
and the total spin S = 0,1; combining these, we obtain the terms 135, 
L3P 13), 

If we are concerned with equivalent electrons, however, restrictions im- 
posed by PauLl’s principle make their appearance. Let us consider, for 
example, a configuration of three equivalent p electrons. For / = 1 (the p 
‘state), the projection m of the orbital angular momentum can take the values 
m = 1, 0, —1, so that there are six possible states, with the following values 
of mand o: 


(2) 1,3 (6)0,3 (¢) —-1,3 
(2) 1,-3 (6)0,-3 (c’) —1, -}. 


The three electrons can be one in each of any three of these states. As a 
result we obtain states of the atom with the following values of the projections 
M, = Xm, Mg = Xo of the total orbital angular momentum and spin: 


(ata’+b) 2,4 (ata’+c)1,4 (atb+c) 0, . 
(a+6b+b') 1,4 (at+b+c’) 0,4 

(a+b’+c) 0,4 
(a’+5-+-c) 0, 4. 


The states with M, or Mg negative need not be written out, since they give 
nothing different. The presence of a state with M,; = 2, Mg = } shows that 
there must be a 2D term, and to this term there must correspond one state 
(1, 4) and one (0, 4). Next, there remains one state with (1, 4), so that there 
must be a *P term; one of the states (0, $) corresponds to this. Finally, there 
remain the states (0, $) and (0, 4), corresponding to a4S term. Thus, for a 
configuration of three equivalent p electrons, the only possibilities are one 
term of each of the types 2D, 2P, 4S. 

Table 1 gives the possible terms for various configurations of equivalent 
p and delectrons. The figures below the letters of the terms show the num- 
ber of terms of the type concerned that exist for the given configuration, if 
this number is more than one. For the configuration with the greatest 
possible number of equivalent electrons (s?, p*, d!°, ...), the term is always 1S. 
Like terms always correspond to configurations which differ in that one of 
them has as many electrons as the other lacks to form a closed shell. This is 
an evident result of the fact that the absence of an electron from the shell can 
be regarded as a “‘hole”’, whose state is defined by the same quantum numbers 
as the state of the missing electron. . 
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TABLE 1 
Possible terms for configurations of equivalent electrons 


p, P* *P 
p’, p* 19$D 3p 

p 2PD 4s 
d, d® 2p 
d?, d® 1SDG 3PF 
a’, d’ *PDFGH 4PF 

2 
d‘, d® 1SDFGI 3PDFGH 5D 
22 2 2 2 
ad’ 2SPDFGHI 4PDFG 8s 
32 2 


When Hunn’s rule is applied to determine the ground term of an atom 
from a known electron configuration, only the unfilled shell need be con- 
sidered, since the moments of electrons in closed shells cancel out. For 
example, let there be four d electrons outside the closed shells in an atom. 
The magnetic quantum number of the d electron can take five values: 
0, +1, +2. Hence all four electrons can have the same spin component 
o = 1, and the maximum possible total spin is S = 2. We must then assign 
to the electrons different values of m so as to give the maximum value of 
My, = Xm, namely 2, 1, 0, —1, M; = 2. This means that the maximum 
value of LZ for S = 2 is also 2, and the term is 5D. 


PROBLEM 


Find the orbital wave functions of the possible states of a system of three equivalent p 
electrons. 


SoLuTION. In the states 4S the spins o of all the electrons are the same, and the values of 
m are therefore different. The wave function is given by a determinant of the form (61.2) 
composed of the functions yo, #1, 4-1 (where the suffix shows the value of m). 

For the 2D term we consider the state with the maximum possible value Mz = 2. Two 
of the components m will be 1 and the other —1. Let electrons 2 and 3 have o = + 3} and 
electron 1 have o = —} (corresponding to total spin S = 4). The orbital wave function 
having the required symmetry is 


1 
= yg tN Lhol2ea(3)— Pol a2), 


the argument of each function ¢% being the number of the electron to which it refers. 

For the 2P term we consider the state with Mz = 1 and the same values of the electron 
spin components as previously. This state can be obtained with two different sets of values 
of m, so that the orbital wave function is given by the linear combination 


Yt = arb_y11 + dyh100, 
aaa = Yox(1)[Yb-1(2)f1(3) — -1(3)n(2)], 
100 = Yo(1)[¥1(2)y0(3) — 41(3)40(2)].- 
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To determine the coefficients, we use the relation 
Lx = (A +hL@O+L@)yp = 0, 


which must be satisfied by the wave function with Mr = M (see (27.8)). Using the matrix 
elements (27.12), we find that 


bib = 0, Laps = +/2d0, Labo = +/2¢h1, 
and so 


Lah = \/2(a+b)fon = 0. 


Hence a + 6 = 0, and using also the normalisation condition, we have a = —b = 4. 
The wave functions of states with Mz, < L are obtained from those found above by apply- 
ing to them the operator L_. 


§68. Hydrogen-like energy levels 


The only atom for which ScHRODINGER’s equation can be exactly solved 
is the simplest of all atoms, that of hydrogen. The energy levels of the hydro- 
gen atom, and of the ions Het, Lit+, ... which each have only one electron, 
are given by Bour’s formula (36.10) 


mZ*e4 1 


“2h2(1-m/M) |r? 


(68.1) 


Here Ze is the charge on the nucleus, M its mass, and m the mass of the elec- 
tron. We notice that the dependence on the mass of the nucleus is only very 
slight. 

The formula (68.1) does not take account of any relativistic effects. In 
this approximation there is an additional (accidental) degeneracy, peculiar 
to the hydrogen atom, of which we have already spoken in §36; for a given 
principal quantum number 2, the energy is independent of the orbital angular 
momentum I. 

Other atoms have states whose properties recall those of hydrogen. We 
refer to highly excited states, in which one of the electrons has a large principal 
quantum number, and so is mostly at large distances from the nucleus. The 
motion of such an electron can be regarded, to a certain approximation, as 
motion in the Coulomb field of the rest of the atom, whose effective charge is 
unity. The values of the energy levels thus obtained are, however, too in- 
exact; it is necessary to apply to them a correction to take account of the devia- 
tion of the field from the pure Coulomb field at small distances. The nature 
of this correction is easily ascertained from the following considerations. 

Since the states with large quantum numbers are quasi-classical, the energy 
levels can be determined from Boor and SoMMERFELD’s quantisation rule 
(48.6). The deviation from the Coulomb field at distances from the nucleus 
small compared with the “‘orbit radius” can be formally allowed for by an 
alteration in the boundary condition imposed on the wave function at 
r= 0. This brings about a change in the constant y in the quantisation 
condition for radial motion. Since this condition is otherwise unchanged, 
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we can conclude that we obtain for the energy levels an expression which 
differs from that for hydrogen in that the radial, that is, the principal, quantum 
number 7 is replaced by m + Aj, where A; is some constant (known as 
Rydberg’s correction): 


me+ 1 
eee ieee eee (68.2) 
2h? (n+A,)? 
Rydberg’s correction is (by definition) independent of n, but it is of course 
a function of the azimuthal quantum number / of the excited electron (which 
we add as a suffix to A), and of the angular momenta L and S of the whole 
atom. For given L and S, A; decreases rapidly as / increases. The greater /, 
the less time the electron spends near the nucleus, and hence the energy levels 
must approach more and more closely those of hydrogen as / increases. 


§69. The self-consistent field 


ScHRGODINGER’s equation for atoms containing more than one electron can- 
not be directly solved in practice, even by numerical methods. Approximate 
methods of calculating the energies and wave functions of the stationary states 
of the atoms are therefore important. The most important of these methods 
is what is called the self-consistent field method. The idea of this method con- 
sists in regarding each electron in the atom as being in motion in the “self- 
consistent field” due to the nucleus together with all the other electrons. 

As an example, let us consider the helium atom, restricting ourselves to 
those terms in which both the electrons are in s states (with or without the 
same 7); the states of the whole atom will then be S states also. Let ¢,(7;) 
and 7,(r,) be the wave functions of the electrons; in the s states they are 
functions only of the distances 7,, 72 of the electrons from the nuclei. The 
wave function (r,, 72) of the atom as a whole is a symmetrised 


b = bi(71)fo(72) + ¥1(72)0(71) (69.1) 


or antisymmetrised 


b = By(71)bo(72) —Y1(72)0(71) (69.2) 


product of the two functions, according as we are concerned with states of 


+ As an illustration, we may give the experimental values of Rydberg’s correction for the highly 
excited states of the helium atom. The total spin of this atom can have the values S = 0 and 1, while 
the total orbital angular momentum L is, in the states considered, the same as the angular momentum 
1 of the excited electron (the other electron being in the state 1s). Rydberg’s corrections are 


for S = 0: Ap = —0-140, Ai = +0-012, Az = —0-0022; 


for S = 1: Ap = —0-296, Ai = —0-068, Az = —0-0029. 
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total spint S=OorS =1. We shall consider the second of these. The 
functions 7, and #, can then be regarded as orthogonal. { 

Let us try to determine the function of the form (69.2) which is the best 
approximation to the true wave function of the atom. To do so, it is natural 
to start from the variational principle, allowing only functions of the form 
(69.2) to be considered; this method was proposed by V. A. Fox (1930). 

As we know, SCHRODINGER’s equation can be obtained from the variational 
principle 


J i b*AydV,dV, = minimum, 
with the additional condition 


ff wranay, = 1 


(the integration is extended over the co-ordinates of both electrons in the 
helium atom). The variation gives the equation 


| J 5y*(H—E)y dV,dV, = 0, (69.3) 


and hence, with an arbitrary variation of the wave function %, we obtain the 
usual SCHRODINGER’s equation. In the self-consistent field method, the 
expression (69.2) for % is substituted in (69.3), and the variation is effected 
with respect to the functions , and 4, separately. In other words, we seek 
an extremum of the integral with respect to functions % of the form (69.2); 
as a result we obtain, of course, an inexact eigenvalue of the energy and an 
inexact wave function, but the best of the functions that can be represented 
in this form. 
The Hamiltonian for the helium atom is of the form|| 


H = A,+H,+1/n2, H, = —3Ai—2/n, (69.4) 


where 7,, is the distance between the electrons. Substituting (69.2) in (69.3), 
carrying out the variation, and equating to zero the coefficients of 54, and Sy, 
in the integrand, we easily obtain the following equations: 


[EA +2/r+E— Ho.— Goo(7)}¥4(7) + [Ae t+ Gro(7) ¥2(7) = 0, 
tA+2/r+E-Ay— G11(7) }$0(7) + [Fie + Gi2(7) ¥(7) = 0, 


where 
Ga(n) = EZG a)Po(72) dV 2/712, 


Has = | $al—4A—2/r dV (a,b = 1,2). (69.6) 


+ The states of the helium atom with S = 0 are usually called parahelium states, and those with 
S = 1 orthohelium states. 

} The wave functions y,, ¢2, ... of the various states of the electron which are obtained by the self- 
consistent field method are not in general orthogonal, since they are solutions of different equations, 
not of the same equation. In (69.2), however, without altering the function % of the whole atom, we 
can replace y¢, by #,’ = ¥.-++constant x %,; by an appropriate choice of the constant, we can always 
ensure that %, and ¢,’ are orthogonal. 

|| In this section (including the Problems) we use atomic units (see the first footnote to §36). 


(69.5) 
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These are the final equations resulting from the self-consistent field method; 
they can, of course, be solved only numerically. 

The equations are similarly derived in more complex cases. The wave 
function of the atom to be substituted in the integral in the variational 
principle is in the form of a linear combination of products of the wave func- 
tions of the individual electrons. This combination must be so chosen that, 
firstly, its permutational symmetry corresponds to the total spin S of the 
state of the atom considered and, secondly, it corresponds to the given value 
of the total orbital angular momentum L of the atom. 

By using, in the variational principle, the wave function having the neces- 
sary permutational symmetry, we automatically take account of the exchange 
interaction of the electrons in the atom. Simpler equations (though leading 
to less accurate results) are obtained if we neglect the exchange interaction 
and also the dependence on L of the energy of the atom for a given electron 
configuration (D. R. Hartree 1928). As an example, let us again consider the 
helium atom; we can then write the equations for the wave functions of the 
electrons immediately in the form of ordinary SCHRODINGER’s equations: 


[sAatEa—Valra)Walra) =9 (2 = 1,2), (69.7) 


where V,, is the potential energy of one electron moving in the field of the 
nucleus and in that of the distributed charge of the other electron: 


Valrs) = —2lrs+ | (Ura b2re) dV, (69.8) 


and similarly for V,._ In order to find the energy E of the whole atom, we 
must notice that, in the sum E, +F,, the electrostatic interaction between the 
two electrons is counted twice, since it appears in the potential energy V,(7,) 
of the first electron and in that—V,(r,)—of the second. Hence E is obtained 
from the sum E, +E, by subtracting once the mean energy of this interaction; 
that is, 


E = E,+E,— i (1/112)¥17(73)Y2"(72) dV dV. (69.9) 


To refine the results obtained by this simplified method, the exchange 
interaction and the dependence of the energy on L can afterwards be taken 
into account as perturbations. 


PROBLEMS 


ProsLeM 1. Determine approximately the energy of the ground level of the helium atom 
and helium-like ions (a nucleus of charge Z and two electrons), regarding the interaction 
between the electrons as a perturbation. 


SoLUTION. In the ground state of the ion, both electrons are in s states. ‘The unperturbed 


+ A comparison of the energy levels of light atoms, calculated by the self-consistent field method, 
with spectroscopic data enables us to estimate the accuracy of the method at about 5 per cent. 
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value of the energy is twice the ground level of a hydrogen-like ion (because of the two 
electrons): 


EO = 2(—4Z?) = —Z2, 


The correction in the first approximation is given by the mean value of the electron inter- 
action energy in a state with wave function 


ot = d1(71)}2(r2) = 


3 


e-Zlrit12) (1) 
T 


(the product of two hydrogen functions with / = 0). The integral 
1 
EY = | | y2—dVidV 2 
712 


is most simply calculated as 
00 1 YT. 
Bw = 2 | dVo.px—|pidVi, dV, = 4ary2dry, 
r2 


0 
dV2 = 4nre2dro, 


the energy of the charge distribution pz = | ye |? in the field of the spherically symmetric 
distribution pi = | ¥1|?; the integrand with dV2 is the energy of the charge po(r2) in the field 
of the sphere 71 <7rg, and the factor 2 takes account of the contribution from configurations 
in which 71 >72. Thus we find E@) = 5Z/8, and finally 


E = EO+ FO = —Z24 87, 
For the helium atom (Z = 2)thisgives —E = 11/4 = 2-75; the actual value of the ground- 


state energy of this atom is —E = 2-90 atomic units = 78-9 eV. 


PROBLEM 2. The same as Problem 1, but using the variational principle, approximating 
the wave function by a product of two hydrogen functions with some effective nuclear charge. 


SOLUTION. We calculate the integral 


ZZ 1 
| [vtearsars, H = —}(A1+ A2)——-—+— 


m1 «#3972 Tig 


with the function ¢ given by (1), Problem 1, but with Zerr instead of Z. The integral of $2/rie 
is calculated in Problem 1; the integral of % Ai ¥ can be reduced to that of #?/r1, since, by 
SCHRODINGER’S equation, 

Z 


Wha = —4Zen%h. 
Lal 


(-—$A1— 
The result i 


[ [ppd dV2 = Zen?—22Zen+ bZen. 


This expression as a function of Zerr has a minimum at Zete = Z— +s. The corresponding 
value of the energy is 


B= —(Z- 4). 


For the helium atom this gives —E = 2°85. 

It may be noted that the wave function (1) with the above value of Zerr is in fact the best 
not only of all functions of the form (1) but of all functions which depend only on the sum 
ritnre. 
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§70. The Thomas-Fermi equation 


Numerical calculations of the charge distribution and field in the atom by 
the self-consistent field method are extremely cumbersome, especially for 
complex atoms. For these, however, there is another approximate method, 
whose value lies in its simplicity; its results are admittedly much less accurate 
than those of the self-consistent field method. 

The basis of this method (E. FERMI, and L. THomas, 1927) is the fact that, 
in complex atoms with a large number of electrons, the majority of the elec- 
trons have comparatively large principal quantum numbers. In these condi- 
tions the quasi-classical approximation is applicable. Hence we can apply 
the concept of “cells in phase space’ (§48) to the states of the individual 
electrons. 

The volume of phase space corresponding to electrons which have momenta 
less than p and are in the volume element dV of physical space is $ap* dV. 
The number of ‘“‘cells”, i.e. possible states, corresponding to this volume ist 
4np® dV/3(27)8, and in these states there cannot at any one time be more than 

3 3 
bits dV = as dV 
3(2n)3 3x2 


electrons (two electrons, with opposite spins, in each “cell”). In the normal 
state of the atom, the electrons in each volume element dV must occupy (in 
phase space) the cells corresponding to momenta from zero up to some maxi- 
mum value py. Then the kinetic energy of the electrons will have its smallest 
possible value at every point. If we write the number of electrons in the 
volume dV as ndV (where 7 is the number density of electrons), we can say 
that the maximum value o of the momenta of the electrons at every point 
is related to n by 


po3/3m? = n. 


The greatest value of the kinetic energy of an electron at a point where the 
electron density is 2 is therefore 


dp? = ¥(37°n)?/*. (70.1) 


Next, let ¢(r) be the electrostatic potential, which we suppose zero at 
infinity. The total energy of the electron is 3p?—¢. It is evident that the 
total energy of each electron must be negative, since otherwise the electron 
moves off to infinity. We denote the maximum value of the total energy of 
the electron at each point by —¢o, where gy is a positive constant; if this quan- 
tity were not constant, the electrons would move from points with smaller 
dy to those with greater dy. Thus we can write 


ipo = $—$o- (70.2) 


+ In this section we use atomic units. 
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Equating the expressions (70.1) and (70.2), we obtain 
n = [2(¢—$p)]°7/30°, (70.3) 


a relation between the electron density and the potential at every point in the 
atom. 

For ¢ = ¢y the density vanishes; m must clearly be put equal to zero also 
in the whole of the region where < ¢o, and where the relation (70.2) would 
give a negative maximum kinetic energy. Thus the equation fh = py deter- 
mines the boundary of the atom. There is, however, no field outside a 
centrally symmetric system of charges whose total charge is zero. Hence we 
must have ¢ = 0 at the boundary of a neutral atom. It follows from this that, 
for a neutral atom, the constant 4, must be put equal to zero. On the other 
hand, ¢y is not zero for an ion. 

Below we shall consider a neutral atom, putting accordingly ¢) = 0. 
According to Poisson’s electrostatic equation, we have Ad = 4a; substitut- 
ing (70.3) in this, we obtain the fundamental equation of the Thomas-Fermi 
method: 


Ag = (84/2/3m)$3/2, (70.4) 


The field distribution in the normal state of the atom is determined by the 
centrally symmetric solution of this equation that satisfies the following 
boundary conditions: for r -> 0 the field must become the Coulomb field of 
the nucleus, i.e. 67 -> Z, while for r + oo we must have¢r > 0. Introducing 
here, in place of the variable 7, a new variable x according to the definitions 


r= xbZ-3, b = }(3n)/8 = 0-885, (70.5) 


and, in place of ¢, a new unknown function y by + 


Z rZis Z43 y(x) 
60) = —(—) - | (70.6) 
r b b x 
we obtain the equation 
x12 dy/dx? = y3/2, (70.7) 


with the boundary conditions y = 1 for x == 0 and y = 0 forx = 00. This 
equation contains no parameters, and thus defines a universal function ,(x). 
Table 2 gives values of this function obtained by numerical integration of 
equation (70.7). The function x(x) decreases monotonically, and vanishes 
only at infinity.t In other words, the atom has no boundaries in the Thomas- 
Fermi model, and formally extends to infinity. 


t In ordinary units, 
P(r) = (Ze/r)x(r Z4/3me?/0-885h?). 


} The equation (70.7) has the exact solution x(x) = 14473, which vanishes at infinity but does not 
satisfy the boundary condition at x = 0. It could be used as an asymptotic expression for the function 
x(x) for large x. However, this expression gives fairly exact values only for very large x, whilst the 
Thomas-Fermi equation becomes inapplicable at large distances (see below). 


§70 The Thomas-Fermi equation 243 


TABLE 2 


Values of the function x(x) 


x x(x) x x(x) x x(x) 
0-00 1-000 1-4 0-333 6 0:0594 
0-02 0°972 1-6 0-298 7 0:0461 
0-04 0:947 1:8 0-268 8 0-0366 
0-06 0-924 2°0 0-243 9 0-0296 
0-08 0-902 22 0-221 10 0-0243 
0-10 0-882 2°4 0-202 11 0:0202 
0-2 0-793 2°6 0-185 12 0-0171 
0:3 0-721 2°8 0-170 13 0:0145 
0-4 0-660 3:0 0-157 14 0-0125 
0°5 0-607 3°2 0-145 15 0-0108 
0-6 0°561 3°4 0-134 20 0-0058 
0-7 0°521 3°6 0:125 25 0:0035 
0:8 0°485 3°8 0-116 30 0:0023 
0-9 0-453 4-0 0-108 40 0-0011 
1:0 0-424 4°5 0-0919 50 0-00063 
1-2 0°374 5:0 0-0788 60 0:00039 

The value of the derivative y'(x) for x = 0 is y‘(0) = —1-59. Hence, as 


x -> 0, the function x(x) is of the form x ~ 1—1-59x, and accordingly the 
potential ¢(r) is 


$(r) ~ Z/r—1-80Z4/, (70.8) 


The first term is the potential of the field of the nucleus, while the second 
(—1-80me>Z“/3//? in ordinary units) is the potential at the origin due to the 
electrons. 

Substituting (70.6) in (70.3), we find for the electron density an expression 
of the form 


n= Z3f(rZ'8/b), f(x) = (32/9n8)(y/x)8/2 (70.9) 


We see that, in the Thomas-Fermi model, the charge density distribution in 
different atoms is similar, with 2-1/3 as the characteristic length (in ordinary 
units h?/me?Z1/3, ie. the Bohr radius divided by Z1/3). If we measure 
distances in atomic units, the distances at which the electron density has its 
maximum value are the same for all Z. Hence we can say that the majority 
of the electrons in an atom of atomic number Z are at distances from the 
nucleus of the order of Z—/3. A numerical calculation shows that half the 
total electron charge in an atom lies inside a sphere of radius 1-33Z-1/3, 
Similar considerations show that the mean velocity of the electrons in the 
9 
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atom (taken, as an order of magnitude, as the square root of the energy) is of 
the order of 22/3, 

The Thomas-Fermi equation becomes inapplicable both at very small and 
at very large distances from the nucleus. Its range of applicability for small r 
is restricted by the inequality (49.12); at smaller distances the quasi-classical 
approximation becomes invalid in the Coulomb field of the nucleus. Putting 
in (49.12) « = Z, we find 1/Z as the lower limit of distance. The quasi- 
classical approximation becomes invalid for large r also in a complex atom. 
In fact, it is easy to see that, for r ~ 1, the de Broglie wavelength of the elec- 
tron becomes of the same order of magnitude as the distance itself, so that the 
quasi-classical condition is undoubtedly violated. This can be seen by esti- 
mating the values of the terms in equations (70.2) and (70.4); indeed, the 
result is obvious without calculation, since equation (70.4) does not involve 
Z. Thus the applicability of the Thomas-Fermi equation is limited to dis- 
tances large compared with 1/Z and small compared with unity. In complex 
atoms, however, the majority of the electrons in fact lie in this region. 

This means that the “outer boundary” of the atom in the Thomas-Fermi 
model is at r~1, i.e. the dimensions of the atom do not depend on Z. The 
energy of the outer electrons, i.e. the ionisation potential of the atom, is 
likewise independent of Z.t 

By means of the Thomas-Fermi method we can calculate the total ionisa- 
tion energy E, i.e. the energy needed to remove all the electrons from the 
neutral atom. To do this, we must calculate the electrostatic energy of the 
Thomas-Fermi distribution for the charges in the atom; the required total 
energy is half this electrostatic energy, since the mean kinetic energy in a 
system of particles interacting in accordance with Coulomb’s lawis (by the virial 
theorem) minus half the mean potential energy. The dependence of EF on Z 
can be determined a priori from simple considerations: the electrostatic 
energy of Z electrons at a mean distance Z—"8 from a nucleus of charge Z, 
and moving in its field, is proportional to Z-Z/Z-8 = 27/8, A numerical 
calculation gives the result E = 20-8273 eV. The dependence on Z is in 
good agreement with the experimental data, though the empirical value of 
the coefficient is close to 16. 

We have already mentioned that positive (non-zero) values of the constant 
¢, correspond to ionised atoms. If we define the function x by$ —¢o = Zx/r, 
we obtain the same equation (70.7) for x as previously. We must now, how- 
ever, consider only solutions which vanish not at infinity as for the neutral 
atom, but for finite values x, of x. Such solutions exist for any x9. At the 
point x = x,, the charge density vanishes together with x, but the potential 
remains finite. The value of x, is related to the degree of ionisation in the 
following manner. The total charge inside a sphere of radius r is, by Gauss’s 


+ This model does not, of course, show the periodic dependence of the dimensions and ionisation 
potential of the atom on Z, which appears in the periodic system of the elements. Moreover, experi- 
mental data indicate the existence of a slight but steady increase in dimensions and decrease in the 
jonisation potential as Z increases. 
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theorem, —7?0¢/ér = Z[x(x)—xx'(x)]. The total charge z on the ion is 
obtained by putting x = x, in this; since x(x 9) = 0, we have 


z= —Zxox'(%). (70.10) 


The thick line in Fig. 23 shows the curve of x(x) for a neutral atom; below 
it are two curves for ions of different degrees of ionisation. The quantity 
z/Z is shown graphically by the length of the segment intercepted on the 
axis of ordinates by the tangent to the curve at x = xp. 
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Equation (70.7) also has solutions which are nowhere zero; these diverge 
at infinity. They can be regarded as corresponding to negative values of the 
constant ¢9. Fig. 23 also shows two such curves of x(x); they lie above the 
curve for the neutral atom. At the point x = x,, where 


x(%)—*1x'(%1) = 0, (70.11) 


the total charge inside the sphere x < x, is zero (graphically, this point is 
evidently the one where the tangent to the curve passes through the origin). 
If we cut off the curve at this point, we can say that it defines (x) for a neutral 
atom at whose boundary the charge density remains non-zero. Physically, 
this corresponds to a “compressed” atom confined to some given finite 
volume.t 

The Thomas-Fermi equation does not take account of the exchange inter- 
action between electrons. The effects which this involves are of the next 
order of magnitude with respect to Z-?/8, Hence an allowance for the ex- 
change interaction in the Thomas-Fermi method requires a simultaneous 
consideration of both these effects and others of the same order of magnitude. f 


{+ This approach may be useful in studying the equation of state of highly compressed matter. 


{ This has been done by A. S. Kompaneets and E. S. Paviovskri (Soviet Physics JETP 4, 328, 
1957) and by D. Kirzunits (ibid. 5, 64, 1338, 1957). 
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PROBLEM 


Find the relation between the energy of the electrostatic interaction between electrons 
and that of their interaction with the nucleus in a neutral atom, using the Thomas-Fermi 
model. 


SOLUTION. The potential ¢, of the field due to the electrons is found by subtracting the 
potential Z/r of the nucleus front the total potential $. The energy of the interaction between 
the electrons is therefore 


Use = —4 [tendv 
237 | “4-4 | gndV 


n (3n2)2/3 
=3Z i Ps near tae | ndi8dV 
r 


(where ¢ has been expressed in terms of n by means of (70.3)). The energy Uen of the 
interaction between the electrons and the nucleus and their kinetic energy T are therefore 


Uen = -z| av, 
Tr 


Do 
T=2 i | 4p?. 4np2dpdV 
0 


(32r2)2/8 
= 3 agra fear. 


Comparing these expressions with the previous equation, we find 
Uce = —4U n—3T. 


According to the virial theoremf, for a system of particles interacting according to Coulomb’s 
law we have 2T=— U = —_— Ue Vee. Thus finally 


Uce — —4Uen. 


§71. Wave functions of the outer electrons near the nucleus 


We have seen, on the basis of the Thomas-Fermi model, that the outer 
electrons in complex atoms (Z large) are mainly at distances r ~ 1 from the 
nucleus.t A number of properties of atoms, however, depend significantly 
on the electron density near the nucleus; such properties will be considered 
in §§72 and 120. To determine the order of magnitude of this density we 
may examine the variation of the wave function #(r) of the electron in the 
atom when r varies from large (r ~ 1) to small distances. 


+ See Mechanics, §10. 
{ In this section we use atomic units. 
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In the region r ~ 1, the field of the nucleus is screened by the remaining 
electrons, so that the potential energy U(r) ~ 1/r ~ 1. The energy of the 
electron level in this field E ~ 1. At distances of the order of the Bohr 
radius in the field of a charge Z, r ~ 1/Z, the field of the nucleus may be 
regarded as unscreened, and U = — Z/r. In the transitional region, 1/Z < r 
< 1, the potential energy | U | is large compared with the electron energy E, 


and the condition 
dsl d 1 
(>) wo 
dy\p/ dr /|U| 


holds (where p is the momentum), so that the motion of the electron is quasi- 
classical. 'The spherically Yee quasi-classical wave function is 


1 1 
| b(r)| ~ =" ara for 7r<i, (71.1) 
the order of magnitude of the coefficient (~ 1) being determined by the con- 
dition % ~ 1 for “joining” to the wave function for r ~ 1. 
Applying the expression (71.1) in order of magnitude for r ~ 1/Z (sub- 
stituting U = —Z/r), we obtain the required value of the wave function 
near the nucleus:t 


W(1]Z)~/Z. (71.2) 


In accordance with the general properties of wave functions in a central 

field (§32), when the distance decreases further ¥(r) either remains constant 

in order of magnitude (for an s electron) or begins to decrease (for 1 + 0). 
The probability of finding the electron in the region r < 1/Z is 


wn |p|8~1/Z2. (71.3) 


The formulae (71. 2) and (71.3) of course determine only the systematic 
variation with increasing Z, and do not take into account non-systematic 
variations from one element to the next. 


§72. Fine structure of atomic levels 


A detailed study of relativistic interactions will be given in Volume 4, 
but some properties of such interactions may be mentioned here. It is found 
that the relativistic terms in the Hamiltonian of an atom fall into two classes. 
One of these contains terms linear with respect to the spin operators of the 
electrons, while the other includes quadratic terms. The former correspond 
to the interaction between the orbital motion of the electrons and their spin 
(this interaction is called spin-orbit interaction), while the latter correspond 
to the interaction between the spins of the electrons (spin-spin interaction). 


+ 'To determine the coefficient in this formula (when the wave function is known in the region 
7 ~ 1), we should have to use the expression (36.25) in the range r S 1/Z. 
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Both interactions are of the same order (the second) with respect to v/c, the 
ratio of the velocity of the electrons to that of light; in practice, the spin- 
orbit interaction considerably exceeds the spin-spin interaction in heavy 
atoms. This is because the spin-orbit interaction increases rapidly with 
the atomic number, whereas the spin-spin interaction is essentially inde- 
pendent of Z (see below). 

The spin-orbit interaction operator is of the form 


Va = » A, 8, (72.1) 


(the summation being over all the electrons in the atom), where §, are the 
spin operators of the electrons, and A, are some “orbital” operators, i.e. opera- 
tors acting on functions of the co-ordinates. In the self-consistent field 
approximation the operators A, are proportional to the operators I, of the 
orbital angular momentum of the electrons, and V5, can then be written in 
the form 

Vor = Daala. Sa. (72.2) 


The coefficients in the sum are given in terms of the potential energy U(r) 
of the electron in the self-consistent field by 
nm dU(ra) 


 Qm%erg dra (72.3) 


Since U < 0 and |U(r)| decreases away from the nucleus, all the a > 0. 

Regarding the interaction (72.1) as a perturbation, we should, in order to 
calculate the energy, average it with respect to the unperturbed state. The 
main contribution to the energy is given by distances close to the nucleus, 
of the order of the Bohr radius (~A?/Zme?) for a nucleus with charge Ze. 
In this region the field of the nucleus is almost unscreened and the potential 
energy is 

U(r) ~ Ze|r~ Z2met|h2, 
so that 
aw h2U/m2c2r2 


~Z4(e2/hhc)2met/ he. 


The mean value of « is obtained by multiplying by the probability w of 
finding the electron near the nucleus. According to (71.3), w~ Z~, so that 
we have finally that the energy of the spin-orbit interaction of the electron is 


given by 
_ ( Le ) met 
tic) ie 


? 


i.e. differs from the fundamental energy of the outer electrons in the atom 
(~me*/f2) only by the factor (Ze?/fc)?. This factor increases rapidly with 
the atomic number, and reaches values of the order of unity in heavy atoms. 
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The actual averaging of the operator (72.1) is done in two steps. First of 
all, we average over electron states with given absolute values L and S of the 
total orbital angular momentum and spin, but not with given directions of 
these. After this averaging V,, is still, of course, an operator, which we de- 
note byt /g;. From considerations of symmetry it is evident that the mean 
values of § must be “directed” along §, which is the only spin “vector” 
characterising the atom as a whole (it must be recalled that, in the zeroth ap- 
proximation, the wave functions are products of a spin part and a co-ordinate 
part). Similarly, the mean values of 1, must be “directed” along L. Thus 
the operator Vg, is of the form 


Vsz = ASL, (72.4) 


where A is a constant characterising a given (unsplit) term, i.e. depending 
on S and L but not on the total angular momentum J of the atom. 

To calculate the energy of the splitting of a degenerate level (with given 
Sand L), we must solve the secular equation formed from the matrix elements 
of the operator (72.4). In this case, however, we already know the correct 
functions in the zeroth approximation, in which the matrix of V gz, is diagonal. 
These are the wave functions of states with definite values of the total 
angular momentum J. The averaging with respect to such a state involves 
replacing the operator S.L by its eigenvalues, which, according to the general 
formula (31.2), are 


LS =20J4+1)—L(L+-1)—S(S+1)]. 


Since the values of Z and S are the same for all the components of a multiplet, 
and we are interested only in their relative position, we can write the energy 
of the multiplet splitting in the form 


t4J(J+1). (72.5) 


The intervals between adjacent components (with numbers J and J—1) are 
consequently 
AE; j-1 = AJ. (72.6) 


This formula gives what is called Landé’s interval rule (1923). 

The constant A can be either positive or negative. For A > 0 the lowest 
component of the multiplet level is the one with the smallest possible J, i.e. 
J = |L—S|;such multiplets are said to be normal. If A < 0, on the other 
hand, the lowest level of the multiplet is that with J = L+S; these multi- 
plets are said to be inverted. 


T This averaging signifies essentially the construction of a matrix with elements 
(nM’LM's|VsilnMiMs) 


with all possible Mz, M’z and Ms, M's and diagonal with respect to all the other quantum numbers 
(the assembly of which we denote by 7). 
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It is easy to determine the sign of A for the normal states of atoms if the 
electron configuration is such that there is only one shell not completely 
filled. If this shell is not more than half filled, then according to HuND’s 
rule (§67) all 7 electrons in it have parallel spins, so that the total spin has 
the greatest possible value, S = 4n. Substituting in (72.2) sq = S/n and 
taking «q (which is the same for all electrons in a given shell) outside the 
sum we obtain 


Vs = («/2S)8 .L, 


ie. A = «/2S>0. If the shell is more than half full, we first add and sub- 
tract in (72.2) the same sum taken over the unoccupied places or “holes’’ in 
the incomplete shell. Since, for a completely filled shell, we should have 
V1 = 0, the operator Ms; is thereby represented as a sum 


Vs1 = x Ca 14.80, 


taken only over the “‘holes’’, the total spin and orbital angular momentum 
of the atom being S = — & sg, L = — Xly. By the same method as pre- 
viously we therefore find A = —«/2S,ie. A < 0. 

From the above we have a simple rule which gives the value of J in the 
normal state of an atom with one incompletely filled shell. If this shell 
contains not more than half the greatest possible number of electrons for 
that shell, then J = | L—S'|; if the shell is more than half full, J = L + S. 

As already mentioned, the spin-spin interaction, unlike the spin-orbit 
interaction, is essentially independent of Z. This is evident from the fact 
that it is a direct interaction between electrons and does not involve the field 
of the nucleus. 

For the averaged spin-spin interaction operator we should obtain, analog- 
ously to formula (72.4), an expression quadratic in §. The expressions S? 
and (S.L)? are quadratic in §. The former has eigenvalues independent 
of J, and therefore does not give any splitting of the term. Hence it can be 
omitted, and we can write 


Vss = BS.L, (72.7) 


where B is a constant. The eigenvalues of this operator contain terms inde- 
pendent of J, terms proportional to J(J+1), and finally a term proportional 
to J?(/J+1)%. The first of these do not give any splitting and hence are without 
interest; the second can be included in the expression (72.5), which simply 
means a change in the constant A. Finally, the last term gives an energy 


1By*(J +1). (72.8) 


The scheme for the construction of the atomic levels discussed in §§66-67 
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is based on the supposition that the orbital angular momenta of the electrons 
combine to give the total orbital angular momentum L of the atom, and their 
spins to give the total spin S. As has already been mentioned, this supposi- 
tion is legitimate only when the relativistic effects are small; more exactly, 
the intervals in the fine structure must be small compared with the differences 
between levels with different Z and S. This approximation is called the 
Russell-Saunders case, and we speak also of LS coupling. 

In practice, however, this approximation has a limited range of applica- 
bility. The levels of the light atoms are arranged in accordance with the LS 
model, but as the atomic number increases the relativistic interactions in the 
atom become stronger, and the Russell-Saunders approximation becomes 
inapplicable.t It must also be noticed that this approximation is, in parti- 
cular, inapplicable to highly excited levels, in which the atom contains an 
electron which is in a state with large m, and which is therefore mainly at large 
distances from the nucleus (see §68). The electrostatic interaction of this 
electron with the motion of the other electrons is comparatively weak, but 
the relativistic interaction in the rest of the atom is not diminished. 

In the opposite limiting case the relativistic interaction is large compared 
with the electrostatic (or, more precisely, compared with that part of it which 
governs the dependence of the energy on Z and S). In this case we cannot 
speak of the orbital angular momentum and spin separately, since they are 
not conserved. ‘The individual electrons are characterised by their total 
angular momenta j, which combine to give the total angular momentum J of 
the atom. This scheme of arrangement of the atomic levels is called jj coupl- 
ing. In practice, this coupling is not found in the pure state, but various types 
of coupling intermediate between LS and jj are observed among the levels of 
very heavy atoms.{ 

A peculiar type of coupling is observed in certain highly excited states. 
Here the rest of the atom may be in a Russell-Saunders state, ie. may be 
characterised by the values of L and S, while its coupling with the highly 
excited electron is of the jj type; this is again due to the weakness of the elec- 
trostatic interaction for this electron. 

The fine structure of the energy levels of the hydrogen atom has certain 
characteristic properties. It will be calculated exactly in Volume 4, but here 
we shall only mention that, for a given principal quantum number, the energy 
depends only on the total angular momentum j of the electron. Thus the 
degeneracy of the levels is not completely removed; to a level with given 
n and 7 there correspond two states with orbital angular momenta / = 7 + 4 
(unless 7 has the value —4, which is the greatest possible for a given 7). 


t Nevertheless, it must be mentioned that, although the quantitative formulae which describe 
this type of coupling become inapplicable, the method of classifying levels according to this scheme 
may itself remain meaningful for heavier atoms, especially for the lowest states (including the normal 
state). 

{ For further details regarding types of coupling and the quantitative aspect of the problem, see, 


aa instance, E.U. Conpon and G. H. Suortiey, The Theory of Atomic Spectra, Cambridge University 
ress 1935. 
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Thus the level with 2 = 3 is split into three levels, of which the states 
$1/2, 1/2 correspond to one, p3/2 and d3/2 to another, and d5/2 to the third. 


§73. The periodic system of D. I. Mendeleev 


The elucidation of the nature of the periodic variation of properties, ob- 
served in the series of elements when they are placed in order of increasing 
atomic number, requires an examination of the peculiarities in the successive 
completion of the electron shells of atoms. The theory of the periodic system 
is due to N. Bour (1922). 

When we pass from one atom to the next, the charge is increased by unity 
and one electron is added to the envelope. At first sight we might expect 
the binding energy of each of the successively added electrons to vary 
monotonically as the atomic number increases. The actual variation, how- 
ever, is entirely different. 

In the normal state of the hydrogen atom there is only one electron, in 
the 1s state. In the atom of the next element, helium, another 1s electron is 
added; the binding energy of the 1s electrons in the helium atom is, however, 
considerably greater than in the hydrogen atom. This is a natural conse- 
quence of the difference between the field in which the electron moves 
in the hydrogen atom and the field encountered by an electron added to the 
Het ion. At large distances these fields are approximately the same, but 
near the nucleus with charge Z = 2 the field of the Het ion is stronger than 
that of the hydrogen nucleus with Z = 1. In the lithium atom (Z = 3), the 
third electron enters the 2s state, since no more than two electrons can be 
in 1s states at the same time. For a given Z the 2s level lies above the 1s 
level; as the nuclear charge increases, both levels become lower. In the 
transition from Z = 2 to Z = 3, however, the former effect is predominant, 
and so the binding energy of the third electron in the lithium atom is con- 
siderably less than those of the electrons in the helium atom. Next, in the 
atoms from Be (Z = 4) to Ne (Z = 10), first one more 2s electron and then 
six 2p electrons are successively added. The binding energies of these 
electrons increase on the average, owing to the increasing nuclear charge. 
The next electron added, on going to the sodium atom (Z = 11), enters 
the 3s state, and the binding energy again diminishes markedly, since the 
effect of going to a higher shell predominates over that of the increase of the 
nuclear charge. 

This picture of the filling up of the electron envelope is characteristic of the 
whole sequence of elements. All the electron states can be divided into 
successively occupied groups such that, as the states of each group are occu- 
pied in a series of elements, the binding energy increases on the average, but 
when the states of the next group begin to be occupied the binding energy 
decreases noticeably. Fig. 24 shows those ionisation potentials of elements 
that are known from spectroscopic data; they give the binding energies of 
the electrons added as we pass from each element to the next. 
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The different states are distributed as follows into successively occupied 
groups: 


1s 2 electrons 

2s, 2p 8 a 

3s, 3p 8 

4s, 3d, 4p 18 (73.1) 
5s, 4d, 5p 18 - 


6s, 4f, 5d,6p 32 ,, 
7s, 6d, 5f,... 


The first group is occupied in H and He; the occupation of the second and 
third groups corresponds to the first two (short) periods of the periodic 
system, containing 8 elements each. Next follow two long periods of 18 ele- 
ments each, and a long period containing the rare-earth elements and 32 
elements in all. The final group of states is not completely occupied in the 
natural (and artificial transuranic) elements. 

To understand the variation of the properties of the elements as the states 
of each group are occupied, the following property of d and f states, which 
distinguishes them from s and 7 states, is important. The curves of the effec- 
tive potential energy of the centrally symmetric field (composed of the electro- 
static field and the centrifugal field) for an electron in a heavy atom have a 
rapid and almost vertical drop to a deep minimum near the origin; they then 
begin to rise, and approach zero asymptotically. For s and p states, the rising 
parts of these curves are very close together. This means that the electron 
is at approximately the same distance from the nucleus in these states. The 
curves for the d states, and particularly for the f states, on the other hand, 
pass considerably further to the left; the ‘classically accessible’ region 
which they delimit ends considerably closer in than that for the s and p states 
with the same total electron energy. In other words, an electron in the d and f 
states is mainly much closer to the nucleus than in the s and p states. 

Many properties of atoms (including the chemical properties of elements; 
see §81) depend principally on the outer regions of the electron envelopes. The 
above characteristic of the d and f states is very important in this connection. 
Thus, for instance, when the 4f states are being filled (in the rare-earth ele- 
ments; see below), the added electrons are located considerably closer to the. 
nucleus than those in the states previously occupied. As a result, these 
electrons have practically no effect on the chemical properties, and all the 
rare-earth elements are chemically very similar. 

The elements containing complete d and f shells (or not containing these 
shells at all) are called elements of the principal groups; those in which the 
filling up of these states is actually in progress are called elements of the inter- 
mediate groups. These groups of elements are conveniently considered separ- 
ately. 
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Let us begin with the elements of the principal groups. Hydrogen and 
helium have the following normal states: 


1H: Is 2 Si /2 2He : 15? 1$5 


(the number with the chemical symbol always signifies the atomic number). 
The electron configurations of the remaining elements of the principal groups 
are shown in Table 3. 

In each atom, the shells shown on the right of the table in the same line 
and above are completely filled. The electron configuration in the shells 
that are being filled is shown at the top, while the principal quantum number 
of the electrons in these states is shown by the figure on the left of the table 
in the same line. The normal states of the whole atom are shown at the bot- 
tom. Thus, the aluminium atom has the electron configuration 1s? 2s? 2p* 3s? 
3p *P1/2- 

The values of L and S in the normal state of the atom can be determined 
(the electron configuration being known) by means of HuND’s rule (§67), and 
the value of J is determined by the rule given in §72. 


TABLE 3 
Electron configurations of the atoms of elements in the principal groups 


s s? s*p s*p* s*p3 stp! s*p® s*p 6 
n=2 3Li aBe 5B 6C aN 30 oF 10Ne 1s? 

3 | a1Na | 13Mg | 1sAl 148i 15P 169 17Cl rsAr | 2s*2p* 
4] wK 20Ca 35? 3p* 
4] a9Cu 302n 31Ga 3aGe 33As 345e 35br s6Kr 3d? 

5 | s7Rb ggor 4s 4p° 
5 | avAg | asCd | aoIn soon | 519b | seTe | sal saxe | 4d'° 

6 55CS s6ba 5s? 5p8 
6} 79Au soHg sill s2Pb s3Bi 34Po gsAt s6Rn 4f'4 5d" 
7 | g7Fr ssRa 6s? 6p* 


errr | er | ce | | | | | 


The atoms of the inert gases (He, Ne, Ar, Kr, Xe, Rn) occupy a special 
position in the table: the filling up of one of the groups of states listed in 
(73.1) is completed in each of them. Their electron configurations have 
unusual stability (their ionisation potentials are the greatest in their respective 
series). This causes the chemical inertness of these elements. 

We see that the occupation of different states occurs very regularly in the 
series of elements of the principal groups: first the s states and then the p 
states are occupied for each principal quantum number m. The electron 
configurations of the ions of these elements are also regular (until electrons 
from the d and f shells are removed in the ionisation): each ion has the con- 
figuration corresponding to the preceding atom. Thus, the Mgt ion has 
the configuration of the sodium atom, and the Mg*+ ion that of neon. 
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Let us now turn to the elements of the intermediate groups. The filling 
up of the 3d, 4d, and 5d shells takes place in groups of elements called 
respectively the iron group, the palladium group and the platinum group. 
Table 4 gives those electron configurations and terms of the atoms in these 
groups that are known from experimental spectroscopic data. As is seen from 
this table, the d shells are filled up with considerably less regularity than the 
s and p shells in the atoms of elements of the principal groups. Here a 


TABLE 4 


Electron configurations of the atoms of elements in the iron, palladium and 
platinum groups 


Iron group 


215¢c e2Li 23V eaCr e5Mn agFe 27Co asNi 


Ar envelope + 3d 4s? | 3d? 4s? | 3d3 4s? | 3d® 4s | 3d5 452 | 3d® 45? | 3d7 4s? | 3d8 452 


"Ds /2 °Fe ‘Fs /2 "Ss °S's /2 "D4 *Fo/a °F 
ee es Oe 


Palladium group 


39 aoZr | aiNb | a2Mo | asTc 44Ru | asRh | aePd 


rr rt | as | rs | ee | ances | aeneereerennse | eenmrevewteerenaansrey 


Kr envelope + 4d 5s? | 4d? 5s? | 4d* 5s | 4d®°5s |4d5 552] 4d7 5s | 4d8 5s | 4q10 


"Ds je | *Fo "Die | 7S3 6952 | 5Fs "Foz | So 
i 


Platinum group 


57La 


Xe envelope + 5d 6s? 
*Ds/2 


71Lu 7v2Hf | Ta 74W 75Re 76Os alr 7sPt 


Xe envelope 5d 6s? | 5d? 6s? | 5d3 652 | 5d* 6s? | 5d® 652 | 5d® 652 | 5d? 6s2 | 5d® 6s 
+4f 144 


*Ds /2 aK, 4F 3/2 5D °S5 /2 5Da 4F 9/2 8D, 


characteristic feature is the ‘“competition’’ between the s and d states. It is 
seen in the fact that, instead of a regular sequence of configurations of the 
type dP s2 with increasing p, configurations of the type d?+1s or dP+2 are often 
found. Thus, in the iron group, the chromium atom has the configuration 
3d° 4s, and not 3d4 4s?; after nickel with 8 d electrons, there follows at once 
the copper atom with a completely filled d shell (and hence we place this 
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element in the principal groups). This lack of regularity is observed in the 
terms of ions also: the electron configurations of the ions do not usually 
agree with those of the preceding atoms. For instance, the V+ ion has the 
configuration 3d4 (and not 3d? 4s? like titanium); the Fet ion has 3d® 4s 
(instead of 3454s? as in manganese). We may remark that all ions found 
naturally in crystals and solutions contain only d (not s or p) electrons in their 
incomplete shells. Thus iron is found in crystals or solutions only as the 
ions Fett and Fet*++, whose configurations are 3d6 and 3d5 respectively. 

A similar situation occurs in the filling up of the 4f shell; this takes place 
in the series of elements known as the rare earths (Table 5).t The filling up 
of the 4f shell also occurs in a slightly irregular manner characterised by the 
“‘competition’’ between 4/, 5d and 6s states. 

The last group of intermediate elements begins with actinium. In this 
group the 6d and 5f shells are filled, similarly to what happens in the group 
of rare-earth elements (Table 6). 

To conclude this section, let us examine an interesting application of the 
Thomas-Fermi method. We have seen that the electrons in the p shell first 
appear in the fifth element (boron), the d electrons for Z = 21 (scandium), 
and the f electrons for Z = 58 (cerium). These values of Z can be predicted 
by the Thomas-Fermi method, as follows. 

An electron with orbital angular momentum / in a complex atom moves 
with an “effective potential energy” f of 


U(r) = —$(7)+3(0+3)/". 


The first term is the potential energy in an electric field described by the 
Thomas-Fermi potential ¢(r). The second term is the centrifugal energy, 
in which we put (/+ 4)? instead of [(/+-1), since the motion is quasi-classical. 
Since the total energy of the electron in the atom is negative, it is clear that, 
if (for given values of Z and /) U(r) > 0 for all 7, there can be no electrons 
in the atom concerned with the given value of the angular momentum I. If 
we consider any definite value of /and vary Z, it is found that in fact Ur) > 0 
everywhere when Z is sufficiently small. As Z is increased, a value is reached 
for which the curve of U,(r) touches the axis of abscissae, while for larger Z 
there is a region where U,r) < 0. Thus the value of Z at which electrons 
with the given / appear in the atom is determined by the condition that the 
curve of U,(r) touches the axis of abscissae, i.e. by the equations 


Ur) = —¢+4(44)7/? =0, U(r) = —$'(r)—(14-3)/* = 0. 
Substituting here the expression (70.6) for the potential, we obtain the 


equations 
Z78y(x) [x = (4/3m)8(4-3)?/x", 
Z*/3[xy'(x)— x(x) ]/* = —2(4/30)? 904-3)? /2?. 


+ In books on chemistry, lutetium is also usually placed with the rare-earth elements. This, how- 
ever, is incorrect, since the 4f shell is complete in lutetium; it must therefore be placed in the platinum 
group, as in Table 4. 

t As in §70, we use atomic units. 
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Dividing each side of the second equation by the corresponding side of the 


first, we find for x the equation 


= —1/x, 


x'(*)/x() 
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and we then calculate Z from the first of equations (73.2). A numerical 
calculation gives 
Z = 0-155(21-++1)8. 


This formula determines the value of Z for which electrons with a given / 
first appear in the atom; the error is about 10 per cent. 
Very accurate values are obtained by taking the coefficient as 0-17 instead 
of 0-155: 
Z = 0-17(21+1)8. (73.3) 


For / = 1, 2, 3 this formula gives respectively, after rounding to the nearest 
integer, the correct values 5, 21,58. For / = 4, formula (73.3) gives Z = 124; 
this means that g electrons should first appear only in the 124th element. 


§74. X-ray terms 


The binding energy of the inner electrons in the atom is so large that, if 
such an electron makes a transition into an outer unfilled shell (or is removed 
from the atom), the excited atom (or ion) is mechanically unstable with 
respect to ionisation, which is accompanied by the reconstruction of the 
electron envelope and the formation of a stable ion. However, because of the 
comparatively weak interaction between the electrons in the atom, the prob- 
ability of such a transition is comparatively small, so that the lifetime 7 of 
the excited state is long. Hence the ‘“‘width’’ 4/7 of the level (see §44) is so 
small that it is reasonable to regard the energies of an atom with an excited 
inner electron as discrete energy levels of “‘quasi-stationary”’ states of the 
atom. These levels are called X-ray terms.+ 

The X-ray terms are primarily classified according to the shell from which 
the electron is removed, or in which, as we say, a “‘hole”’ is formed. Where 
the electron goes has almost no effect on the energy of the atom, and hence 
is unimportant. 

The total angular momentum of the set of electrons occupying any shell is 
zero. When one electron has been removed, the shell acquires some angular 
momentum j. For the (, 1) shell, the angular momentum j can obviously 
take the values 44. Thus we obtain levels which might be denoted by 
1s, /2, 251/2, 2P1/2, 2P3/e +» Where the value of j is added as a suffix to the 
letter giving the position of the “hole”. It is usual, however, to employ 
special symbols as follows: 


Isyjo 2Syq Pye sya 381g 3 Ptye 3 aye2 «| 3 dgy2 dye 
K Ly In Im MM Mn Mm My My 


The levels with n = 4, 5, 6 are similarly denoted by the letters N, O, P. 
Levels with the same 7 (denoted by the same capital letter) lie close together 


} The name is due to the fact that transitions between these levels cause the emission of X-rays 
by the atom. 
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and at a distance from levels with a different . The reason for this is that, 
owing to the relative nearness of the inner electrons to the nucleus, they are 
in the almost unscreened field of the nucleus, and hence their states are 
“‘hydrogen-like”’; the energy is, to a first approximation, — Z2/2n? (in atomic 
units), i.e. depends only on 2. If relativistic effects are taken into account, 
terms with different 7 are separated (cf. the discussion in §72 of the fine 
structure of the hydrogen levels), such as, for example, Zy and Ly from Lyn, 
and My and My from My and Myy. These pairs of levels are said to be 
regular (or relativistic) doublets. The separation of terms with different J and 
the same j (for instance Ly and Ly, My and Myr) is due to the deviation of the 
field in which the inner electrons move from the Coulomb field of the nucleus, 
i.e. to the taking into account of the interaction of the electron with other 
electrons. ‘These are said to be irregular (or screening) doublets. The main 
correction term to the “hydrogen-like’’ energy of the electron results from 
the potential due to the remaining electrons in the region near the nucleus, 
and is proportional to 74/3 (see (70.8)). However, since this correction does 
not depend on either or /, it does not affect the level spacings. The principal 
correction terms in the level differences are therefore due to the interaction 
of one electron with those adjoining it. Since the distances between the inner 
electrons are r ~ 1/Z (the Bohr radius in the field of a charge Z), the energy 
of this interaction is ~ 1/r ~ Z. Taking this correction into account, we can 
write the energy of an X-ray term, to the same accuracy, as —(Z—68)2/2n?, 
where 6 = 6(n,/) is a quantity small compared with Z, and may be regarded 
as the magnitude of the screening of the nuclear charge. 

Terms with two and three “holes” may exist in the electron shells together 
with the X-ray terms with one “hole”. Since the spin-orbit interaction is 
strong for the inner electrons, the holes are subject to jj coupling. 

The width of an X-ray term is determined by the total probability of all 
possible processes by rearrangement of the electron envelope of the atom so 
as to fill the “‘hole’’ in question. In the heavy atoms, transitions of the hole 
from a given shell to a higher one (i.e. electron transitions in the opposite 
direction) are the most important, and are accompanied by the emission of 
X-ray quanta. The probability of these ‘‘radiative’’ transitions, and therefore 
the corresponding part of the level width, increase very rapidly with the 
atomic number (as Z*) but decrease towards higher levels for a given Z. 

For lighter atoms (and higher levels) an important or even predominant 
part is played by radiationless transitions, in which the energy liberated when 
a hole is filled by an electron from above goes to remove another inner 
electron from the atom (called the Auger effect). As a result of this process 
the atom is in a state with two holes. ‘The probabilities of these processes and 
the corresponding contribution to the level width are independent of the 
atomic number to a first approximation with respect to 1/Z (see the Problem). { 


+ See Volume 4. 
t As an example it may be mentioned that the Auger width of the K level is about 1 eV, and reaches 


values of the order of 10 eV for higher levels. 
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PROBLEM 


Find the limiting law of dependence of the Auger width of X-ray terms on atomic number 
when the latter is sufficiently large. 


SoLuTION. The Auger transition probability is proportional to the square of a matrix 
element of the form 


M= | | ib! #b,* Vibyybod VidV2, 


where #1, #2 and v5 # are the initial and final wave functions of the two electrons involved 
in the transition, and V = e?/r19 is their interaction energy. When Z is sufficiently large, the 
wave functions of the inner electrons may be regarded as hydrogen-like and the screening of 
the field of the nucleus by other electrons may be neglected (the wave function of the ionisa- 
tion electron is also hydrogen-like in the region within the atom which is of importance in the 
integral M). If we carry out the calculations and all quantities are expressed in Coulomb 
units (with the constant « = Ze?; see §36), then the only quantity in the integral M which 
depends on Z is V = 1/Zrig, so that M ~ 1/Z. The transition probability, and therefore the 
Auger width AE of the level, are proportional to 1/Z2. On returning to ordinary units (the 
Coulomb unit of energy being Z?2me*/hi2), we find that AE is independent of Z. 


§75. Multipole moments 


In classical theory, the electrical properties of a system of particles are 
described by its multipole moments of various orders, expressed in terms of 
the charges and co-ordinates of the particles. In the quantum theory, the 
definitions of these quantities are the same in form, but they must now be 
regarded as operators. 

The first multipole moment is the dipole moment, defined as the vector 


d= er, 


where the summation is over all the particles, and the suffix which numbers 
the particles is omitted for brevity. The matrix of this operator, like that of 
any polar vector (see §30), has non-zero elements only for transitions between 
states of different parity. The diagonal elements are therefore always zero. 
In other words, the mean values of the dipole moment of any system of par- 
ticles (e.g. an atom) in stationary states are zero.f 

The same is evidently true of all 2'-pole moments with odd /. The com- 
ponents of such a moment are polynomials of odd degree / in the co-ordinates, 
which, like the components of a polar vector, change sign on inversion of 
the co-ordinates. The same parity selection rule therefore applies. 

The quadrupole moment of a system is defined as the symmetrical tensor 


Qin = Le(3xix~ — Sixx’), (75.1) 


+ To avoid misunderstanding it should be emphasised that this refers to a closed system of particles 
or to a system of particles in a centrally symmetric external electric field. For example, if the nuclei 
are regarded as “‘fixed’’, the above statement is valid for the electrons in an atom, but not for those in 
a molecule. 

It is also assumed that there is no additional (‘“‘accidental’’) degeneracy of the energy level other than 
that with respect to directions of the total angular momentum. If this is not so, wave functions of 
stationary states can be constructed which do not have any definite parity, and the corresponding» 
diagonal elements of the dipole moment need not vanish. 
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the sum of whose diagonal terms is zero. The determination of the values of 
these quantities in a particular state of a system (an atom, say) requires an 
averaging of the operator (75.1) over the corresponding wave function. This 
averaging is conveniently carried out in two stages (cf. §72). 

Let Qi, denote the quadrupole moment operator averaged over the electron 
states with a given value of the total angular momentum J (but not of its com- 
ponent My). The only vector which pertains to the atom as a whole is the 
“vector” J. The only symmetrical tensor operator with zero trace is therefore 
of the form 


‘ 3Q ‘ 

eens ave + Ji fi—Z Pix). 75.2 
Quix oy Si fi—3P 5x) (75.2) 
The constant Q is defined so that Qz, = Q in the state with My = J; this 
quantity is usually called simply the quadrupole moment. 

The operators /; must be regarded as the known matrices of the angular 
momentum with a given value of J but non-diagonal with respect to Mz; the 
operator J? can, of course, be simply replaced by its eigenvalue J( J+ 1). 

For J = 0 (so that My; = 0 also) all the elements of these matrices are 
zero, i.e. the operators vanish identically. This occurs also when J = }. 
This is easily seen by direct multiplication of the Pauli matrices (55.6), 
wh ch are the matrices of the components of any angular momentum equal 
to 4. 

This is no accident, but is a particular case of the general rule that the tensor 
of a 2!-pole moment (with even /) is non-zero only for states of the system 
with total angular momentum J > 3/.+ 


PROBLEMS 


PROBLEM 1. Find the relation between the operators of the quadrupole moment of an 
atom in states corresponding to various components of the fine structure of a level (i.e. states 
with different values of J but given values of L and S). 


SoLuTION. In states with given values of L and S, the operator of the quadrupole moment, 
a purely “‘orbital’’ quantity, depends only on the operator L, and so is given by the same 
formula (75.2) with J replaced by L and with a different constant Q. The operator (75.2) 
is obtained by a further averaging over the state with a given value of J: 


2 30,7 Meads | aa F 
On = yay et Se Si- BIT + Six] 
3 Ss, et 
a Pt Eilat Dab $U(L +1) (1) 


+ This rule is a consequence of the general properties of symmetry with respect to rotations. The 
tensor of the 2'-pole moment D) is an irreducible tensor of rank I (see The Classical Theory of Fields, 
§41); its transformation properties correspond to those of a symmetrical spinor of rank 21 (§58). 
The wave functions ys correspond to a spinor of rank 27. The matrix elements of the operator 
D() are non-zero if, in the integrals which determine them, the integrand (js* D() yz) contains a 
scalar part. This part is obtained by contraction with respect to all pairs of spinor indices, with each 
pair belonging to different factors (gs*, ys and D()); otherwise the result is zero. It is clear that 
such a contraction is possible only if the sum of the numbers of indices in yy and yv* is not less than 
the number of indices in D(), i.e. if 4J 2 21. 
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Itis required to find the relation between the coefficients Qy and Oz. To do so, we multiply 
equation (1) on the left by Jz and on the right by Jz, sum over i and k, and take the eigen- 
values of the diagonal operators. We have 


SibLiSe = (JL), 


2j.L = (J+1)+L(L+1)—S(S+1). 


where, by (31.3), 


The product I Li £; Je can be transformed by means of the formulae 


{Lily} =iewls (fil) = ieam£m, 


as in §29, Problem 2; the result is 
SilaliSe = (J-L)2-J-L. 
SS Sete = (VP), 
SII Se = POP). 


Thus we obtain from (1) the relation 


J LQLL-1)-2J(J+ )L(L+1) 
1 OTE DOTEDLAL=1) oe 


In particular, for S = 4 this formula gives 
Os= O1 for J = L+4, 
(L—1)(2L+3) 


oO oars for J = L—}. 


Similarly 


(3) 


ProsLeM 2. Express the quadrupole moment of an electron (charge —e) with orbital 
angular momentum / in terms of the mean square of its distance from the centre. 


SOLUTION. We have to average the expression 
ag = — er2(3 cos?0—1) = —er2(3n,2—1) 


over a state with given angular momentum / and component m = I. The mean value of the 
angle factor is found immediately from the formula derived in §29, Problem 2 (where /z 
must be replaced by /); the result is 


_ 2a 
gp. 4 
Q= eT 3 (4) 


The sign of this quantity is opposite to that of the electron charge (—e), as it should be: 
a particle moving with an angular momentum in the z-direction is mainly near the plane 
z = 0, and hence cos?@ < }. 

For an electron with a given value of 7 = / + 4, formulae (3) give 


Qy = er?(2j —1)/(2j +2). (5) 
PRoBLEM 3. Determine the quadrupole moment of an atom (in the ground state) in which 


all v electrons in excess of closed shells are in equivalent states with orbital angular momen- 
tum 1. 
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SOLUTION. Since the total quadrupole moment of completed shells is zero, the quad- 
ruple moment operator of the atom is given by the sum 


: 3er2 ae 
OK = apa | Me lela 1b | 


taken over the v outer electrons (here we have used formula (4)). 

Let us first suppose that vy < 2/+1, i.e. at most half the places in the shell are occupied. 
Then, by Hunp’s rule (§67), the spins of all the v electrons are parallel (so that S = 4). 
This means that the spin wave function of the atom is symmetrical, and the co-ordinate 
wave function therefore antisymmetrical, with respect to these electrons. Thus the electrons 
must all have different values of m, so that the greatest possible value of Mz (and the value 
of LZ, which is the same) is 


U 
L = (Mz) max = x] m = 4r(21—v+1). 
m=l—r+1 


The required Qz is the eigenvalue Q.2 for Mz = L. We therefore have 


L 


>, ®-MC+1)], 
+1 


=l—-y 


= ber? 
n= (21=1)(21+3)_ 


whence, on calculating the sum, 


2U(21—2v-+1) — 
L= ———____—_——_-er?, 
(21—1)(21+3) 


The final change from Qz to Q, is effected by means of formula (2). 

The case of an atom whose outer shell is more than half filled is reduced to the previous 
one by considering “‘holes’’ instead of electrons: the result is therefore given by the same 
formula (6) with the opposite sign (the “hole’’ charge being +e), v being now taken not as 
the number of electrons but as the number of unoccupied places in the shell. 


ProBLem 4. Determine the quadrupole splitting of the levels in an axially symmetric 
external electric field. 


SOLUTION. Owing to the axial symmetry of the field (taking the axis of symmetry to be 
the z-axis) we have 674/@x2 = 624/ay2, where ¢ is the field potential, and Ad = 0 from the 
electrostatic equation; hence &¢/@z2 = —2é%4/@x2. The Hamiltonian of the quadrupole 
moment in the external field ist 

3 


ah 
H= 6 
2 


=1 Oxy OX; 


tks 
whence in this case 
H = A(fzt+Jy?)—-24f2 
= A(Pe—3f 2), 
Do ah 
~ 2I(2J—1) ax?. 
Replacing the operators by their eigenvalues, we obtain the displacement of the levels: 


AE = A{J(J+1)-3M,?]. 


t A similar problem for an arbitrary field is discussed in §103, Problem 5. 
t See The Classical Theory of Fields, §42. 
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§76. The Stark effect 


If an atom is placed in an external electric field, its energy levels are altered ; 
this phenomenon is known as the Stark effect. 

In an atom placed in a homogeneous external electric field, we have a 
system of electrons in an axially symmetric field (the field of the nucleus 
together with the external field). The total angular momentum of the atom 
is therefore, strictly speaking, no longer conserved; only the projection My 
of the total angular momentum J on the direction of the field is conserved. 
The states with different values of My have different energies, i.e. the electric 
field removes the degeneracy with respect to directions of the angular 
momentum. The removal is, however, incomplete: the states differing only 
in the sign of M, are degenerate as before. For an atom in a homogeneous 
external electric field is symmetrical with respect to reflection in any plane 
passing through the axis of symmetry (i.e. the axis passing through the nucleus 
in the direction of the field; we shall take this as the z-axis). Hence the states 
obtained from one another by such a reflection must have the same energy. 
On reflection in a plane passing through some axis, however, the angular 
momentum about this axis changes sign (the direction of a positive revolution 
about the axis becomes that of a negative one). 

We shall suppose that the electric field is so weak that the additional energy 
due to it is small compared with the distances between neighbouring energy 
levels of the atom, including the fine-structure intervals. Then, in order to 
calculate the displacement of the levels in the electric field, we can use the 
perturbation theory developed in §§38 and 39. Here the perturbation 
operator is the energy of the system of electrons in the homogeneous field &, 


and this is 
V= —d. &= —€d,, (76.1) 


where d is the dipole moment of the system. In the zeroth approximation, 
the energy levels are degenerate (with respect to directions of the total angular 
momentum); in the present case, however, this degeneracy is unimportant, 
and in applying perturbation theory we can proceed as if we were dealing 
with non-degenerate levels. This follows from the fact that, in the matrix 
of the quantity d, (as in that of the z-component of any vector), only the 
elements for transitions without change of /z are not zero (see§29), and hence 
states with different values of M behave independently when perturbation 
theory is applied. 

The displacement of the energy levels is determined, in the first approxi- 
mation, by the diagonal matrix elements of the perturbation. But all the 
diagonal matrix elements of the dipole moment vanish identically (§75). 
Thus the splitting of the levels in an electric field is a second-order effect 
and is proportional to the square of the field.t It must be calculated according 


T The hydrogen atom forms an exception; here the Stark effect is linear in the field (see the next 
section). The atoms of other elements, when in highly excited states (and therefore hydrogen-like; 
see §68), behave like hydrogen in sufficiently strong fields. 
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to the general rules of perturbation theory, but the dependence of the dis- 
placement of the levels on the quantum number My can be established from 
more general considerations. 

Being quadratic in the field, the displacement AE, of the level E,, must be 
of the form 


AE, = — 4a MEVEr, (76.2) 


where oj‘) is a symmetrical tensor of rank two; taking the z-axis in the 
direction of the field, we obtain 


AEn = —}a 2462, (76.3) 


The tensor «i is specific to the (unsplit) level concerned, and depends 
also on the number Mj. The values of «;,) for various values of My can 
be regarded as eigenvalues of the operator 


din™ = ondiz + Bn( SiSut+Susi—2oin)2)- (76.4) 


This is the most general symmetrical tensor of rank 2 depending on the 
vector J (cf. §75). From (76.3) and (76.4) we have 


AEn = —46%an+ 28n[Ms?—$J(J+1)]}. (76.5) 


It may be noted that, on summation over all values of M,, the second term 
in the braces vanishes, so that the first term is the displacement of the 
“centre of gravity” of the split level. Moreover, according to (76.5) a level 
with J = 4 remains unsplit, in accordance with Kramers’ theorem (§60). 

The tensor «¢) which appears in the above formulae is also the polaris- 
ability of the atom in the external electric field. According to a general 
formula, 

(@H/@)nn = OE n/OA 


(see §11, Problem). Taking the parameters A to be the components of the 
vector & and putting H = Ho—@.d, we find for the mean value of the dipole 
moment of the atom 


iP = «Mby. (76.6) 


If the atom is in a non-uniform external field (which varies only slightly 
over the dimensions of the atom), there can also exist a splitting effect linear 
in the field, due to the quadrupole moment of the atom. The operator of the 
quadrupole interaction between the system and the field has the form which 
corresponds to the classical expression} for the quadrupole energy: 


tks (76.7) 


t See The Classical Theory of Fields, §42. 


76§ The Stark effect 267 


where ¢ is the potential of the electric field (the derivatives being understood 
to be taken at the position of the atom). 

We can, in particular, apply this formula to a neutral atom in the field of 
an electron which is at a distance large compared with atomic dimensions. 
Then the field of the electron at the position of the atom satisfies the con- 
dition of quasi-uniformity, and in the first approximation of perturbation 
theory we find that the energy of interaction between the electron and the 
atom is proportional to 1/r3 (since ¢ ~ 1/r). 

This result applies, however, only to states with given values of the com- 
ponent M, of the total angular momentum. On averaging over all directions 
of the angular momentum (i.e. over all values of M7), the interaction pro- 
portional to 1/r? vanishes, since Oy = 0. Furthermore, this interaction does 
not exist if the angular momentum J of the atom is 0 or 4, since then Qi = 0; 
see §75. 

The next term in powers of 1/r, which is never zero, is the interaction which 
appears in the second-order perturbation theory with respect to the dipole 
operator (76.1). Since the field of the electron & ~ 1/r?, the energy U of this 
interaction is proportional to 1/r4. If the atom is in the normal state, this 
energy (like any second-order correction to the energy of the ground state; 
see §38) is negative, i.e. there is a force of attraction between the atom and 
the electron. 

This attraction is the reason why some atoms are able to form negative 
ions by the attachment of an electron. This property is not shared by all 
atoms, however, the reason being that, in a field which decreases at large 
distances as 1/r4 (or 1/r3), the number of levels (corresponding to a finite 
motion of the electron) is always finite, and in some cases there may be no 
such levels. 


PROBLEMS 


Pros_eM 1. Determine the Stark splitting of the different components of a multiplet 
level as a function of J. 


SOLUTION. ‘The problem is conveniently solved by changing the order in which the per- 
turbations are applied; we first consider the Stark splitting of the level in the absence of fine 
structure, and then bring in the spin-orbit interaction. Since the spin of the atom does not 
interact with the external electric field, the Stark splitting of a level with orbital angular 
momentum L is given by a formula of the same form (76.2), with a tensor &ix which is ex- 
pressed in terms of the operator L in the same way as ox in (76.4) is expressed in terms of J: 


eae = OS, + (Lily t+ LyLi—285uL), 


the suffixes n being everywhere omitted. When the spin-orbit interaction is included, the 
states of the atom must be described by the total angular momentum J. The averaging of 
the operator x over states with a given value of the angular momentum J (but not of its 
component My) is formally identical with the averaging carried out in §75, Problem 1. We 

hus return to formulae (76.4), (76.5), with constants «,8 which are given in terms of the 


+ For example, the halogen atoms attach an electron with a binding energy of the order of 2 to 4 eV, 
and the hydrogen atom does so with a binding energy 0°7 eV. 
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constants a, b by 
3J.L[2J.L—1]—2J/(J+1)L(L+1) 
JI+1(2J-102J+3) 


This determines the splitting as a function of J (but not of Z and S, of course; these are 
characteristics of the unsplit term on which the constants a and 6 also depend). 


PROBLEM 2. Determine the splitting of a doublet level (spin SS = 4) in an arbitrary 
(not weak) electric field. 


SoLuTion. If the splitting is not small in comparison with the interval between the 
components of the doublet, the perturbation from the electric field and the spin-orbit inter- 
action must be taken into account simultaneously, i.e. the perturbation operator is the sum 


V = ASL—46%a+ 20[f 2—4L(L+1)} 


(cf. (72.4) and Problem 1). Omitting the constant terms which do not affect the splitting, 
we can write this operator in the form 


V =44(S,£_+ $_£,428,£,-b622] 


(see (29.11)). For each given value of M, the eigenvalues of this operator are determined by 
the roots of the secular equation formed from its matrix elements with respect to the states: 


(1) Mz = M;-3, Ms = 3, 
(2) M, = M;+}, Ms = —}. 
From formulae (27.12) we find 
Vir = ¢4(Mz—})—bE*{Mz—-})*, 
Veo = —4A4(Mz+4)—b62(M7+4+4)2, 
Vie = gAv/[(L+ My +4)(L— M+). 
Thus (see §39, Problem 1) the level displacement is 
AE = —b&2Mj? + »/[4A2(L+4)2+b€ 2(b&2+4 A)M,;?), (1) 


e=a, p= 


where all terms which are the same for all components of the split doublet are omitted. 
This formula (with both signs of the root) applies to all levels with |Mz| < L—4. For 
M; = L+4 (or My = —(L+}4)) there is no state 2 (or 1); for this level the displacement is 
given simply by the matrix element Vi1 (or V29), i.e., with the same choice of the additive 
constant as in (1), 


AE = ($A+b€2)(L+4)—b€AL+4)2. (2) 


This is the same as the result obtained from formula (1) with only one sign of the root. 

PROBLEM 3. Determine the quadrupole splitting of levels in an axially symmetric electric 
field. 

SoLuTIon. In a field symmetrical about the z-axis we have 6%¢/0x? = 024/Oy2 = a, 
4/02" = —2a, the remaining second derivatives being zero. The quadrupole energy 
operator (76.7) is 

Qoa 


a, i ‘e “ 
G (Gas + Qyy—2Q2z) = Foray 2— 3] 27). 


Replacing the operators by their eigenvalues, we obtain for the displacement of the levels 
B= a1 +1)—3Ms"I 
2J(2J—-1) 
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§77. The Stark effect in hydrogen 


The levels of the hydrogen atom, unlike those of other atoms, undergo 
a splitting proportional to the field (the near Stark effect) in a uniform 
electric field. This is due to the occurrence of an accidental degeneracy in 
the hydrogen terms, whereby states with different J (for a given principal 
quantum number 7) have the same energy. The matrix elements of the dipole 
moment for transitions between these states are not zero, and hence the secular 
equation gives a non-zero displacement of the levels, even in the first approxi- 
mation. 

For purposes of calculation} it is convenient to choose the unperturbed 
wave functions so that the perturbation matrix is diagonal with respect to 
each group of mutually degenerate states. It is found that this is achieved 
by quantising the hydrogen atom in parabolic co-ordinates. The wave func- 
tions by n,m Of the stationary states of the hydrogen atom in parabolic co- 
ordinates are given by formulae (37.15) and (37.16). 

The perturbation operator} (the energy of an electron in the field @) is 
&z = 4 &(€—7); the field is directed along the positive z-axis, and the force 
on the electron along the negative z-axis. We are interested in the matrix 
elements for transitions 2,n,m -> n,'Nq'm’, for which the energy (i.e. the prin- 
cipal quantum number 7) is unaltered. It is easy to see that, of these, only 
the diagonal matrix elements 


ow Qe 


f Wenyl2Ez dV =3& [ff (C—n bn ineml® Added 
=4é i | Fz m?(P1) fng m*(P2)(P1°>— Ps”) Spidpe (77.1) 


are non-zero (we have made the substitution € = mp,, 7 = mpg). The matrix 
concerned is evidently diagonal with respect to the number m, while its 
diagonality with respect to the numbers 1,, 7, follows from the orthogonality 
of the functions fy, m for different m, and the same n (see below). The integra- 
tions over p, and p, in (77.1) are separable; the integrals obtained are calcu- 
lated in §f of the Mathematical Appendices (integral (f.6)). After a simple 
calculation, we find for the corrections to the energy levels in the first approxi- 
mation || 

E® = 36n(n,—n), (77.2) 


or, in absolute units, 


EY = 8n(ny—n,)e€h?|me*. 


+ In the following calculations we do not take account of the fine structure of the hydrogen levels. 
Hence the field must be, though not strong (for perturbation theory to be applicable), yet such that 
the Stark splitting is large in comparison with the fine structure. 

£ In this section we use atomic units. 

|| This result was derived by K. ScHwaRzSCHILD and P. EpsTgIN (1916), using the old quantum 
theory, and by W. Pau and E. Scur6pincerR (1926) using quantum mechanics. 
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The two extreme components of the split level correspond to n, = n—1, 
nz = 0 and n, = 0, n»=n—1. The distance between these two extreme 
levels is, by (77.2), 

3&n(n—1), 


i.e. the total splitting of the level by the Stark effect is approximately pro- 
portional to n?. It is natural that the splitting should increase with the prin- 
cipal quantum number: the further the electrons are from the nucleus, the 
greater the dipole moment of the atom. 

The presence of the linear effect means that, in the unperturbed state, the 
atom has a dipole moment whose mean value is 


d, = —3n(m—n,). (77.3) 


This is in accordance with the fact that, in a state determined by parabolic 
quantum numbers, the distribution of the charges in the atom is not sym- 
metrical about the plane z = 0 (see §37). Thus, for 2, > m,, the electron is 
predominantly on the side of positive z, and hence the atom has a dipole 
moment opposite to the external field (the charge on the electron being 
negative). 

In the previous section we have shown that a uniform electric field cannot 
entirely remove degeneracy: there always remains a twofold degeneracy of 
states differing in the sign of the projection of the angular momentum on the 
direction of the field (in this case, states whose projected angular momenta 
are + m). However, we see from formula (77.2) that even this removal of 
the degeneracy does not occur in the linear Stark effect in hydrogen: the 
displacement of the levels (for given 2 and m1 — ng) is independent of m and ng. 
A further removal of the degeneracy occurs in the second approximation; 
the calculation of this effect is the more interesting in that the linear Stark 
effect is altogether absent in states with 1 = mo. 

To calculate the quadratic effect, it is not convenient to use ordinary 
perturbation theory, since it would be necessary to deal with infinite sums 
of complicated form. Instead we use the following slightly modified method. 

SCHRODINGER’s equation for the hydrogen atom in a uniform electric 
field is of the form 

(GA +E+ 1/r—&z)p = 0. 


Like the equation with & = 0, it allows separation of the variables in 
parabolic co-ordinates. The same substitution (37.7) as was used in §37 
gives the two equations 


(2) + (wetter) = —Bify 


d/ df, a ee 
a (rae + (abr ae Vf Sey 


dy 
By +Be = 1 


(77.4) 
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which differ from (37.8) by the presence of the terms in &. We shall regard 
the energy E in these equations as a parameter which has a definite value, 
and the quantities B,, B. as eigenvalues of corresponding operators; it is easy 
to see that these operators are self-conjugate. These quantities are deter- 
mined, by solving the equations, as functions of E and @, and then the condi- 
tion B1+f2 = 1 gives the required relation between E and @, i.e. the energy 
as a function of the external field. 

For an approximate solution of equations (77.4), we regard the terms con- 
taining the field & as a small perturbation. In the zeroth approximation 
( & = 0), the equations have the familiar solutions 


ih = Vefn, m(Ee)s 


(77.5) 
h= Vefn, m(N€)s 


where the functions f,, » are the same as in (37.16), and instead of the energy 
we have introduced the parameter 7 


e = (—2E). (77.6) 


The corresponding values of f,, Bz (from the equations (37.12), in which n 
must be replaced by 1/€) are 


BL = (m+3]m|+4)e, Bs = (me+4m|+4)e. (77.7) 


The functions f, with different », for a given ¢ are orthogonal, as are the eigen- 
functions of any self-conjugate operator; we have already used this fact above 
in discussing the linear effect. In (77.5) these functions are normalised by 
the conditions 


[rede =, fsgdn=1. 
0 0 


The corrections to , and f, in the first approximation are determined by 
the diagonal matrix elements of the perturbation: 


BO = 1é J &f,7dé, Bx = —1é J 1°f2?dn. 


Calculation gives 


B,? =48(6n,2+6n,]m| +-m?-+ 6n,+3]m| +2)/e. 


The expression for B,% is obtained by replacing ”, by 7, and changing the 
sign. 
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In the second approximation we have, by the general formulae of perturba- 
tion theory, 


2 2 2 
anf > __Metnndt 

16, A, Bim) —Bi™m’) 
The integrals appearing in the matrix elements (€"),.n, are calculated in §f 
of the Mathematical Appendices. The only non-zero elements are 


(2) nna = (Dna, = —2(2ra+ ||) [ral [mal Ye, 
(2)n, na = (2)m-am, = Vital —1) (m+ |e) (044+ | m| —1) Yet. 
The differences occurring in the denominators are 


By"(4)—B(1') = €(—M'). 


As a result of the calculations we have 


By? = — &?(|m| +20, + 1)[4m?+ 17(2|m|n,-+2n,2+|m| +-2n,)-+18]/16e5; 


the expression for 8,@) is obtained by replacing , by mg. Combining the 
expressions obtained and substituting in the relation 8,+, = 1, we have 
the equation 


en— 6?n[17n?4-51(ny—mg)*— 9m? + 19]/1684+3En(n,—n,)/2 = 1. 


Solving by successive approximations, we have in the second approximation 
for the energy E = —}é? the expression 


1 6 
E = —> + 48n(m,—nq)—— a8 17n?—3(n,—1,)? 9-19]. (77.8) 
n 


The second term is the already familiar linear Stark effect, and the third is 
the required quadratic effect (G. WENTZEL, I. WALLER and P. EpsTEIn 1926). 
We notice that this quantity is always negative, i.e. the terms are always 
displaced downwards by the quadratic effect. The mean value of the dipole 
moment is obtained by differentiating (77.8) with respect to the field; in the 
states with 21 = no it is 


d, = 4n'(17n2—9m?-+19)€. (77.9) 


Thus the polarisability of the hydrogen atom in the normal state (n=1, m==0) 
is 9/2 (in absolute units 9( #?/me?)3/2). 

The absolute value of the energy of the hydrogen terms falls rapidly as the 
principal quantum number 7 increases, while the Stark splitting is increased. 
Hence it is of interest to examine the Stark effect for highly excited levels in 
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fields so strong that the splitting they cause is comparable with the energy 
of the level itself, and perturbation theory is inapplicable.t This can be done 
by using the fact that states with large values of m are quasi-classical. 

By the substitution 


fi =xulvé, fa = XelV0 (77.10) 
the equations (77.4) are brought into the form 
d?x4 B, m— 
E+—— —-1é = 0, 
a+ +; 462 4 a) 
(77.11) 
d?X2 - p, m—1 é 
Se eee n)ta = 0 


Each of these equations, however, is the same in form as the one-dimensional 
ScHRODINGER’s equation, the part of the total energy of the particle being 
taken by 4£, and that of the potential energy by the functions 


U,(é) = ——+ +48, 
2 8é 
(77.12) 
70 eee ee 
2\7] 2n Sn? n 


respectively. 
Figs. 25 and 26 respectively show the approximate form of these functions 
(for m > 1). By Bonr and SOMMERFELD’s quantisation rule (48.2) we write 


&s 
| vewE—UYOp dé = +4), 
id (77.13) 


J V(RE—Ug(n)]} dy = (rat 4)2, 


where n,, m, are integers.t These equations determine implicitly the depen- 
dence of the parameters f, and B, on E. Together with the equation 6, +8,=1, 
they therefore give the energies of the levels when displaced by the electric 
field. The integrals in equations (77.13) can be reduced to elliptic integrals; 
these equations can be solved only numerically. 


The applicability of perturbation theory to high levels requires the perturbation to be small only 
in comparison with the energy of the level itself (the binding energy of the electron), and not with the 
intervals between the levels. For in the quasi-classical case (which corresponds to highly excited 
states) the perturbation can be regarded as small if the force due to it is small in comparison with those 
acting on the particle in the unperturbed system; and this condition is equivalent to the one given 
above. 

+ A detailed investigation shows that a more exact result is obtained by writing m? instead of m?—1 
in the expressions for U, and U,. The integers m,, m, are then equal to the parabolic quantum numbers. 
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Fic, 25 


The Stark effect in strong fields is complicated by another phenomenon, 
the ionisation of the atom by the electric field. The potential energy &z of 
an electron in the external field takes arbitrarily large negative values as 
2 -> —0oo. Added to the potential energy of the electron within the atom, 
it has the effect that the region of possible motion for the electron (whose 
total energy E is negative) includes, besides the region inside the atom, the 
region of large distances from the nucleus in the direction of the anode. 
These two regions are separated by a potential barrier, whose width dimin- 
ishes as the field increases. We know, however, that in quantum mechanics 
there is always a certain non-zero probability that a particle will penetrate a 
potential barrier. In the case we are considering, the emergence of the elec- 
tron from the region within the atom, through the barrier, is simply the 
ionisation of the atom. In weak fields the probability of this ionisation is 
vanishingly small. It increases exponentially with the field, however, and 
becomes considerable in fairly strong fields.} 


Fic. 26 


+ This phenomenon may serve to illustrate how a small perturbation may alter the nature of the 
energy spectrum. Even a weak field @ is sufficient to create a potential barrier and produce a region, 
far from the nucleus, which is in principle accessible to the electron. Asa result, the motion of the 
electron becomes, strictly speaking, infinite, and hence the energy spectrum becomes continuous 
instead of discrete. Nevertheless, the formal solution obtained by the methods of perturbation theory 
has a physical significance: it gives the energy levels of states which are not quite but “‘almost’’ station- 
ary. An atom that is in such a state at some initial instant remains in it for a long period of time. 

However, the series given by perturbation theory for the Stark splitting of the levels cannot be 
convergent in the strict sense, but is merely an asymptotic series: after a certain point in the series 
{which becomes later as the perturbation is reduced in magnitude) the terms increase, not decrease. 
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PROBLEM 


Determine the probability (per unit time) of the ionisation of a hydrogen atom (in the 
ground state) in a strong electric field. 


SOLuTION. In parabolic co-ordinates there is a potential barrier “along the 7 co-ordinate’’ 
(Fig. 26); the “extraction”? of the electron from the atom in the direction z —» —0o 
corresponds to its passage into the region of large 7. To determine the ionisation probability, 
it is necessary to investigate the form of the wave function for large 7 (and small ¢; we shall 
see below that small values of € are the important ones in the integral which determines the 
total probability current for the emerging electron). The wave function of the electron in the 
normal state (in the absence of the field) is 


b= e—€4+)/2 |4/7. (1) 


When the field is present, the dependence of % on é in the region in which we are interested 
can be regarded as being the same as in (1), while to determine its dependence on 7 we have 
the equation 


st[-1+5 ty +169 fx = =0, (2) 


where x = Vn (equation (77.11) with E = —4, m = 0, 8, = 4). Let 7) be some value of 7 
(“within’’ the barrier) such that 1< y)»>< 1/@. For 7 2 mo, the wave function is quasi- 
classical. Since, on the other hand, equation (2) has the form of the one-dimensional 
SCHRGDINGER’s equation, we can use formulae (50.4). Using the exact expression (1) for 
the wave function at the point 7 = 7, we obtain in the region outside the barrier the expres- 
sion 


1 
x= rae v9 ie <expli [pant 217], 


No 


b(n) = J [ -1+- +o +isn | 


We shall be interested only in the square |x|?._ Hence the imaginary part of the exponent is 
unimportant. Denoting by y, the root of the equation p(7) = 0, we have 


3 70 _¢|Pol * 
[x|? = te-§—* exp[—2 | | p] dy—no]- 
7 p ; 


where 


In the coefficient of the exponential we put 


lPol = 4,0 & 3V(En—1); 


in the exponent we must keep also the next term of the expansion: 


Ix]? = Te aay P| Jvorenan | aaa nm | 


where 7, ~ 1/@. Effecting the integration and neglecting 7,5 compared with 1 wherever 
possible, we obtain 


4 
Ix]? =e? —__ _.. (3) 
7 


Io 


276 The Atom §77 


The total probability current through a plane perpendicular to the z-axis (i.e. the required 
ionisation probability w) is 


[oe] 
w= | |b|?v,27r dr. 
0 


For large 7 (and small £) we can put 


dr = dv/(En) & $V/(n/6) dé. 


Substituting also for the velocity of the electron 


v, = V[2—-34+36)] = V(en—1), 


we have 
wo = | |xl’rv(En—1) dé 


pone | 
= —¢-2/88 | e€ dé, 
é 0 


that is, finally, 
w = (4/P)e 2/86, 


or, in ordinary units, 


w= (4m3e9/Ch)exp (—2m2e5/3 Ch). 


CHAPTER XI 


THE DIATOMIC MOLECULE 


§78. Electron terms in the diatomic molecule 


In the theory of molecules an important part is played by the fact that the 
masses of atomic nuclei are very large compared with those of the electrons. 
Because of this difference in mass, the rates of motion of the nuclei in the 
molecule are small in comparison with the velocities of the electrons. This 
makes it possible to regard the motion of the electrons as being about fixed 
nuclei placed at given distances from one another. On determining the 
energy levels U,, for such a system, we find what are called the electron terms 
for the molecule. Unlike those for atoms, where the energy levels were 
certain numbers, the electron terms here are not numbers but functions of 
parameters, the distances between the nuclei in the molecule. The energy 
U,, includes also the electrostatic energy of the mutual interaction of the nu- 
clei, so that U,, is essentially the total energy of the molecule for a given 
arrangement of the fixed nuclei. 

We shall begin the study of molecules by taking the simplest type, the 
diatomic molecules, which permit the most complete theoretical investigation. 

One of the chief principles in the classification of the atomic terms was 
the classification according to the values of the total orbital angular momen- 
tum L. In molecules, however, there is no law of conservation of the total 
orbital angular momentum of the electrons, since the electric field of several 
nuclei is not centrally symmetric. 

In diatomic molecules, however, the field has axial symmetry about an 
axis passing through the two nuclei. Hence the projection of the orbital 
angular momentum on this axis is here conserved, and we can classify the 
electron terms of the molecules according to the values of this projection. 
The absolute value of the projected orbital angular momentum along the 
axis of the molecule is customarily denoted by the letter A; it takes the values 
0,1, 2,.... The terms with different values of A are denoted by the capital 
Greek letters corresponding to the Latin letters for the atomic terms with 
various L. ‘Thus, for A = 0, 1, 2 we speak of X, II and A terms respectively ; 
higher values of A usually need not be considered. 

Next, each electron state of the molecule is characterised by the total spin 
S of all the electrons in the molecule. If S is not zero, there is degeneracy 
of degree 2S +1 with respect to the directions of the total spin.t The number 
2S +1 is, as in atoms, called the multiplicity of the term, and is written as an 
index before the letter for the term; thus 3II denotes a term with A = 1, 
S = 1. 

{ We here neglect the fine structure due to relativistic interactions (see §§83 and 84 below). 
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Besides rotations through any angle about the axis, the symmetry of the 
molecule allows also a reflection in any plane passing through the axis. If 
we effect such a reflection, the energy of the molecule is obviously unchanged. 
The state obtained from the reflection is, however, not completely identical 
with the initial state. For, on reflection in a plane passing through the axis 
of the molecule, the sign of the angular momentum about this axis is changed. 
Thus we conclude that all electron terms with non-zero values of A are doubly 
degenerate: to each value of the energy, there correspond two states which 
differ in the direction of the projection of the orbital angular momentum on 
the axis of the molecule. In the case where A = 0 the state of the molecule 
is not changed at all on reflection, so that the & terms are not degenerate. 
The wave function of a & term can only be multiplied by a constant as a 
result of the reflection. Since a double reflection in the same plane is an iden- 
tity transformation, this constant is +1. Thus we must distinguish & terms 
whose wave functions are unaltered on reflection and those whose wave 
functions change sign. The former are denoted by +, and the latter by 2-. 

If the molecule consists of two similar atoms, a new symmetry appears, 
and with it an additional characteristic of the electron terms. A diatomic 
molecule with identical nuclei has a centre of symmetry at the point bisecting 
the line joining the nuclei.t (We shall take this point as the origin.) Hence 
the Hamiltonian is invariant with respect to a simultaneous change of sign 
of the co-ordinates of all the electrons in the molecule (the co-ordinates of the 
nuclei remaining unchanged). Since the operator of this transformation{ 
also commutes with the orbital angular momentum operator, we have the 
possibility of classifying terms with a given value of A according to their 
parity: the wave functions of even (g) states are unchanged when the co- 
ordinates of the electrons change sign, while those of odd (u) states change sign. 
The suffixes u, g indicating the parity are customarily written with the letter 
for the term: II, Ig, and so on. 

Finally, we shall mention an empirical rule, according to which the normal 
electron state in the great majority of chemically stable diatomic molecules 
is completely symmetrical: the electron wave function is invariant with 
respect to all symmetry transformations in the molecule. As we shall show 
in §81, the total spin S is zero too, in the great majority of cases, in the 
normal state. In other words, the ground term of the molecule is 12+, and 
it is 1+, if the molecule consists of two similar atoms.|| 


PROBLEM 


‘ Effect the separation of variables in SCHRODINGER’s equation for the electron terms of the 
ion Hat, using elliptic co-ordinates. 


+ It has also a plane of symmetry perpendicularly bisecting the axis of the molecule. This element 
of symmetry need not be considered separately, however, since the existence of such a plane follows 
automatically from the existence of a centre of symmetry and of an axis of symmetry. 

{ Not to be confused with that of inversion of the co-ordinates of all the particles in the molecule 
(cf. §86). 

|| Exceptions to these rules are formed by the molecules O, (whose normal term is ?Z-g) and NO 
(normal term *IT). 
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SOLUTION. SCHRGDINGER’s equation for an electron in the field of two protons at rest 
is (using atomic units) 


a¥+2(e+—+—\y EG; 


71 
The elliptic co-ordinates £, 7 are defined by 
=(n+7)/R, yq=(r—-n)/R; 1<€< 0, -1<< il, 


and the third co-ordinate ¢ is the angle of rotation about an axis passing through the two 
nuclei at a distance R apart.t| The Laplacian operator in these co-ordinates is 


1 02 
oe meal gt +7 “5, * R11 — a) OF 
Putting 
b= X(E)YV(n)et4, 


we obtain for X and Y the equations 


Sens + (RBRIE+2RE+ A- ie )x=0 
dé dé ; ; on ra 


: 1 | ( 4ER22—A = ) Y=0 
— a — + — — pene, = U, 
dy I : dy 7 1—7? 


where A is the separation parameter. 

Each electron term is described by three quantum numbers: A, and two numbers ng, ny 
which determine the number of zeros of the functions X(£) and Y(n). Since all these numbers 
are related to functions of different variables, there is in general nothing to prevent the inter- 
section of terms E(R) having different values of any two quantum numbers, including the 


pair nz, mn with the same A, even though such terms have the same symmetry (see the footnote 
to §79). 


§79. The intersection of electron terms 


The electron terms in a diatomic molecule are functions of a single para- 
meter, the distance 7 between the nuclei. They can be represented graphically 
by plotting the energy as a function of r. It is of considerable interest to 
examine the intersection of the curves representing the different terms. 

Let U,(r), U,(r) be two different electron terms. If they intersect at some 
point, then the functions U, and U, will have neighbouring values near this 
point. To decide whether such an intersection can occur, it is convenient to 
put the problem as follows. Let us consider a point ry where the functions 
U,(r), U,(r) have very close but not equal values (which we denote by Fj, E,), 
and examine whether or not we can make U, and U, equal by displacing the 
point a short distance 67. The energies Ey and £, are eigenvalues of the 
Hamiltonian H, of the system of electrons in the field of the nuclei, which 
are ata distance: r) from each other. If we add to the distance r, an increment 


+ See Mechanics, §48. 
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57, the Hamiltonian becomes H,+V, where V = 6r . 0H,/dr is a small cor- 
rection; the values of the functions U,, U, at the point 7)+67 can be regarded 
as eigenvalues of the new Hamiltonian. This point of view enables us to 
determine the values of the terms U,(r), U,(r) at the point 7)+ 67 by means of 
perturbation theory, V being regarded as a perturbation to the operator 

0 

The ordinary method of perturbation theory is here inapplicable, however, 
since the eigenvalues E,, E, of the energy in the unperturbed problem are very 
close to each other, and their difference is in general small compared with the 
magnitude of the perturbation; the condition (38.8) is not fulfilled. Since, 
in the limit as the difference E, —E, tends to zero, we have the case of degener- 
ate eigenvalues, it is natural to attempt to apply to the case of close eigenvalues 
a method similar to that developed in §39. 

Let %,, %» be the eigenfunctions of the unperturbed operator H, which 
correspond to the energies £,, F,. As an initial zero-order approximation we 
take, instead of , and , themselves, linear combinations of them of the form 


bb = Cyt cobs. (79.1) 
Substituting this expression in the perturbed equation 
(A,+0)p= BY, (79.2) 
we obtain 
€(E,+V —E)p, +c, E,+V—E), = 0. 


Multiplying this equation on the left by %,* and 42* in turn, and integrating, 
we have two algebraic equations: 


CE, +Vy— £)+c.V i. = 0, 
€1V 91 +09(E2 + Vo.—E) = 0, 


(79.3) 


where V,, = f b,*Vib,, dg. Since the operator V is Hermitian, the quantities 
V,, and V,» are real, while V;. = V.,*. ‘The compatibility condition for these 
equations is 
E,\tVy—E Vip 
Voy E,+Vo.—E 


whence we obtain after some calculation 
E= #(£,+£,+ Vist Vox) tV/ [(2,—E.+ Vy- Voo)?-+| V»\"]. (79.4) 


This formula gives the required eigenvalues of the energy in the first approxi- 
mation. 

If the energy values of the two terms become equal at the point r)+6r 
(i.e. the terms intersect), this means that the two values of E given by formula 
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(79.4) are the same. For this to happen, the expression under the radical in 
(79.4) must vanish. Since it is the sum of two squares, we obtain, as the 
condition for there to be points of intersection of the terms, the equations 


E,—£.+ Vi Van = 0, Vie = 0. (79.5) 


However, we have at our disposal only one arbitrary parameter giving the 
perturbation V, namely the magnitude 47 of the displacement. Hence the 
two equations (79.5) cannot in general be simultaneously satisfied (we sup- 
pose that the functions y,, y. are chosen to be real, so that Vj, also is real). 

It may happen, however, that the matrix element V,, vanishes identically ; 
there then remains only one equation (79.5), which can be satisfied by a suit- 
able choice of 67. This happens in all cases where the two terms considered 
are of different symmetry. By symmetry we here understand all possible forms 
of symmetry: with respect to rotations about an axis, reflections in planes, 
inversion, and also with respect to interchanges of electrons. In the diatomic 
molecule this means that we may be dealing with terms of different A, differ- 
ent parity or multiplicity, or (for & terms) Z+ and X~ terms. 

To prove this statement it is essential that the operator V (like the Hamil- 
tonian itself) commutes with all the symmetry operators for the molecule: 
the operator of the angular momentum about an axis, the reflection and in- 
version operators, and the operators of interchanges of electrons. It has been 
shown in §§29 and 30 that, for a scalar quantity whose operator commutes 
with the angular momentum and inversion operators, only the matrix elements 
for transitions between states of the same angular momentum and parity are 
non-zero. This proof remains valid, in essentially the same form, for the 
general case of an arbitrary symmetry operator. We shall not pause to repeat 
it here, especially since in §97 we shall give another general proof, based on 
group theory. 

Thus we reach the result that, in a diatomic molecule, only terms of differ- 
ent symmetry can intersect, while the intersection of terms of like symmetry is 
impossible (E. WIGNER and J. VON NEUMANN 1929). If, as a result of some 
approximate calculation, we obtain two intersecting terms of the same 
symmetry, they are found to move apart on calculating the next approxi- 
mation, as shown by the continuous lines in Fig. 27. 

We emphasise that this result not only is true for the diatomic molecule, 
but is a general theorem of quantum mechanics; it holds for any case where 
the Hamiltonian contains some parameter and its eigenvalues are consequently 
functions of that parameter. 

In a polyatomic molecule, the electron terms are functions of not one but 
several parameters, the distances between the various nuclei. Let s be the 
number of independent distances between the nuclei; in a molecule of N(> 2) 
atoms, this number is s == 3N—6 for an arbitrary arrangement of the nuclei. 


+ There is a curious exception to this rule in the case where the problem of determining the electron 
terms allows a complete separation of the variables (see §78, Problem). 
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u(r) 
a 
Z 
r 
Fic. 27 
Each term U,(7, ...,7,) is, from the geometrical point of view, a surface in 


a space of s+1 dimensions, and we can speak of the intersections of these 
surfaces in manifolds of varying numbers of dimensions, from 0 (intersection 
in a point) to s—1. The derivation given above is wholly valid, except that 
the perturbation V is here determined not by one but by s parameters, the 
displacements 67,,..., 67,. Even with two parameters, the two equations 
(79.5) can in general be satisfied. Thus we conclude that, in polyatomic 
molecules, any two terms may intersect. If the terms are of like symmetry, 
the intersection is given by the two conditions (79.5), from which it follows 
that the number of dimensions of the manifold in which the intersection 
occurs is s—2. If the terms are of different symmetry, on the other hand, 
there remains only one condition, and the intersection takes place in a mani- 
fold of s—1 dimensions. 

Thus for s = 2 the terms are represented by surfaces in a three-dimensional 
system of co-ordinates. The intersection of these surfaces occurs in lines 
(s—1 = 1) when the symmetry of the terms is different, and in points 
(s—2 = 0) when itis the same. It is easy to ascertain the form of the surfaces 
near the point of intersection in the latter case. The value of the energy near 
the points of intersection of the terms is given by formula (79.4). In this 
expression the matrix elements Vj,, Vg, Vy, are linear functions of the dis- 
placements 67,, 572, and hence are linear functions of the distances 7,, 7, 
themselves. Such an equation determines an elliptic cone, as we know from 
analytical geometry. Thus, near the points of intersection, the terms are 
represented by the surface of an arbitrarily situated double elliptic cone 
(Fig. 28). 


§80. The relation between molecular and atomic terms 


As we increase the distance between the nuclei in a diatomic molecule, we 
have in the limit two isolated atoms (or ions). The question thus arises of 
the correspondence between the electron terms of the molecule and the states 
of the atoms obtained by moving them apart. This relation is not one-to-one; 
if we bring together two atoms in given states, we may obtain a molecule in 
various electron states. 
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Fic. 28 


Let us first suppose that the molecule consists of two different atoms. Let 
the isolated atoms be in states with orbital angular momenta L,, L, and spins 
S,, Sg, and let L, > L,. The projections of the angular momenta on the 
line joining the nuclei take the values M, = —JL,, —L,+1,..., 2, and 
M, = —L,, —L,+1,..., £,. The absolute value of the sum 1, +, deter- 
mines the angular momentum A obtained on bringing the atoms together. 
On combining all possible values of M, and M,, we find the following values 
for the numbers of times that we obtain the various values of A = |M,+™,]: 


A =1,+L, twice 
[,+L,—1 four times 
L,-L,-—1 2(2L,.+1) times 
1 2(2L,+1) times 
0 2L,+1 times. 


Remembering that all terms with A #4 0 are doubly degenerate, while 
those with A = 0 are not degenerate, we find that there will be 


1 term with A = 1,+2,, 

2 terms with A = Z,4L,—1, 
2L,+1 terms with A = L,—L, (80.1) 
2L,+1 terms with A = Z,—L,—1, 


2L,+1 terms with A = 0; 


284 The Diatomic Molecule §80 


in all, (2L,+1)(Z,+1) terms with values of A from 0 to L,+L,. 

The spins S,, S, of the two atoms combine to form the total spin of the 
molecule in accordance with the general rule for the addition of angular 
momenta, giving the following possible values of S: 


Sagas. 6451, 4. 1S si: (80.2) 


On combining each of these values with each value of A in (80.1), we obtain 
the complete list of all possible terms in the molecule formed. 

For & terms there is also the question of sign. This is easily resolved by 
noticing that the wave functions of the molecule can be written, as r > 00, 
in the form of products (or sums of products) of the wave functions of the 
two atoms. An angular momentum A = 0 can be obtained either by adding 
two non-zero angular momenta of the atoms such that M, = —M,, or from 
M, = M, = 0. We denote the wave functions of the first and second atoms 
by ¥%,, , ~@,,. For M = |M,| = |M,| 4 0, we form the symmetrised and 
antisymmetrised products 


yt = PO?) y¢-h_ypebny, 
bo = PO hy —PO_ypy. 


A reflection in a vertical plane (i.e. one passing through the axis of the mole- 
cule) changes the sign of the projection of the angular momentum on the 
axis, so that %),,, @),, are changed into @)_y,, 4@)_y, respectively, and vice 
versa. ‘The function %+ is thereby unchanged, while Y— changes sign; the 
former therefore corresponds to a X+ term and the latter toa X-term. Thus, 
for each value of M, we obtain one 2+ and one &- term. Since WM can take 
L, different values (M = 1, ... , L,), we have in all ZL, &+ terms and L, =~ 
terms. 

If, on the other hand, M, = M, = 0, the wave function of the molecule 
is of the form ¢ = f®, %@). In order to ascertain the behaviour of the func- 
tion 4“), on reflection in a vertical plane, we take a co-ordinate system with 
its origin at the centre of the first atom, and the z-axis along the axis of the 
molecule, and we notice that a reflection in the vertical xz-plane is equivalent 
to an inversion with respect to the origin, followed by a rotation through 180° 
about the y-axis. On inversion, the function %@), is multiplied by J,, where 
I, = +1 is the parity of the given state of the first atom. Next, the result 
of applying to the wave function the operation of an infinitely small rotation 
(and therefore that of any finite rotation) is entirely determined by the total 
orbital angular momentum of the atom. Hence it is sufficient to consider 
the particular case of an atom having one electron, with orbital angular 
momentum / (and a z-component of the angular momentum m = 0); on 
putting L in place of J in the result, we obtain the required solution for any 
atom. The angular part of the wave function of an electron with m =0 is, apart 
from a constant coefficient, P;(cos @) (see (28.7)). A rotation through 180° 
about the y-axis is the transformation x > —x, y > y, z > —z or, in 
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spherical polar co-ordinates, r >7, 6 >7—06, 6 >7—9. Then cos @ > 
—cos 9, and the function P;(cos 6) is multiplied by (—1)/. 

Thus we conclude that, as a result of reflection in a vertical plane, the func- 
tion 4s), is multiplied by (—1)",. Similarly, @, is multiplied by (—1)“*d,, 
so that the wave function ¢ = ),%®), is multiplied by (—1)"+4“*,. The 
term is 2+ or &- according as this factor is +1 or —1. 

Summarising the results obtained, we find that, of the total number 
2L,+1 of & terms (each of the appropriate multiplicity), Z,+1 terms are 
“at andL,are X, if (—1)"+4T1,= +1, and vice versa if (—1)t4*hL, =—1. 

Let us now turn to a molecule consisting of similar atoms. The rules for 
the addition of the spins and orbital angular momenta of the atoms to form 
the total S and A for the molecule remain the same here as for a molecule 
composed of different atoms. The difference is that the terms may be.even 
or odd. Here we must distinguish two cases, according as the combined 
atoms are in the same or different states. 

If the atoms are in different states,t the total number of possible terms is 
doubled in comparison with the number when the atoms are different. Fora 
reflection with respect to the origin (this being the point bisecting the axis of 
the molecule) results in an interchange of the states of the two atoms. Sym- 
metrising or antisymmetrising the wave function of the molecule with respect 
to an interchange of the states of the atoms, we obtain two terms (with the 
same A and 3S), of which one is even and the other odd. Thus we have al- 
together the same number of even and odd terms. 

If, on the other hand, both atoms are in the same state, the total number of 
states is the same as for a molecule with different atoms. An investigation 
which we shall not give here on account of its length} leads to the following 
results for the parity of these states. Let Nz, N, be the numbers of even and 
odd terms with given values of A and S. Then 

if A is odd, Nz = Nu; 

if A is even and S is even (S = 0, 2, 4, ....), Ng = Nut1; 

if A is even and S is odd (S = 1, 3, 5,...), N, = Ne+l. 

Finally, we must distinguish, among the & terms, between X+and 2-. Here, 

if S is even, Ngt = Nu-+1 = L+1; 

if Sis odd, N,+ = N,-+1 = L+1, 
where L, = L,=L. All the + terms are of parity (—1)%, and all 2&- 
terms are of parity (—1)8*. 

Besides the problem that we have examined of the relation between the 
molecular terms and those of the atoms obtained as r > 00, we may also 
propose the question of the relation between the molecular terms and those 
of the ‘‘composite atom” obtained as r -> 0, i.e. when both nuclei are brought 
to a single point (for example, between the terms of the H, molecule and those 
of the He atom). The following rules can be deduced without difficulty. 


+ In particular, we may be discussing the combination of a neutral and an ionised atom. 
{ It can be found in the original paper by E. WIGNER and E. Witmrr, Zeitschrift fir Physik 51, 
859, 1928. 
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From a term of the “composite” atom having spin S, orbital angular momen- 
tum L and parity J, we can obtain, on ‘“‘moving the constituent atoms apart’, 
molecular terms with spin S and angular momentum about the axis A = 
0, 1,..., Z, with one term for each of these values of A. The parity of the 
molecular term is the same as the parity I of the atomic term (g for J = +1 
and u for J= —1). The molecular term with A= 0 is a &* term if 
(—1)4J = +1, anda 2X term if (—1)4J = —1. 


PROBLEMS 


PROBLEM 1. Determine the possible terms for the molecules H,, Nz, O,, Cl, which can 
be obtained by combining atoms in the normal state. 


SOLUTION. According to the rules given above, we find the following possible terms: 
H, molecule (atoms in the 2S state): 


Tit, FLty; 
N, molecule (atoms in the 4S state): 
1 at, 3 ut, 5 at, 7 at, ; 

Cl, molecule (atoms in the ?P state): 

25+, 12-,, UW, 4, 3A, 2%D+,, 32-,, 8M,, 3, Ay; 
O, molecule (atoms in the °P state): 

2=+,, 12-,, 1H, UW, 1A, 2%=+,, %2-,, 3, 31, 2A,, 

y+, D-,, 51, MM, A,. 


The figures in front of the symbols indicate the number of terms of the type concerned, if 
this number exceeds unity. 


ProsLemM 2. The same as Problem 1, but for the molecules HCl, CO. 


SoLuTION. When unlike atoms are combined, the parity of their states is important 
also. From formula (31.5) we find that the normal states of the H, O and C atoms are even, 
while that of the Cl atom is odd (see Table 3 for the electron configurations of these atoms). 
From the rules given above, we have 
HCI molecule (atoms in the 2g and *Py states): 


13yt+, 13]; 
CO molecule (both atoms in the *Pg state): 
21353 +, 135 - 2135], 135A, 


§81. Valency 


The property of atoms of combining with one another to form molecules 
is described by means of the concept of valency. To each atom we ascribe 
a definite valency, and when atoms combine their valencies must be mutually 
satisfied, i.e. to each valency bond of an atom there must correspond a 
valency bond of another atom. For example, in the methane molecule 
CHa, the four valency bonds of the quadrivalent carbon atom are satisfied 
by the four univalent hydrogen atoms. In going on to give a physical inter- 
pretation of valency, we shall begin with the simplest example, the com- 
bination of two hydrogen atoms to form the molecule Hg. 
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Let us consider two hydrogen atoms in the ground state (2S). When they 
approach, the resulting system may be in the molecular state *2+, or oP uae 
The singlet term corresponds to an antisymmetrical spin wave function, and 
the triplet term to a symmetrical function. The co-ordinate wave function, 
on the other hand, is symmetrical for the 1 term and antisymmetrical for the 
3y term. It is evident that the ground term of the H, molecule can only be 
the 1X term. [For an antisymmetrical wave function (1, r2) (where r, and rp 
are the radius vectors of the two electrons) always has nodes (since it vanishes 
for r, = r,), and hence cannot belong to the lowest state of the system. 

A numerical calculation shows that the electron term 1% in fact has a deep 
minimum corresponding to the formation of a stable H, molecule. In the 
33) state, the energy U(r) decreases monotonically as the distance between 
the nuclei increases, corresponding to the mutual repulsion of the two hydro- 
gen atomst} (Fig. 29). 


Fic. 29 


Thus, in the ground state, the total spin of the hydrogen molecule is zero, 
S=0. It is found that the molecules of practically all chemically stable 
compounds of elements of the principal groups have this property. Among 
inorganic molecules, exceptions are formed by the diatomic molecules O, 
(ground state XZ) and NO (ground state *IT) and the triatomic molecules 
NO,, ClO, (total spin S = 4). Elements of the intermediate groups have 
special properties which we shall discuss below, after studying the valency 
properties of the elements of the principal groups. 

The property of atoms of combining with one another is thus related to 
their spin (W. HerrLer and H. Lonpon 1927). The combination occurs in 


+ Here we ignore the van der Waals attraction forces between the atoms (see §89). The existence 
of these forces causes a minimum (at a greater distance) on the U(r) curve for the 8%) term also. This 
minimum, however, is very shallow in comparison with that on the 13 curve, and would not be per- 
ceptible on the scale of Fig. 29. 
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such a way that the spins of the atoms compensate one another. Asa quanti- 
tative characteristic of the mutual combining powers of atoms, it is convenient 
to use an integer, twice the spin of the atom. This is equal to the chemical 
valency of the atom. Here it must be borne in mind that the same atom may 
have different valencies according to the state it is in. 

Let us examine, from this point of view, the elements of the principal 
groups in the periodic system. The elements of the first group (the first 
column in Table 3, the group of alkali metals) have a spin S = }in the normal 
state, and accordingly their valencies are unity. An excited state with a higher 
spin can be attained only by exciting an electron from a completed shell. 
Accordingly, these states are so high that the excited atom cannot form astable 
molecule.t 

The atoms of elements in the second group (the second column in Table 3, 
the group of alkaline-earth metals) have a spin S = 0 in the normal state. 
Hence these atoms cannot enter into chemical compounds in the normal state. 
However, comparatively close to the ground state there is an excited state 
having a configuration sp instead of s? in the incomplete shell, and a total 
spin. S = 1. The valency of an atom in this state is 2, and this is the principal 
valency of the elements in the second group. 

The elements of the third group have an electron configuration s*p in the 
normal state, with a spin S = 4. However, by exciting an electron from the 
completed s-shell, an excited state is obtained having a configuration sp? and a 
spin S = 3/2, and this state lies close to the normal one. Accordingly, the 
elements of this group are both univalent and tervalent. The first two ele- 
ments in the group (boron, aluminium) behave only as tervalent elements. 
The tendency to exhibit a valency 1 increases with the atomic number, and 
thallium behaves equally as a univalent and as a tervalent element (for example, 
in the compounds TICI and TICI,). This is due to the fact that, in the first 
few elements, the binding energy in the tervalent compounds is greater than 
for the univalent compounds, and this difference exceeds the excitation energy 
of the atom. 

In the elements of the fourth group, the ground state has the configuration 
s*p* with a spin of 1, and the adjacent excited state has a configuration sp* 
with a spin 2. The valencies 2 and 4 correspond to these states. As in the 
third group, the first two elements (carbon, silicon) exhibit mainly the higher 
valency (though the compound CO, for example, forms an exception), and 
the tendency to exhibit the lower valency increases with the atomic number. 

In the atoms of the elements of the fifth group, the ground state has the 
configuration s’p3 with a spin S = 3/2, so that the corresponding valency 
is three. An excited state of higher spin can be obtained only by the transi- 
tion of one of the electrons into the shell with the next higher value of the 
principal quantum number. The nearest such state has the configuration 
sp°s’ and a spin S = 5/2 (by s’ we conventionally denote here an s state of an 


t See the end of this section for the elements copper, silver and gold. 
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electron with a principal quantum number one greater than in the state s). 
Although the excitation energy of this state is comparatively high, the 
excited atom can still form a stable compound. Accordingly, the elements of 
the fifth group behave as both tervalent and quinquevalent elements (thus, 
nitrogen is tervalent in NH, and quinquevalent in HNO,). 

In the sixth group of elements, the spin is 1 in the ground state (configura- 
tion s*p*), so that the atom is bivalent. The excitation of one of the p electrons 
leads to a state s2p3s’ of spin 2, while the excitation of an s electron in addition 
gives a state sp*s’p’ of spin 3. In both excited states the atom can enter into 
stable molecules, and accordingly exhibits valencies of 4 and 6. The first 
element of the sixth group (oxygen) shows only the valency 2, while the sub- 
sequent elements show higher valencies also (thus, sulphur in HS, SO,, SO, 
is respectively bivalent, quadrivalent and sexivalent). 

In the seventh group (the halogen group), the atoms are univalent in the 
ground state (configuration sp, spin S = 4). They can, however, enter into 
stable compounds when they are in excited states having configurations 
s2p'4s’, s°p3s'p’, sps'p’2 with spins 3/2, 5/2, 7/2 and valencies 3, 5, 7 respec- 
tively. The first element in the group (fluorine) is always univalent, but the 
subsequent elements also exhibit the higher valencies (thus, chlorine in HCl, 
HCIO,, HC1O;, HC1O, is respectively univalent, tervalent, quinquevalent 
and septivalent). 

Finally, the atoms of the elements in the group of inert gases have com- 
pletely filled shells in their ground states (so that the spin S = 0), and their 
excitation energies are high. Accordingly, the valency is zero, and these 
elements are chemically inactive.t 

The following general remark should be made concerning all these discus- 
sions. The assertion that an atom enters into a molecule with a valency per- 
taining to an excited state does not mean that, on moving the atoms apart to 
large distances, we necessarily obtain an excited atom. It means only that the 
distribution of the electron density in the molecule is such that, near the 
nucleus of the atom in question, it is close to that in the isolated and excited 
atom; but the limit to which the electron distribution tends as the distance 
between the nuclei is increased may correspond to non-excited atoms. 

When atoms combine to form a molecule, the completed electron shells in 
the atoms are not much changed. The distribution of the electron density 
in the incomplete shells, on the other hand, may be considerably altered. In 
the most clearly defined cases of what is called heteropolar binding, all the 
valency electrons pass over from their own atoms to other atoms, so that we 


+ The elements xenon and radon (and less easily krypton) nevertheless form stable compounds 
with fluorine. These valencies may be due to a transfer of electrons from the outermost complete 
shell to the incomplete f or d states, whose energies are comparatively near. 

There is also an attraction which occurs in the interaction of an inert gas atom with an excited atom 
of the same element. This is due to the doubling in the number of possible states obtained on bringing 
together two atoms, if these atoms are of the same element but in different states (see §80). The transi- 
tion of the excitation from one atom to the other here replaces the exchange interaction which brings 
about the ordinary valency. The molecule Heg is an example of such a molecule. The same type of 
bond occurs in molecular ions composed of two similar atoms (for instance, He). 
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may say that the molecule consists of ions with charges equal (in units of e) 
to the valency. The elements of the first group are electropositive : in hetero- 
polar compounds they lose electrons, forming positive ions. As we pass to 
the subsequent groups the electropositive character of the elements becomes 
gradually less marked and changes into electronegative character, which is 
present to the greatest extent in the elements of the seventh group. Regard- 
ing heteropolarity the same remark should be made as was made above con- 
cerning excited atoms in the molecule. Ifa molecule is heteropolar, this does 
not mean that, on moving the atoms apart, we necessarily obtain two ions. 
Thus, from the molecule KCI we should in fact obtain the ions K+ and Cl-, 
but the molecule NaCl gives in the limit the neutral atoms Na and Cl (since 
the affinity of chlorine for an electron is greater than the ionisation potential 
of potassium but less than that of sodium). 

In the opposite limiting case of what is called homopolar binding, the atoms 
in the molecule remain neutral on the average. Homopolar molecules, un- 
like heteropolar ones, have no appreciable dipole moment. The difference 
between the heteropolar and homopolar types is purely quantitative, and any 
intermediate case may occur. 

Let us now turn to the elements of the intermediate groups. Those of 
the palladium and platinum groups are very similar to the elements of the 
principal groups as regards their valency properties. The only difference is 
that, owing to the comparatively deep position of the d electrons inside the 
atom, they interact only slightly with the other atoms in the molecule. As a 
result, ‘“‘unsaturated’’ compounds, whose molecules have non-zero spin 
(though in practice not exceeding 4), are often found among the compounds 
of these elements. Each of the elements can exhibit various valencies, and 
these may differ by unity, and not only by two as with the elements of the 
principal groups (where the change in valency is due to the excitation of some 
electron whose spin is compensated, so that the spins of two electrons are 
simultaneously released). 

The elements of the rare-earth group are characterised by the presence of an 
incomplete f shell. The f electrons lie much deeper than the d electrons, 
and therefore take no part in the valency. Thus the valency of the rare- 
earth elements is determined only by the s and p electrons in the incomplete 
shells. However, it must be borne in mind that, when the atom is excited, 
f electrons may pass into s and p states, thereby increasing the valency by 
one. Hence the rare-earth elements too exhibit valencies differing by unity 
(in practice they are all tervalent and quadrivalent). 

The elements of the actinium group occupy a unique position. Actinium 
and thorium have no f electrons, and their valencies involve d electrons. 
In their chemical properties they are therefore analogous to elements of the 
palladium and platinum groups, not to the rare earths. The uranium atom in 


{ The d electrons which are found in the incomplete shells of the atoms of some rare-earth elements 
are unimportant, since these atoms in practice always form compounds in excited states where there 
are no d electrons. 
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the normal state contains f electrons, but in its compounds it too has no f 
electrons. Finally, the atoms of the elements neptunium, plutonium, 
americium and curium contain f electrons in compounds also, but the electrons 
which participate in their valencies are again s and d electrons. In this sense 
they are homologues of uranium. The maximum possible number of ‘“‘un- 
paired” s and d electrons is one and five respectively, and so the maximum 
valency of elements in the actinium group is six, whereas the maximum 
valency of the rare-earth elements (with s and p electrons participating in 
the valency) is 1+3 = 4. ; 

The elements of the iron group occupy, as regards their valency properties, 
a position intermediate between the rare-earth elements and those of the palla- 
dium and platinum groups. In their atoms, the d electrons lie comparatively 
deep, and in many compounds take no part in the valency bonds. In these 
compounds, therefore, the elements of the iron group behave like rare-earth 
elements. Such compounds include those of ionic type (for instance FeCl, 
FeCl,), in which the metal atom enters as a simple cation. Like the rare- 
earth elements, the elements of the iron group can show very various valencies 
in these compounds. 

Another type of compound of the iron-group elements is formed by what 
are called complex compounds. 'These are characterised by the fact that the 
atom of the intermediate element enters into the molecule not as a simple 
ion, but as part of a complex ion (for instance the ion MnO,~ in KMnQ,, or 
the ion Fe(CN),4- in K,Fe(CN),). In these complex ions, the atoms are 
closer together than in simple ionic compounds, and in them the d electrons 
take part in the valency bond. Accordingly, the elements of the iron group 
behave in complex compounds like those of the palladium and platinum groups. 

Finally, it must be mentioned that the elements copper, silver and gold, 
which in §73 we placed among the principal groups, behave as intermediate 
elements in some of their compounds. These elements can exhibit valencies 
of more than one, on account of a transition of an electron from a d shell to a 
p shell of nearly the same energy (for example, from 3d to 4 in copper). In 
such compounds the atoms have an incomplete d shell, and hence behave as 
intermediate elements: copper like the elements of the iron group, and silver 
and gold like those of the palladium and platinum groups. 


PROBLEM 


Determine the electron terms of the molecular ion H2t obtained when a hydrogen atom in 
the normal state combines with an H?+ ion, for distances R between the nuclei large compared 
with the Bohr radius. 

SoLuTION. This problem is analogous in form to §50, Problem 3: instead of two 
one-dimensional potential wells we have here two three-dimensional wells (round the two 
nuclei) with axial symmetry about the line joining the nuclei. The levelt Eo = —4(the ground 
level of the hydrogen atom) is split into two levels U,g(R) and U,(R) (the terms 2 Z,+ and 
244+), corresponding to the electron wave functions 


1 
—r[Yo(*,9,2) ae trol -_ %,y,2)], 


ty ,u(%,V,%) = /2 


+ Here we are using”atomic units. 
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which are symmetrical and antisymmetrical about the plane x = 0 which bisects the line 
joining the nuclei (which are at (+$R,0,0)). Here yo(x, y, 2) is the wave function of the 
electron in one of the potential wells. Exactly as in §50, Problem 3, we find 


Up,u(R)—Eo = F | | doe dy dz, (1) 


where the integration is over the plane x = 0. 
The function %o (corresponding to motion around nucleus 1, say, at x = $R) is sought 
in the form 


a 
ho =e ’ (2 ) 


T 


where a is a slowly varying function (for a hydrogen atom, a = 1). The function %o must 
satisfy SCHRGDINGER’s equation 


past (—i- ++ —)¥ = (3) 


12 


where ri, r2 are the distances of the electron from nuclei 1 and 2. In this equation the total 
energy of the electron is Zo—1/R, since Eo itself includes the energy 1/R of the Coulomb 
repulsion of the nuclei. 

Since the function %o decreases rapidly away from the x-axis, only the region where y 
and 2 are small compared with R is important in the integral (1). For y, z << R, substitution 
of (2) in (3) gives 

0a a a 


+ ————- 
dx $R+x R 


here we have neglected the second derivatives of the slowly varying function a and put 
re ~4R+x. The solution of this equation which becomes unity as x > $R (i.e. in the 
neighbourhood of nucleus 1) is 


2R é 1) 
a = —— exp| — —4 }. 
R+2x P R 


Formula (1) now gives 


foe) 
4 
Ug,u—Eo = + = | e-2r1 . 2n7] drz 


= +(2/e)Re-®. 


At sufficiently large distances this expression decreases exponentially and becomes less 
than the effect in the second approximation with respect to the dipole interaction of the H 
atom and the H+ ion. Since the polarisability of the hydrogen atom in the normal state is 
9/2 (see (77.9)), and the field of the H* ion is € = 1/R?, the corresponding interaction energy 
is —9/4R4, and when this is taken into account we have 


2 9 
Uya(R)—Ep = = -Re-P— —_, 4 
au(R)— By = F -Re-R— (4) 


The second term becomes comparable with the first when R = 10-8. It may also be noted 
that the term U,, has aminimum of —5-8 x 10-5 atomic unit (—1-6 x 10-3 eV) when R = 12°6.+ 


t This minimum, which is due to van der Waals forces, is very shallow compared with that of the 
term U,(R) which corresponds to the normal state of the stable ion Heat: the latter minimum is 
— 0:60 atomic unit (— 16:3 eV), at R = 2:0. 
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§82. Vibrational and rotational structures of singlet terms in the 
diatomic molecule | 


As has been pointed out at the beginning of this chapter, the great differ- 
ence in the masses of the nuclei and the electrons makes it possible to divide 
the problem of determining the energy levels of a molecule into two parts. 
We first determine the energy levels of the system of electrons, for nuclei at 
rest, as functions of the distance between the nuclei (the electron terms). 
We can then consider the motion of the nuclei for a given electron state; this 
amounts to regarding the nuclei as particles interacting with one another in 
accordance with the law U,(r), where Un is the corresponding electron term. 
The motion of the molecule is composed of its translational displacement as a 
whole, together with the motion of the nuclei about their centre of mass. The 
translational motion is, of course, without interest, and we can regard the 
centre of mass as fixed. 

For convenience of discussion, let us first consider the electron terms in 
which the total spin S of the molecule is zero (the singlet terms). The 
problem of the relative motion of two particles (the nuclei) which interact 
according to the law U(r) reduces, as we know, to that of the motion of a 
single particle of mass M (the reduced mass of the two particles) in a centrally 
symmetric field U(r). By U(r) we mean the energy of the electron term 
considered. The problem of motion in a centrally symmetric field U(r), 
however, reduces in turn to that of a one-dimensional motion in a field where 
the effective energy is equal to the sum of U(r) and the centrifugal energy. 

We denote by K the total angular momentum of the molecule, composed 
of the orbital angular momentum L of the electrons and the angular momen- 
tum of the nuclei. Then the operator of the centrifugal energy of the nuclei 
is 

Br)(K-L), 
where we have introduced the notation 
B(r) = 72 /2Mr? (82.1) 


for a convenient simplification of the formulae in the theory of diatomic 
molecules. Averaging this quantity (for a given r), we obtain the centrifugal 
energy as a function of r, which must appear in the effective potential energy 


U;(r). Thus 
Ux(r) = U(r)+ Br)(K-L)*, 


where the line denotes the average mentioned. Expanding the square and 
recalling that the square K? of a conserved total angular momentum has the 
definite value K(K +1) (where K is integral), we can rewrite this expression 
in the form 


Ux(r) = U(r)+B(r)K(K+1)+B(r)(L?—2L . K); (82.2) 


we omit the line over the quantity K, since it is conserved. 
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In a state with a definite value of L, = A, the mean values of the other two 
components of the orbital angular momentum are zero, L, = L, = 0; this 
follows at once from the fact that, in a representation in which L, is diagonal, 
the diagonal matrix elements of the operators L, and L, are zero (see §27). 
Hence the mean value of the vector L is directed along the z-axis and we can 
write 


L=nA, 


where n is a unit vector along the axis of the molecule. Next, in classical 
mechanics the angular momentum of a system of two particles (the nuclei) is 
directed perpendicular to the line joining them; in quantum mechanics the 
same is true for the angular momentum operator. Hence we can write 
(K—L).n=0, and K.n=L.n. Hence, for the eigenvalues, 


K.n=L.n=A. (82.3) 


Thus the projection of the total angular momentum K on the axis of the mole- 
cule is also A. Hence it follows that, in a state with a given value of A, the 
quantum number K can take only values from A upwards: 


K>A. (82.4) 
Finally, substituting in (82.2) L. K = An. K = A2, we obtain 
Ux(r) = U(r) +B(r)K(K+1)+B(r)(L?—2A2). (82.5) 


The last term on the right-hand side is some function of r, depending only 
on the electron state, and not on the quantum number K. This function 
can be included in the energy U(r), and (82.5) then takes the form 


Ux(r) = U(r) +B(r)K(K+1). (82.6) 


On solving the one-dimensional SCHRODINGER’s equation with this potential 
energy, we obtain a series of energy levels. We arbitrarily number these 
levels (for each given K) in order of increasing energy, using a number 
v = 0, 1, 2, ... ; 9 =0 corresponds to the lowest level. Thus the motion 
of the nuclei causes a splitting of each electron term into a series of levels 
characterised by the values of the two quantum numbers K and v. 

The number of these levels (for a given electron term) may be either finite 
or infinite. Ifthe electron state is such that, as r -> 00, the molecule becomes 
two isolated neutral atoms, then as r - oo the potential energy U(r) (and 
therefore U;(r)) tends to a constant limiting value U(0o) (the sum of the 
energies of the two isolated atoms) more rapidly than 1/r tends to zero (see 
§89). The number of levels in such a field is finite (see §18), though in actual 
molecules it is very large. The levels are so distributed that, for any given 
value of K, there is a definite number of levels (with different values of v), 
while the number of levels with the same K diminishes as K increases, until 
a value of K is reached for which there are no levels at all. 
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If, on the other hand, as r -> 00 the molecule disintegrates into two ions, 
at large distances U(r)— U(00) becomes the energy of the attraction of the 
ions according to Coulomb’s law (~ 1/r). In such a field there is an infinite 
number of levels, which become closer and closer as we approach the limiting 
value U(0o). We may remark that, for the majority of molecules, the previous 
case is found in the normal state; only a comparatively small number of mole- 
cules become pairs of ions when their nuclei are moved apart. 

The dependence of the energy levels on the quantum numbers cannot be 
completely calculated in a general form. Such a calculation is possible only 
for low excited levels which lie not too far above the ground level.t Small 
values of the quantum numbers K and v correspond to these levels. It is 
with such levels that we are in fact most often concerned in the study of 
molecular spectra, and hence they are of particular interest. 

The motion of the nuclei in slightly excited states can be regarded as small 
vibrations about the equilibrium position. Accordingly we can expand U(r) 
in a series of powers of £ = r—r,, where r, is the value of r for which U(r) 
has a minimum. Since U’(r,) = 0, we have as far as terms of the second 
order 


U(r) = U,+4Mw,2é, 
where U, = U(r,), and w, is the frequency of the vibrations. 
In the second term in (82.6)—the centrifugal energy—it is sufficient to 


put r = r,, since it already contains the small quantity K(K+1). Thus we 
have 


Uxg(r) = U,+B,K(K+1)+4Mo,2é, (82.7) 


where B, = h?/2Mr2 = h®/2I is what is called the rotational constant 
(I ="Mr 2 is the moment of inertia of the molecule). 

The first two terms in (82.7) are constants, while the third corresponds 
to a one-dimensional harmonic oscillator. Hence we can at once write down 
the required energy levels: 


E = U,+B,K(K+1)+hw,(o+}). (82.8) 


Thus, in the approximation considered, the energy levels are composed of 
three independent parts: 


E =E,,+E,+E». (82.9) 


Here E,, = U, is the electron energy (including the energy of the Coulomb 
interaction of the nuclei for r = r,), 


E, = B,K(K+1) (82.10) 


+ We refer always to levels belonging to the same electron term. 
t We here use the notation customary in the theory of diatomic molecules. 
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is the rotational energy from the rotation of the molecule,ft and 
E, = ha,(vt+4) (82.11) 


is the energy of the vibrations of the nuclei within the molecule. The number 
v denumerates, by definition, the levels with a given K in order of increasing 
energy; it is called the vibrational quantum number. 

For a given form of the potential energy curve U(r), the frequency w, is 
inversely proportional to »/M. Hence the intervals AE, between the 
vibrational levels are proportional to 1/\/M. The intervals AE, between 
the rotational levels contain in the denominator the moment of inertia J, and 
are therefore proportional to 1/M. The intervals AZ, between the electron 
levels, however, are independent of M, like the levels themselves. Since m/M 
(m being the electron mass) is a small parameter in the theory of diatomic 
molecules, we see that 


AE,, > AE, > AE,. 


Thus the distribution of the energy levels of the molecule is rather unusual. 
The vibrational motion of the nuclei splits the electron terms into levels lying 
comparatively close together. These levels, in turn, exhibit a fine splitting 
due to the rotational motion of the molecule. 

In subsequent approximations, the separation of the energy into indepen- 
dent vibrational and rotational parts is impossible; rotational-vibrational 
terms appear, which contain both K and v. On calculating the successive 
approximations, we should obtain the levels Z'as an expansion in powers of the 
quantum numbers K and w. 

We shall calculate here the next approximation after (82.8). To do this, 
we must continue the expansion of U(r) in powers of € up to terms of the 
fourth order (cf. the problem of an anharmonic oscillator in §38). Similarly, 
the expansion of the centrifugal energy is extended as far as the terms in €?. 
We then obtain 


Ux(r) = U,-+4}Mo28+ (H/2Mr2)K(K+1)— 
—af-+-bé4—(H#/Mr8)K(K-+1)é-+(322/2Mr)K(K+1)e. (82.12) 


Let us now calculate the correction to the eigenvalues (82.8), using 
perturbation theory and regarding the last four terms in (82.12) as the per- 
turbation operator. Here it is sufficient, for the terms in £7 and £4, to take the 
first approximation of perturbation theory, but for those in € and £* we must 


+ A rotating system of two rigidly connected particles is often called a rotator. Formula (82.10) 
gives the quantum-mechanical energy levels for a rotator. The wave functions of the stationary states 
of a rotator evidently correspond to the case A = 0 and are ordinary spherical harmonic functions 
(see the Problem at the end of this section). 


} As an example, we give the values of Ue, we and Be (in electron-volts) for a few molecules: 


He Ne O2 
—Ue 4:7 75 5-2 
fiwe 0: 54 0:29 0-20 
103 x Be 7:6 0-25 0-18 
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calculate the second approximation, since the diagonal matrix elements of 
and €° vanish identically. All the matrix elements needed for the calculation 
are derived in §23 and in §38, Problem 3. Asa result, we obtain an expres- 
sion which is usually written in the form 


E = Ey+heo,(o+})—*,liw(o+$"+B,K(K+1)—D,K{K+1)?, (82.13) 


where . 
B, = B,—«,(v+4) = By—«,v-. (82.14) 


The constants x,, B,, «,, D, are related to the constants appearing in (82.12) 
by 
B, = h?/21, D, = 4B i? w,’, 


6B2 / ah Z 3 A \?@r5 @ 
Geli) RCN 
ho, \Muw?2N MB, 2iw,\Mw,/ L2 Mo,? 


(82.15) 


The terms independent of v and K are included in E,). 


PROBLEM 


Determine the angular part of the wave function for a diatomic molecule with zero spin 
(F. Reicue 1926). 


SOLUTION. The required functions are just the eigenfunctions of the total angular momen- 
tum K of the molecule. The operator of the total angular momentum is the sum 


RK =rxp+ Ur. xB,, 


where p is the linear momentum of the relative motion of the nuclei, r the radius vector be- 
tween them, ra and pa the radius vectors and linear momenta of the electrons (relative to the 
centre of mass of the molecule). Introducing the polar angle @ and the azimuthal angle ¢ of 
the axis of the molecule relative to a fixed system of co-ordinates x, y, z, we have for the 
components of the operator K expressions similar to (26.14), (26.15), so that 


; a’ a’ 
K, = de cot 8 aren 


fy ae are A (1) 
K_ =e (S44 cot 6 a ee 


rai 
R, = —i—+1,, 
op 
where L. = L. + iL,, 


F) p) 
[.=-ix ( : —2—), ae 
. 024 OVa 


are the operators of the angular momenta of the electrons; the primes on 0/08 and 0/0¢ 
signify that the differentiation is to be performed for constant Xa, ya, 2a. 

Besides the fixed system of co-ordinates x, y, 2, we introduce a moving system €, 7, ¢, with 
the same origin, the {-axis directed along the axis of the molecule, and the §-axis lying in the 
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xy-plane. The co-ordinates £2, 7a, fa of the electrons in this system are related to the co- 
ordinates xa, Ya, %a by 


a = —Xq sin b+Ya cos , 

Na = —X, cos 8 cosd—y, cos @ sind+2, sin 8, 

fa = x, sin 8 cosd+y, sin # sind+<2, cos 6. 
Using these formulae, we can transform the derivatives: 


re) : re) ro] 
— = sin#@ —-+cos# —,, etc., 
2a Na a 


at> ave, 2 Fick noo Ol, 2 
Ge 3g, 26 as 00 x) 


a.—0y 82 8 
=—+ «——Ta— ), ete. 
20 2, (: One m5) si 


where 0/00 and 0/@¢ (unprimed) denote differentiation for constant £2, na, fa. As a result, 
we have for the operators of the components of the total angular momentum relative to the 


fixed system the expressions 


K, = &¢ (sti cot é at +—— 


sin 0 Li, 


(2) 


K_ = “#(-5 0 =) i Li: 
BN pg tr oa) aid 


R, = —i 0/84, 


where 


: a a 
L, =-—t1 > (605 155) 


is the operator of the angular momentum of the electrons about the axis of the molecule. 
Let 


nA KM = PnAK(Sas Nar ba37)PnA K(7)On KM;(0) Om, ($) (3) 


be the wave function of a state with definite values of the absolute value K and z-component 
Mx of the total angular momentum of the molecule, and a definite value A of the £-component 
of the electron angular momentum; n denotes the a,gembly of the remaining quantum num- 
bers which determine the state of the molecule. ¢nAK is the electron wave function, depend- 
ing on 7 as a parameter, p,A K is the “‘radial part’’ of the nuclear wave function, ©, cyrx is the 
required function of the angle 8, and the dependence of ¢% on the angle ¢ is obvious: 


Ou,,(¢) = ———_ ¢iMx¢, 


V (27) 


When the operators Kz, Ly act on the function (3), we can replace them by their eigenvalues 
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Mg, A, so that 


rs) ei 
RK, = 6( 2M 0) A, 
- gr ag 


rs) e~i¢ 
K_= “#(-—M 0) A. 
ane 


The subsequent argument exactly follows that at the end of §28. When the operator 
+ acts on the function %,Acx (with Mx = K), the result is zero; hence we have the 
equation 


7) A 
(G-* cot 6+— Ve asx = 0, 
08 sin 
whose solution ist 
© = (— 1)k iiss OES es x (1 —cos 6)(K—4)/2(1 + cos @)(E+A)/2; (4) 
ein 22K+(K + A)\(K—A)! ; 


the function is normalised by the condition 
W 
J @xxk2 sin 6 d6 = 1, 
0 


and the normalisation integral reduces to Euler’s beta function. 
The remaining functions are then calculated from the formula 


F (CRUE AKM = K_K-Mk@, KK, 
(K+Mx)! x 
and as a result we obtain 
(2K +1)\(K+Mx)! (1 — cos 6)(4-Mx)/2 
(K+ A)(K—A)(K—Mx)! * 4 cos b)(AtMw/2 


r,) K-Mk 
x [( ) (1—cos 0)¥-4(1+-cos aye |. 
a cos@ 


Oaxm, = (2) 


For A = 0 these functions become ordinary spherical harmonic functions, as they should: 


©oxm,, = constant x P&x(cos 6), 


and are the wave functions of a rotator (eigenfunctions of the free angular momentum K). 


§83. Multiplet terms. Case a 


Let us now turn to the question of the classification of molecular levels with 
non-zero spin S. In the zero-order approximation, when relativistic effects 
are entirely neglected, the energy of the molecule, like that of any system of 
particles, is independent of the direction of the spin (the spin is “free’’), and 
this results in a (2S+1)-fold degeneracy of the levels. When relativistic 


+ The choice of the phase factor accords with the definition of the eigenfunctions of the free angular 
momentum (§28), which are obtained for A = 0. 
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effects are taken into account, however, the degenerate levels are split, and 
the energy consequently becomes a function of the projection of the spin on 
the axis of the molecule. We shall refer to relativistic interactions in mole- 
cules as the spin-axis interaction. The chief part in this is played (as in the 
case of atoms) by the interaction of the spins with the orbital motion of the 
electrons.t 

The nature and classification of molecular levels depend markedly on the 
relative parts played by the interaction of the spin with the orbital motion, 
on the one hand, and the rotation of the molecule, on the other. The part 
played by the latter is characterised by the distances between adjacent rota- 
tional levels. Accordingly, we have to consider two limiting cases. In one, 
the energy of the spin-axis interaction is large compared with the energy 
differences between the rotational levels, while in the other it is small. The 
first case is usually called case (or coupling type) a, following Hunn, and the 
second is called case b. 

Case a is the one most often found. An exception is formed by the & 
terms, where case b chiefly occurs, since the effect of the spin-axis interaction 
is very small for these terms{ (see below). For other terms, case b is some- 
times found in the lightest molecules, since the spin-axis interaction is here 
comparatively weak, while the distances between the rotational levels are 
large (the moment of inertia being small). 

Of course, cases intermediate between a and 6 are also possible. It must 
also be borne in mind that the same electron state may pass continuously 
from case a to case b as the rotational quantum number changes. This is due 
to the fact that the distances between adjacent rotational levels increase with 
the rotational quantum number, and hence, when this is large, the distances 
may become large compared with the energy of the spin-axis coupling (case 
b), even if case a is found for the lower rotational levels. 

In case a, the classification of the levels is in principle little different from 
that of the terms with zero spin. We first consider the electron terms for 
nuclei at rest, i.e. we neglect rotation entirely ; besides the projection A of the 
orbital angular momentum of the electrons, we must now take into account the 
projection of the total spin on the axis of the molecule. This projection is 
denoted by|| &; it takes the values S, S—1,..., —S. We arbitrarily regard 
= as positive when the projection of the spin is in the same direction as 
that of the orbital angular momentum about the axis (we recall that A denotes 
the absolute value of the latter). The quantities A and © combine to give 
the total angular momentum of the electrons about the axis of the molecule: 


Q =A+3; (83.1) 


t Besides the spin-orbit and spin-spin interactions there is also an interaction of the spin and orbital 
motion of the electrons with the rotation of the molecule. This part of the interaction is very small, 
however, and it is of possible interest only for terms with spin S = $ (see §84). 

{ A special case is the normal electron term of the molecule O, (the term #2). For this we have a 
type of coupling intermediate between a and b (see §84, Problem 3). 

|| Not to be confused with the symbol for terms with A = 0. 
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this takes the values A+S, A--+S—1,...,A—S. Thus the electron term 
with orbital angular momentum A is split into 2S+1 terms with different 
values of Q; this splitting, as with atomic terms, is called the fine structure 
or multiplet splitting of the electron levels. The value of Q is usually indicated 
as a suffix to the symbol for the term: thus, for A = 1, S = 4 we obtain the 
terms 711; /2, 7113/9. 

When the motion of the nuclei is taken into account, vibrational and rota- 
tional structures appear in each of these terms. The various rotational levels 
are characterised by the values of the quantum number J, which gives the 
total angular momentum of the molecule, including the orbital and spin 
angular momenta of the electrons and the angular momentum of the rotation 
of the nuclei.+ This number takes all integral values from |Q| upwards: 


J >|Q1, (83.2) 


which is an obvious generalisation of (82.4). 

Let us now derive quantitative formulae to determine the molecular levels 
in case a. First of all, we consider the fine structure of an electron term. 
In discussing the fine structure of atomic terms in §72, we used formula 
(72.4), according to which the mean value of the spin-orbit interaction is 
proportional to the projection of the total spin of the atom on the orbital 
angular momentum vector. Similarly, the spin-axis interaction in a diatomic 
molecule (averaged over electron states for a given distance r between the 
nuclei) is proportional to the projection & of the total spin of the molecule on 
its axis, so that we can write the split electron term in the form 


U(r) +A(r)=, 


where U(r) is the energy of the original (unsplit) term, and A(r) is some func- 
tion of 7; this function depends on the original term (and in particular on A), 
but not on X. Since one usually uses the quantum number Q and not 2%, 
it is more convenient to put AQ in place of AX; these expressions differ by 
AA, which can be included in U(r). Thus we have for an electron term the 


expression 
U(r) + A(r)Q. (83.3) 


We may notice that the components of the split term are equidistant from 
one another: the distance between adjacent components (with values of Q 
differing by unity) is A(r), independent of Q. 

It is easy to see from general considerations that the value of A for % terms 
is zero. To show this, we perform the operation of changing the sign of the 
time. The energy must then remain unchanged, but the state of the mole- 
cule changes in that the direction of the orbital and spin angular momenta 
about the axis is reversed. In the energy A(r)%, the sign of is changed, and 
if the energy remains unchanged A(r) must change sign. If A 4 0, we can 

} The notation K is, as usual, reserved for the total angular momentum of the molecule without 


allowance for its spin. In case a there is no quantum number K, since the angular momentum K is 
not even approximately conserved. 
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draw no conclusions regarding the value of A(r), since this depends on the 
orbital angular momentum, which itself changes sign. If A = 0, however, 
we can say that A(r) is certainly unchanged, and consequently it must vanish 
identically. Thus, for the & terms, the spin-orbit interaction causes no split- 
ting in the first approximation; splitting (proportional to £2) would occur 
only on taking account of this interaction in the second approximation or the 
spin-spin interaction in the first approximation, and would be relatively 
small. This is the reason for the fact, already mentioned, that case b usually 
occurs for & terms. 

When the multiplet splitting has been determined, we can take account of 
the rotation of the molecule as a perturbation, just as in the derivation given 
at the beginning of §82. The angular momentum of the rotation of the nuclei 
is obtained from the total angular momentum by subtracting the orbital 
angular momentum and spin of the electrons. Hence the operator of the 
centrifugal energy now has the form 


B(r)(J-L_—S). 


Averaging this quantity with respect to the electron state and adding to 
(83.3), we obtain the required effective potential energy U,,(r): 


Uj(r) = U(r) +A(r)Q+B(r)J—L—S)? 
= U?)+ A) 24 BY) P—2ZJ (LS) +L?-+42L . S+ 8*]. 
The eigenvalue of J? is J(J +1). Next, by the same argument as in §82, we 
have 
L=nA, S=n¥, (33.4) 
and also (J—L—S) .n = 0, whence we have for the eigenvalues 
J.n =(L+8).n =A45 =O, (83.5) 
Substituting these values, we find 
Uj(r) = Ur) +A Q+B()[J(J+1)—202-++-L?-+42L . S++ $2]. 


The averaging with respect to the electron state is effected by means of the 
wave functions of the zero-order} approximation. In this approximation, 
however, the magnitude of the spin is conserved, and hence S? = S(S+1). 
The wave function is the product of the spin and co-ordinate functions; hence 
the averaging of the angular momenta L and S takes place independently, and 
we obtain 


L.S =An.S$ =A. 


+ That is, the zero-order approximation with respect to both the effect of the rotation of the mole- 
cule and the spin-axis interaction. 


$84 Multiplet terms 303 


Finally, the mean value of the squared orbital angular momentum L? is 
independent of the spin, and is some function of 7 characterising the given 
(unsplit) electron term. All the terms which are functions of r but indepen- 
dent of J and = can be included in U(r), while the term proportional to & 
(or, what is the same thing, to ©) can be included in the expression A(r)Q. 
Thus we have for the effective potential energy the formula 


Us(r) = U(r) + ANQ+B(N[ J(J+1)—2Q?). (83.6) 


The energy levels of the molecule can be obtained from this by the same 
method as in §82 when using the formula (82.6). Expanding U(r) and A(r) 
in series of powers of €, and retaining the terms up to and including the 
second order in the expansion of U(r), but only the terms of zero order in the 
second and third terms, we obtain the energy levels in the form 


E = U,+4,0+ho(ot+h)+B J J+1)—20], (83.7) 


where A, = A(r,) and B, are constants characterising the given (unsplit) 
electron term. On continuing the expansion to higher terms, we obtain a 
series of terms in higher powers of the quantum numbers, but we shall not 
pause to write these out here. 


§84. Multiplet terms. Case ) 


Let us now turn to case b. Here the effect of the rotation of the molecule 
predominates over the multiplet splitting. Hence we must first consider the 
effect of rotation, neglecting the spin-axis interaction, and then the latter 
must be taken into account as a perturbation. 

In a molecule with “free” spin, not only the total angular momentum J 
but also the sum K of the orbital angular momentum of the electrons and the 
angular momentum of the nuclei are conserved; the latter is related to J by 


J =K+S. (34.1) 


The quantum number K distinguishes different states of a rotating molecule 
with free spin that are obtained from a given electron term. The effective 
potential energy U,(r) in a state with a given value of K is evidently deter- 
mined by the same formula (82.6) as for terms with S = 0: 


Ux(r) = U(r) +B(r)K(K+}), (34.2) 


where K takes the values A, A+1,.... 

When the spin-axis interaction is included, there is a splitting of each 
term into 2S+1 terms in general (or 2K+1 if K < S), which differ in the 
value of the total angular momentumt J. According to the general rule for 
the addition of angular momenta, the number J takes (for a given K) values 


+ In case }, the projection n.S of the spin on the axis of the molecule does not have definite 
values, so that there is no quantum number & (or Q). 
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from K+S to |K—S]: 
|K—S| <<] < K+S. (84.3) 


To calculate the energy of the splitting (in the first approximation of per- 
turbation theory), we must determine the mean value of the operator of the 
spin-axis interaction energy for the state in the zero-order approximation 
(with respect to this interaction). In the case considered, this means averag- 
ing with respect to both the electron state and the rotation of the molecule 
(for a given r). The result of the first averaging is, as we know, an operator 
of the form A(r)n . §, which is proportional to the projection n . § of the spin 
operator on the axis of the molecule. Next we average this operator with 
respect to the rotation of the molecule, taking the direction of the spin vector 
to be arbitrary; then n.§ = &.8. The mean value ai is a vector which, 
from considerations of symmetry, must have the same direction as the 
“vector” RK, the only vector which characterises the rotation of the molecule. 
Thus we can write 


h = constant xK. 


The coefficient of proportionality is easily determined by multiplying both 
sides of this equation by RK; noting that the eigenvalues of n . K and K? are 
respectively A (see (82.3)) and K(K +1), we find the constant to be A/K(K +1). 
Thus 


n.§ = ARK.8/K(K+1). 


Finally, the eigenvalue of the product K . S, according to the general formula 
(31.2), is 


K.S =4J(J+1)—K(K+1)—S(S+))]. (84.4) 


As a result, we arrive at the following expression for the required mean 
value of the energy of the spin-axis interaction: 


ANAT IJ +1) —S(S+1)—K(K+1)]/2K(K+1) 
= ANAL —S)J+S+1)/2K(K+1)—-44(r)A. 


‘This expression must be added to the energy (84.2). The term $A(r)A, being 
independent of K and /, can be included in U(r), so that we have finally for 
the effective potential energy the expression 


Ux(r) = Ur)+ Br) K(K+1)+4MAJ—S)(J+S+1)/2K(K+1). (84.5) 


An expansion in powers of £ = r—r, gives, in the usual manner, an expres- 
sion for the energy levels of the molecule in case b: 


E = U,Aho(0+3)+B,K(K+1) +4 MJ—S\J+S+)/K(K+1). (84.6) 
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As has been pointed out in the previous section, the spin-orbit interaction 
for = terms does not give a multiplet splitting in the first approximation, and 
to determine the fine structure we must take into account the spin-spin 
interaction, whose operator is quadratic with respect to the spins of the elec- 
trons. Weare at present interested not in this operator itself, but in the result 
of averaging it with respect to the electron state of the molecule, as was done 
for the operator of the spin-orbit interaction. It is evident from considera- 
tions of symmetry that the required averaged operator must be proportional 
to the squared projection of the total spin of the molecule on the axis, i.e. 
it can be written in the form 


a(r) (S.n)?, (84.7) 


where a(r) is again some function of the distance r, characterising the given 
electron state. Symmetry allows also a term proportional to S?, but this is 
immaterial since the absolute value of the spin is just a constant. We shall 
not pause here to derive the lengthy general formula for the splitting due to 
the operator (84.7); in Problem 1 of this section we give the derivation of the 
formula for triplet & terms. 

The doublet = terms form a special case. According to Kramers’ theorem 
(§60), the double degeneracy in a system of particles with total spin S = }4 
certainly persists, even when the internal relativistic interactions in the system 
are fully allowed for. Hence the 22 terms remain unsplit, even when we 
take account of both the spin-orbit and the spin-spin interaction, and in any 
approximation. 

The splitting is obtained here only by taking into account the relativistic 
interaction of the spin with the rotation of the molecule; this effect is very 
small. The averaged operator of this interaction must evidently be of the 
form yK .§, and its eigenvalues are determined by the formula (84.4), in 
which we must put S= 4, J = K+}. Asa result, we obtain for the ?% 
terms the formula 


E = U,+ho,(v+4)+B,.K(K+ lI) 43y(K+}); (84.8) 


a constant —}y is included in U,. 


PROBLEMS 


PROBLEM 1. Determine the multiplet splitting of a 32 term in case b (H. A. KRAMERS 
1929). 


SOLUTION. 'The required splitting is determined by the operator (84.7), which must be 
averaged with respect to the rotation of the molecule. We write it in the form ceninn SiS, 
where % = «(79). Since the vector S is conserved, only the products minx need be averaged. 
According to the formula derived in §29, Problem 2, we have 


KiKy+KrKi fs 
(2K—1)(2K + 3) 


here we have not written out the terms proportional to 5;, whose contribution to the energy 
is independent of J and therefore does not cause any splitting of the type under consideration. 


——— 


nynk = — 
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Thus the splitting is given by the operator 
Ke 
~ (2K—1)(2K+3) 
Since § commutes with K, 


SS, KiKe = 5:KiS,Ky = (S .K)?, 


SiS KiKi +K,Ki). 


where the eigenvalue S . K is given by (84.4). We also have 
SiS: KeKi = SiSpRiKy+iSiSpernki 
= (S 7 K)? +4($i8; _ SeSi err 
= (S.K)?+hernesnmSmKi 
=(S. K)?+S .K. 


The values J = K, K+1 correspond to the three components Ex of the triplet 35 (S = 1). 
For the intervals between these components we find 


K+1 K 
’ Ex-1 —Ex= —Ay 5 
2K+3 2K—1 


Ex. — Ex = —«, 


PROBLEM 2. Determine the energy of a doublet term (with A0) for cases intermediate 
between a and 6 (E. Hitt and J. H. van Vieck 1928). 


SOLUTION. Since the rotational energy and the energy of the spin-axis interaction are 
supposed of the same order of magnitude, they must be considered together in perturbation 
theory, so that the perturbation operator is of the formt 


V = BR?+4,n.8. 


As wave functions in the zero-order approximation it is convenient to use those of states in 
which the angular momenta K and J have definite values (i.e. those of case 6). Since S = 4 
for a doublet term, the quantum number K, for a given J, can take the values K = J+4. 
To construct the secular equation, we must calculate the matrix elements V"3“7, (n denoting 
the assembly of quantum numbers defining the electron term), where K,K’ take the above 
values. ‘The matrix of the operator K? is diagonal; the diagonal elements are K(K +1). The 
matrix elements of n.S are calculated from the general formula (109.5), in which we must 
put ji = S,j2 = K; the matrix elements of n are given by (87.1). Calculation gives the 
secular equation 


BJ +2)J +3)—AAl(2J +1)—E® AWVl(J+2)P?—A"]/(2J +1) 
AW[(J+3)P?—M7)/(2J +1) B(J+3)J—3) +4. Al(27+1)—E9| 
Solving this equation and adding E@) to the unperturbed energy, we have 
EB = U,+he,(vt+3)+ BJ J++ VBeJ+32—-A,BA+442]; 
a constant 4Be is included in Ue. The inequality Ae > BeJ corresponds to case a, and the 
opposite one to case b. 


PROBLEM 3. Determine the intervals between the components of a triplet level = in a 
case intermediate between a and 8. 


t The averaging with respect to vibrations must be done before that with respect to rotation. 
Hence, restricting ourselves to the first terms of the expansions in ¢, we have replaced the functions 
B(r) and A(r) by the values Be and Ae, and the unperturbed energy levels are E( = U,+hiw,(v + 4). 
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SoLuTIon. As in Problem 2, the rotational energy and the energy of the spin-spin inter- 
action are considered together in the perturbation theory. The perturbation operator is of 
the form 


V = B.R?2+2,(n.§)2. 


As wave functions in the zero-order approximation we use those of case b. The matrix elements 
(n . S)%. (we omit all suffixes with respect to which the matrix is diagonal) are again calcu- 
lated from (109.5) and (87.1), this time with A = 0, S = 1. The non-zero elements are of 
the form 


(aS) = VI FDIQJ+D) (a8) = VIF 


For a given J, the number K can take the values K = J, /+1. For the matrix elements Vz, 
we find 


V2 = BJ(J+l)+e, VI = BYJ-)J+a(J+/2J+1), 
VI = B(J+1(J+2)+o.J/(2I+1), 


VIA = VIA = a JJ+YM(2I+0. 


J+1 


We see that there are no transitions between states with K = J and those with K = J+1. 
Hence one of the levels is simply E, = V3. 'The other two (E;, Es) are obtained by solving 
the quadratic secular equation formed from the matrix elements VJ}, V3t}, Vz}. Since 
we are here interested only in the relative position of the components of the triplet, we 
subtract the constant «¢ from all three energies E,, E,, E3. As a result we obtain 


E, = B,J(J+)), 


Ey, = B(J?+-J+1)—3e+ V/[B2(2J +1)P?—«,Be+4%"]. 


In case b (« small), by considering three levels with the same K and different J (J = K, 
K+1), we again obtain the formulae of Problem 1. 


§85. Multiplet terms. Cases c and d 


Besides cases of a and b coupling and those intermediate between them, 
there are also other types of coupling. These originate as follows. ‘The 
occurrence of the quantum number A is due ultimately to the electric interac- 
tion of the two atoms in the molecule, which results in the axial symmetry 
of the problem of determining the electron terms (this interaction in the 
molecule is called the coupling between the orbital angular momentum and 
the axis). The distances between terms with different values of A give a 
measure of the magnitude of this interaction. Previously we have tacitly 
supposed this interaction so strong that these distances are large both com- 
pared with the intervals in the multiplet splitting and compared with those 
in the rotational structure of the terms. There are, however, opposite cases 
where the interaction of the orbital angular momentum with the axis is com- 
parable with or even small compared with the other effects; in such cases, of 
course, we cannot in any approximation speak of a conservation of the pro- 
jection of the orbital angular momentum on the axis, so that the number A 
is no longer meaningful. 


II 
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If the coupling of the orbital angular momentum with the axis is small 
in comparison with the spin-orbit coupling, we say that we have case c. It 
is found in molecules which contain an atom of a rare-earth element. These 
atoms are characterised by the presence of f electrons with uncompensated 
angular momenta; their interaction with the axis of the molecule is weakened 
by the deep position of the f electrons in the atom. Cases intermediate be- 
tween the a and ¢ types of coupling are found in molecules consisting of 
heavy atoms. 

If the coupling of the orbital angular momentum with the axis is small 
compared with the intervals in the rotational structure, we say that we have 
case d. This case is found for high rotational levels (with large /) in some elec- 
tron terms of the lightest molecules (H,, He,). ‘These terms are characterised 
by the presence in the molecule of a highly excited electron, whose interaction 
with the remaining electrons (or, as we say, with the “core” of the mole- 
cule) is so weak that its orbital angular momentum is not quantised along the 
axis of the molecule (whereas the “core” has a definite angular momen- 
tum Acore about the axis). 

As the distance r between the nuclei increases, the interaction between the 
atoms is diminished, and finally becomes small compared with the spin-orbit 
interaction within the atoms. Hence, if we consider the electron terms for 
fairly large 7, we shall have case c. This must be borne in mind when 
ascertaining the relation between the electron terms of the molecule and the 
states of the atoms obtained as r > oo. In §80 we have already discussed this 
relation, neglecting the spin-orbit interaction. When the fine structure of 
the terms is included, there arises also the question of the relation between 
the values J, and /, of the total angular momenta of the isolated atoms and 
the values of the quantum number Q for the molecule. We shall give the 
results here, without reiterating arguments which are entirely similar to those 
of §80. 

If the molecule consists of different atoms, the possible values off |Q| 
obtained on combining atoms with angular momenta J,, J, (J; > J») are 
given by the same table (80.1), in which we must put /,, /, in place of L,, Ly, 
and |Q| in place of A. The only difference is that, for half-integral /,+/., 
the smallest value of |Q| is not zero as shown in the table, but 3. For integral 
Ji+Je, on the other hand, there are 2J/,+1 terms with Q = 0, for which (as 
for & terms when the fine structure is neglected) we have to decide the 
question of sign. If /, and j, are each half-integral, the number 2/,+1 is 
even, and there are equal numbers of terms, which we shall denote by 0+ 
and 0-. If J, and J, are both integral, however, then /,+1 terms are 0+ and 
Jq are O- (if (—1)7*"*LI, = 1) or vice versa (if (—1)7*"*L,, = —1). 

If the molecule consists of similar atoms in different states, the resulting 
molecular states are the same as in the case of different atoms, the only 


} In adding the two total angular momenta J,, J, of the atoms to form the resultant angular momen- 
tum Q, the sign of 2 is clearly immaterial. 
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difference being that the total number of terms is doubled, with each term 
appearing once as an even and once as an odd term. 

Finally, if the molecule consists of similar atoms in the same state (with 
angular momenta J, = J, = J), the total number of states is the same as in 
the case of different atoms, while their distribution in parity is such that, 

if J is integral and Q is even, N, = N,+1; 

if J is integral and Q is odd, N, = N,,; 

if J is half-integral and Q is even, N, = N,; 

if J is half-integral and Q is odd, N, = N,+1. 
All the 0+ terms are even and all the 0- terms odd. 

As the nuclei approach, a coupling of type ¢ usually passes into one of 
type at. Here the following interesting circumstance may arise. As already 
mentioned, the term with A = 0 belongs to case J, and as regards the classi- 
fication of case a this means that multiplet levels with different values of Q 
(and the same A = 0) have the same energy; but such levels can occur on 
the approach of atoms which are in different fine-structure states. 

‘Thus it may happen that the same molecular term corresponds to different 
pairs of atomic fine-structure states. A similar situation may occur for terms 
with Q = 0 which, on the approach of the nuclei, become a molecular term 
with A # 0 (and therefore & = —A). Such levels are doubly degenerate, 
since in case a the same energy corresponds to the terms 0* and 0- 
(which may arise from different pairs of atomic states). 


§86. Symmetry of molecular terms 


In §78 we have already examined some symmetry properties of the terms 
of a diatomic molecule. These properties characterised the behaviour of the 
wave functions in transformations which leave the co-ordinates of the nuclei 
unaltered. Thus the symmetry of the molecule with respect to reflection in 
a plane passing through its axis brings about the difference between X+ and 
x” terms; the symmetry with respect to a change in sign of the co-ordinates|| 
of all the electrons (for molecules composed of like atoms) gives rise to the 
classification of terms into even and odd. These symmetry properties char- 
acterise the electron terms, and are the same for all rotational levels belonging 
to the same electron term. 

The states of the molecule, like those of any system of particles (see §30), 
are characterised by their behaviour with respect to inversion, i.e. a simul- 
taneous change in sign of the co-ordinates of all the electrons and the nuclei. 
For this reason, all the terms for the molecule can be divided into positive 
(whose wave functions are unaltered when the sign of the co-ordinates of the 


+ The correspondence between the classification of terms of types a and ¢ cannot be derived in a 
general form. Its derivation necessitates a consideration of the actual] potential energy curves, taking 
into account the rule that levels of like symmetry cannot intersect (§79). 

$ We here neglect what is called A-doubling (see §88). 

|| The origin is supposed to be taken on the axis of the molecule, and half-way between the two 
nuclei. 
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electrons and nuclei is reversed) and negative (whose wave functions change 
sign on inversion).f 

For A # 0, each term is doubly degenerate, on account of the two possible 
directions of the angular momentum about the axis of the molecule. As a 
result of inversion, the angular momentum itself does not change sign, but 
the direction of the axis of the molecule is reversed (since the atoms change 
places), and hence the direction of the angular momentum A relative to the 
axis of the molecule is reversed. Hence two wave functions belonging to the 
same energy level are transformed into each other, and from them we can 
always form a linear combination that is invariant with respect to inversion 
and one that changes sign under this transformation. Thus we obtain for 
each term two states, of which one is positive and the other negative. In 
practice, every term with A # 0 is split, however (see §88), and so these two 
states correspond to different values of the energy. 

The & terms require special consideration to determine their sign. First 
of all, it is clear that the spin bears no relation to the sign of the term: the 
inversion operation changes only the co-ordinates of the particles, leaving 
the spin part of the wave function unaltered. Hence all the components of 
the multiplet structure of any given term have the same sign. In other words, 
the sign of the term depends only on K, and not on J. 

The wave function of the molecule is the product of the electron and 
nuclear wave functions. It has been shown in §82 that, in a X state, the motion 
of the nuclei is equivalent to that of a single particle, of orbital angular 
momentum K, in a centrally symmetric field U(r). Hence we can say that, 
when the sign of the co-ordinates is changed, the nuclear wave function is 
multiplied by (—1)* (see (30.7)). 

The electron wave function characterises the electron term, and to ascertain 
its behaviour under inversion we must consider it in a system of co-ordinates 
rigidly connected to the nuclei and rotating with them. Let x, y, z be a sys- 
tem of co-ordinates fixed in space, and €, 7, £ a rotating system of co-ordinates 
in which the molecule is fixed. The direction of the axes of €, 7, ¢ is defined 
so that the f-axis coincides with the axis of the molecule from (say) nucleus 
1 to nucleus 2, and the relative position of the positive directions of the axes 
of €, 7, ¢ is the same as in the system x, y, 2 (i.e. if the system x, y, 2 is left- 
handed, the system &, 7, ¢ is so too). Asa result of the inversion operation, 
the direction of the axes of x, y, 2 is reversed, and the system changes from 
left-handed to right-handed. The system é, 7, ¢ must also become right- 
handed, but the {-axis, being rigidly connected to the nuclei, retains its 
former direction. Hence the direction of either one of the axes of €, 7 must 


+ We retain the customary terminology. It is unfortunate, however, since in the case of an atom 
the behaviour of the terms with respect to the operation of inversion is referred to as parity and not 
sign. 

The sign of which we are here speaking must not be confused with the -+ and — which are added 
as indices to & terms. 

+ We recall that case b usually holds for & terms, and so it is necessary to use the quantum numbers 
K and J. 
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be reversed. Thus the operation of inversion in the fixed system of co- 
ordinates is equivalent in the moving system to a reflection in a plane passing 
through the axis of the molecule. Under such a reflection, however, the 
electron wave function of a X*+ term is unaltered, while that of a &~ term 
changes sign. 

Thus the sign of the rotational components of a &+ term is determined by 
the factor (—1)*; all the levels with even K are positive, while those with 
odd K are negative. Fora =~ term, the sign of the rotational levels is deter- 
mined by the factor (—1)¥+1; all levels with even K are negative, while those 
with odd K are positive. 

If the molecule consists of similar atoms, } its Hamiltonian is also invariant 
with respect to an interchange of the co-ordinates of the two nuclei. A term 
is said to be symmetric with respect to the nuclei if its wave function is un- 
altered when they are interchanged, and antisymmetric if its wave function 
changes sign. The symmetry with respect to the nuclei is closely related to 
the parity and sign of the term. An interchange of the co-ordinates of the 
nuclei is equivalent to a change in sign of the co-ordinates of all the particles 
(electrons and nuclei), followed by a change in sign of the co-ordinates of the 
electrons only. Hence it follows that, if the term is even and positive (or 
odd and negative), it is symmetric with respect to the nuclei. If, on the other 
hand, it is even and negative (or odd and positive), then it is antisymmetric 
with respect to the nuclei. 

At the end of §62 we have established a general theorem that the co-ordinate 
wave function of a system of two identical particles is symmetrical when the 
total spin of the system is even, and antisymmetrical when it is odd. If we 
apply this result to the two nuclei of a molecule composed of similar atoms, 
we find that the symmetry of a term is related to the parity of the total spin 
I obtained by adding the spins z of the two nuclei. The term is symmetric 
when J is even, and antisymmetric when J is odd.{ In particular, if the nuclei 
have no spin ( = 0), I is zero also; hence the molecule has no antisymmetric 
terms. We see that the nuclear spin has an important indirect influence on 
the molecular terms, although its direct influence (the hyperfine structure of 
the terms) is quite unimportant. 

When the spin of the levels is taken into account, an additional degeneracy 
of the levels results. Again in §62, we have calculated the number of states 
with even and odd values of J that are obtained on adding two spins z. Thus, 
when 7 is half-integral, the number of states with even I is 7(2:+-1), and with 
odd I is (¢+1)(2i+1). From what was said above, we conclude that the 
ratio of the degrees g,, g, of the degeneracy || of symmetric and antisymmetric 


+ The two atoms must be not only of the same element, but also of the same isotope. 

+ Recalling the relation between the parity, sign and symmetry of terms, we conclude that, when the 
total spin J of the nuclei is even, the positive levels are even and the negative levels odd, and vice 
versa when I is odd. 

|| The degree of degeneracy of a level is often referred to in this connection as its statistical weight. 
Formulae (86.1), (86.2) determine the ratio of the nuclear statistical weights of symmetric and anti- 
symmetric levels. 
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terms for terms with half-integral 7 is 


sla = t/(t+1). (86.1) 
For integral z, we similarly find that this ratio is 
88a = (@+1)/2. (86.2) 


We have seen that the sign of the rotational components of a X+ term is 
determined by the number (—1)*. Hence, for example, the rotational com- 
ponents of a X+, term for even K are positive, and therefore symmetric, while 
for odd K they are negative and consequently antisymmetric. Bearing in 
mind the results obtained above, we conclude that the nuclear statistical 
weights of the rotational components of a X+, level with successive values of 
K take alternate values, in the ratios (86.1) or (86.2). A wholly similar situa- 
tion is found for X+,, X-, and X-, levels. In particular, for 7 = 0 the 
statistical weights of levels with even K for X*,, and 2—, terms, and of levels 
with odd K for +, and X—, terms, are zero. In other words, in the electron 
states X+,, X-, there are no rotational states with even K, and in 2+), Dy 
states there are none with odd K. 

Because of the extremely weak interaction of the nuclear spins with the 
electrons, the probability of a change in J is very small, even in collisions of 
molecules. Hence molecules differing in the parity of J, and accordingly 
having only symmetric or only antisymmetric terms, behave almost as differ- 
ent forms of matter. Such, for instance, are orthohydrogen and parahydro- 
gen; in the molecule of the former, the spins 7 = 3 of the two nuclei are 
parallel (I = 1), while in that of the latter they are antiparallel (J = 0). 


§87. Matrix elements for the diatomic molecule 


In calculating the matrices of various quantities in the diatomic molecule, 
let us begin with the matrix elements for transitions between states with 
zero spin. 

Let n be a unit vector along the axis of the molecule. The vector n, re- 
garded as an operator, commutes with the operator of the energy of the 
electrons and with that of the vibrational energy, but not with the angular 
momentum K of the molecule. Hence the matrix of n is diagonal with respect 
to all the quantum numbers except K and Mg (where by Mx we denote the 
magnitude of the projection of the angular momentum K on a z-axis fixed 
in space). Omitting all suffixes but these two, we write the matrix elements 
in the form (K’M‘x|n|KMx). Their dependence on Myx is given directly 
by the general formulae (29.7), (29.9), in which L and M must be replaced 
by K and Mx, and the suffix 2 may be omitted. We denote the coefficients 
in these formulae by 7., for the present case, so that, for example, 


Mx 


_ K 
(KMx|ne|KMx) = ee Daksa py 
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To calculate the quantities n~, we start from the equations n.K = A, 
n* — 1, written in the form (see (29.11)) 
4n,K.+4n_K_+1,K, = A, 
nin_+n,? = 1, 
and the commutation relation 
n,nN+—n n, = 0. 


Taking the diagonal matrix elements of these equations (the matrix elements 
of K being determined from the general formulae (27.12) with K, M, in 
place of L, M), we obtain, after some calculations which we here: omit, the 
following formulae for the quantities required (H. H6Nnt and F. Lonpon 
1925): 


2K+1 Se 
"K ~ K(K+1) ng) = (ng_-y)* = tV/[(K2—A%)/K]. (87.1) 
For A = 0 these formulae give 
nk = 0, ne = 1\/K; 


these correspond, as we should expect, to the matrix elements of a unit vector 
for motion in a centrally symmetric field (see §29, Problem 1). 

Next, let A be some vector physical quantity characterising the state of 
the molecule when the nuclei are fixed.t Let us first consider this quantity 
in the system of co-ordinates £, 7, ¢, which rotates with the molecule (the 
¢-axis coinciding with the axis of the molecule). The results of §29 cannot 
here be applied in their entirety, since the angular momentum of the mole- 
cule with respect to the system of co-ordinates &, 7, { (i.e. the electron angular 
momentum L) is not conserved; only its -component A is conserved. The 
results concerning the selection rule for the quantum number A (M in §29) 
evidently remain fully valid, however. Thus the matrix elements of the vector 
A that are not zero are 

(Ay) (Agtidgrd 1, (Ag—t4, eA; (87.2) 
we denote by the assembly of quantum numbers for the electron term, with 
the exception of A. 

If both the terms are & terms, we must also bear in mind the selection rule 
arising from the symmetry with respect to reflection in a plane passing through 
the axis of the molecule (the ¢-axis). Under such a reflection, the f-com- 
ponent of an ordinary (polar) vector is unchanged, while that of an axial vector 
changes sign. Hence we conclude that, for a polar vector, A, has non-zero 
matrix elements only for the transitions X+ - X+ and I- + X-, while for 


t For example, the dipole moment or magnetic moment of the molecule. 
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an axial vector the elements are non-zero for the transitions X+ - &-. We 
need not discuss the components Az, A,, since for these no transitions with- 
out change of A are possible. 

If the molecule consists of similar atoms, there is also a selection rule re- 
garding parity. The components of a (polar) vector change sign under inver- 
sion. Hence their matrix elements are non-zero only for transitions between 
states of different parity (the reverse is true for an axial vector). In particular, 
all the diagonal matrix elements of the components of a polar vector vanish 
identically. | 

The question arises how the matrix elements (87.2) are related to those of 
the same vector A in a fixed system of co-ordinates. In this system we can 
again use the general formulae (29.7), (29.9), which give the dependence of 
the matrix elements (nAKMx|A|n’A’K’M’x) on the quantum number Mx. 
The coefficients in these formulae are naturally denoted by A”A.; we have 
to relate these to the quantities (87.2). 

It is seen from (87.2) that there are matrix elements diagonal with respect 
to A only for the component along the axis of the molecule. Hence we can 
write the equation 


(nAKM,|A|n'AK’'M’x) = (nAKMx|Agn|n’AK'M’x). 
In particular, 
(nAKMx|A,|n'AK’Mx) = (Agnoa(KMx|ne|K’M x). 
Separating out the dependence on Mg, we hence have 


AMAK =n (A,)n4, (87.3) 
where the n%, are determined by formulae (87.1). Thus we have found some 
of the relations which we desire. 

To find the remaining relations (for the components non-diagonal with 
respect to A), we notice that, since the quantity A refers to the molecule with 
fixed nuclei, the operators Az, A,, A, evidently commute with the vector n. 
The components of the vector A in the system x, y, 2 are linear combinations 
of the components in the system €, 7, ¢, the coefficients in these combinations 
being functions of 7, 2,,,- Hence A,, A, A, also commute with the vector 
n. In particular : 3 

A,nz—nzAz = 0. 
Taking from this equation the matrix elements for the transitions A, 
K > A—1, K' with K’' = K, K+1, we obtain three equations, from which 
the dependence on K of the required quantities A”4*, ~, can be found. 
The coefficients in the resulting formulae can be related to the quantities 
(87.2) by comparing the matrix elements of the scalar A?, these being calcu- 
latedt in the two systems of co-ordinates x,y,z and €, 7, ¢. As a result, 


+ The calculation is conveniently performed directly from the formula (29.12), where we must 
put A = B, replace L by K, and take n as n, A. 
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we obtain the following final formulae: 


Am x = MAgtiA, PA | VI(2K+1)(K+A)(K—A+1)/K(K +1), 
An ga = MAgtiAg)™* | VI(K+A)(K+A—D/K), (87.4) 


AMAR = (Ag tid, )™ V/[(K—A)(K—A+1)/K]. 


The components with A—1 — A are the complex conjugates of those given. 
Finally, we must find how the formulae we have obtained should be modi- 
fied for transitions between states with non-zero spin. Here it is important 
to know whether the states belong to case a or to case b. . 

First, let the two states belong to case a. The unit vector n commutes 
with the spin vector S, and hence its matrix is diagonal with respect to the 
quantum numbers S and % (or, what is the same thing, S and Q, since 
Q = A+ 4%, and this matrix is diagonal with respect to A also). The quantum 
numbers K and Mg do not exist, and instead we have the total angular 
momentum J and its projection M on the z-axis. Instead of the relation 

n.K = A, which we used to derive (87.1), we now have n. J = Q. Accord- 
ingly, we again obtain the same formulae (87.1), except that K and A must 
now be replaced by J and Q respectively (we omit the diagonal suffix S). 

The same is true for any orbital vector A (i.e. one which does not depend 
on the spin). Such a vector commutes with S also, and hence its matrix is 
diagonal with respect to S and &; if we use the quantum number Q in place 
of %, it changes together with A in the non-zero matrix elements (i.e. if 
A’ = A+1, then QO’ = O+1). The formulae (87.3) and (87.4) are unchanged 
except that we must add the suffixes Q and (’, and everywhere (except the 
suffixes) replace K and A by J and Q. 

If the vector A depends on the spin, however, the selection rules are different. 
The vector S commutes with the orbital angular momentum, and also with 
the Hamiltonian, and hence its matrix is diagonal with respect to m and A; 
we omit these suffixes. It is, however, not diagonal with respect to 5 (or Q). 
The matrix elements of the components of S in the system &, 7, ¢ are deter- 
mined by formulae (27.13), with S and & in place of Z and M, and then the 
transition to the system x, y, 2 is effected by the formulae (87.3), (87.4), 
where we must everywhere (including the suffixes) replace K and A by J and 
Q. 

Now let both states belong to case 6. The calculation of the matrix ele- 
ments is here performed in two stages. First we consider the rotating mole- 
cule without taking into account the addition of the spin to the angular 
momentum K;; the matrix elements are then determined by the same formulae 
(87.1)-(87.4). The vector A is supposed orbital, so that, like n, it commutes 
with S, and so the matrices are diagonal with respect to the quantum number 
S, which we omit from the suffixes. The angular momentum K is then 
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added to S to form the total angular momentum J, and the transition to the new 
matrix elements is effected by the general formulae (109.3). The part of 7, 
in these formulae is here taken by S, that of j, by K, and we write m, A in 
place of m1. 

If one of the states belongs to case a and the other to case 5, the calculation 
of the matrix elements for transitions between the states is more involved; 
we shall not here pause to consider this problem.t 


PROBLEMS 


PROBLEM 1. Determine the Stark splitting of the terms for a diatomic molecule having 
a constant dipole moment, in the case where the term belongs to case a. 


SOLUTION. The energy of a dipole d in an electric field & is —d.&. Fromconsidera- 
tions of symmetry, it is evident that the dipole moment of a diatomic molecule is directed 
along its axis; d = dn, where dis aconstant. ‘Taking the direction of the field as the z-axis, 
we obtain the perturbation operator in the form —dnzé. 

Determining the diagonal matrix elements of mz in accordance with the formulae derived 
above, we find that in case @ the splitting of the levels is given by the formulaf 


AEy, = —&4M,Q|J(J+1). 


PROBLEM 2. ‘The same as Problem 1, but for the case where the term belongs to case b 
(and A + 0). 
SOLUTION. By the same method we have 
JU +1)—S(S+1)+-K(K+1) 
AEM = agi TO OEE 
: 2K(K+1)J(J+1) 
PrRoBLEM 3. The same as Problem 2, but for a 1X term. 


SOLUTION. For A = 0 the linear effect is absent, and we must go to the second approxi- 
mation of perturbation theory. In the summation in the general formula (38.9), it is sufficient 
to retain only those terms which correspond to transitions between rotational components of 
the electron term concerned; for other terms the energy differences in the denominators are 
large. Thus we find 


KMyx\n,|\K—1, Mx)|? |(KM, K+1, Mx)|? 
aby, = nea, Ma Ma dA Ma 
zs Ex—Ex-1 Erxr—Exrsz 
where Ex = BK(K+1). A simple calculation gives 
ad? G2 K(K+1)—3M x? 
AEy = — ——_—___---_—.. 
# B 2K(K+1)(2K—1)(2K+3) 


§88. A-doubling 


The double degeneracy of the terms with A # 0 (§78) is in fact only 
approximate. It occurs only so long as we neglect the effect of the rotation 


+ See E. Hitz and J. vaAN ViEck, Physical Review 32, 250, 1928. 

+ It may seem that there is here a contradiction of the general assertion that there is no linear 
Stark effect (§76). In fact, of course, there is no contradiction, since the presence of a linear Stark 
effect is here due to the double degeneracy of the levels with Q 0; the formula obtained is therefore 
applicable provided that the energy of the Stark splitting is large compared with that of what is called 
the A-doubling (§88). 
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of the molecule on the electron state (and also the higher approximations with 
respect to the spin-orbit interaction), as we have done throughout the above 
theory. When the interaction between the electron state and the rotation is 
taken into account, a term with A ¥ 0 is split into two levels close together. 
This phenomenon is called A-doubling (E. Hitt and J. H. vAN VLECK, and 
R. de L. Kronic, 1928). 

To consider this effect quantitatively, we again begin with the singlet 
terms (S = 0). We have calculated (in §82) the energy of the rotational 
levels in the first approximation of perturbation theory, determining the 
diagonal matrix elements (i.e. the mean value) of the operator 


Bir) (R—L)?. 


To calculate the subsequent approximations, we must consider the elements 
of this operator that are not diagonal with respect to A. The operators RK? 
and L? are diagonal with respect to A, so that we need consider only the oper- 
ator —2BK .L. 

The calculation of the matrix elements of K.L is conveniently effected 
by means of the general formula (29.12), in which we must put A= K, 
B = L; the parts of Z and M are taken by K and Mg, while in place of n we 
must put m, A, where m denotes the assembly of quantum numbers (other 
than A) which determine the electron term. Since the matrix of the vector 
K, which is conserved, is diagonal with respect to n, A, while that of the 
vector L contains non-diagonal elements only for transitions in which A 
changes by unity (cf. what was said in §87 concerning an arbitrary vector A), 
we find, using formulae (87.4), 


(nAKMg\K.Ln’, A—1, KMx) = (Lg til, VU(K+A(K+1—A)]. (88.1) 


There are no non-zero matrix elements corresponding to any greater change 
in A. 

The perturbing effect of the matrix elements with A - A—1 can cause 
the appearance of an energy difference between states with +A only in the 
2Ath approximation of perturbation theory. Accordingly, the effect is pro- 
portional to B*4, i.e. to (m/M)?4, where M is the mass of the nuclei and m 
that of the electron. For A > 1, this quantity is so small that it is of no 
interest. ‘Thus the A-doubling effect is of importance only for II terms 
(A = 1), which are considered below. 

For A = 1 we must go to the second approximation. The corrections to 
the eigenvalues of the energy can be determined from the general formula 
(38.9). In the denominators of the terms in the sum occurring in this equa- 
tion we have energy differences, of the form E,,,.—En,,1x- In these 
differences, the terms containing K cancel, since, for a given distance r be- 
tween the nuclei, the rotational energy is the same quantity, B(r)K(K-+1), 
for all the terms. Hence the dependence on K of the required splitting AE 
is entirely determined by the squared matrix elements in the numerators. 
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Among these are the squared elements for transitions in which A changes 
from 1 to 0 and from 0 to —1; these both give, by (88.1), the same depen- 
dence on K, and we find that the splitting of the II term is of the form 


AE = constant x K(K+1), (88.2) 


where the constant is of the order of magnitude of B?/«, « being the order of 
magnitude of the differences between neighbouring electron terms. 

Let us pass now to terms with non-zero spin (II and 8II terms; higher 
values of S are not found in practice). If the term belongs to case b, the 
multiplet splitting has no effect on the A-doubling of the rotational levels, 
which is determined as before by formula (88.2). 

In case a, however, the effect of the spin is important. Here each electron 
term is characterised by the number © as well as A. If we simply replace 
A by —A, then OQ = A+ 2% is changed, so that we obtain an entirely different 
term. The levels with A, Q and —A, —Q are mutually degenerate. This 
degeneracy can here be removed not only by the effect, considered above, of 
the interaction between the orbital angular momentum and the rotation of 
the molecule, but also by the effect of the spin-orbit interaction. The con- 
servation of the projection Q of the total angular momentum on the axis of 
the molecule is (if the nuclei are fixed) an exact conservation law, and so 
cannot be destroyed by the spin-orbit interaction; the latter can, however, 
change A and > (i.e. there are matrix elements for the corresponding transi- 
tions) in such a way that Q remains unchanged. This effect, alone or in 
combination with the orbit-rotation interaction (which alters A but not 2), 
may cause A-doubling. 

Let us first consider the *II terms. For the #JI,,. term (A=1, 2 =—4, 
QO = 3), the splitting is obtained on taking into account simultaneously the 
spin-orbit and orbit-rotation interactions, each in the first approximation. 
For the former gives the transition A = 1, 2 = —4>A=0, X= 3, and 
then the latter converts the state A = 0, 2 = dintoA = —1, & = 4, which 
differs from the initial state by the signs of A and Q being reversed. ‘The mat- 
rix elements of the spin-orbit interaction are independent of the rotational 
quantum number /, while the dependence of those for the orbit-rotation 
interaction is determined by formula (88.1), in which (under the radical) 
we must replace K and A by J and Q. Thus we have for the A-doubling 
of a *II,/. term the expression 


AE, 2. = constant x(J+4), (88.3) 


where the constant is of the order of AB/e. For a *II3/. term, on the other 
hand, the splitting can be found only in higher approximations, so that in 
practice AF;,. = 0. 

Finally, let us consider *II terms. For a 5II) term (A = 1, & = —1), the 
splitting is obtained on taking into account the spin-orbit interaction in the 
second approximation (because of the transitions A = 1, 2 = —1 >A=0, 
x=0+>A= —1, 2 =1). Accordingly, the A-doubling in this case is 
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entirely independent of /: 
AE, = constant ~ A?/e. (88.4) 


For a 3JI, term, = = 0, and so the spin has no effect on the splitting; hence 
we again have a formula like (88.2), but with K replaced by /: 


AE, = constant xJ(J+1). (88.5) 


For a °II, term, higher approximations are needed, so that we can suppose 
AE, = 0. 

One of the levels of the doublet resulting from A-doubling is always posi- 
tive, and the other negative; we have already discussed this in §86. An 
investigation of the wave functions of the molecule enables us to establish 
the regularities of the alternation of positive and negative levels. Here we 
shall give only the results of the investigation.t It is found that if, for some 
value of J, the positive level is below the negative one, then in the doublet 
for J+1 the order is opposite, the positive level being above the negative 
one, and so on; the order varies alternately as the total angular momentum 
takes successive values. We are speaking here of case a terms; for case 6, the 
same holds for successive values of the angular momentum K. 


PROBLEM 
Determine the A-splitting for a 1A term. 


SoLuTION. Here the effect appears in the fourth approximation of perturbation theory. 
Its dependence on K is determined by the products of the four matrix elements (88.1) for 
transitions with change of A: 2 > 1,1—20,0—- —1, —1— —2. This gives 


AE = constant x(K—1)K(K+1)(K+2), 


where the constant is of order of B4/e*. 


§89. The interaction of atoms at large distances 


Let us consider two atoms in S states which are at a great distance from 
each other (relative to their size), and determine the energy of their interaction. 
In other words, we shall discuss the determination of the form of the electron 
terms U;,(r) when the distance between the nuclei is large. 

To solve this problem we apply perturbation theory, regarding the two 
isolated atoms as the unperturbed system, and the potential energy of their 
electrical interaction as the perturbation operator. As we know from electro- 
statics, the electrical interaction of two systems of charges at a large distance r 
apart can be expanded in powers of 1/r, and successive terms of this expansion 
correspond to the interaction of the total charges, dipole moments, quad- 
rupole moments, etc., of the twosystems. For neutral atoms, the total charges 
are zero. The expansion here begins with the dipole-dipole interaction 
(~ 1/r°); then follow the dipole-quadrupole terms (~ 1/r4), the quadrupole- 
quadrupole (and dipole-octupole) terms (~ 1/r5), and so on. 


+ This may be found in E, WiGNER and E. Witmer, Zettschrift fiir Physik 51, 859, 1928. 
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In the first approximation of perturbation theory, the required energy of 
the interaction of the atoms is determined as the diagonal matrix element of 
the perturbation operator, calculated with respect to the unperturbed wave 
functions of the system (expressed in terms of products of the unperturbed 
functions for the atoms).t In S states, however, the diagonal matrix elements, 
i.e. the mean values of the dipole, quadrupole, etc.. moments, are zero; this 
follows at once from considerations of symmetry, since the distribution of 
charges in an atom in the S state is spherically symmetrical on the average. 
Hence each of the terms of the expansion of the perturbation operator in 
powers of 1/r gives zero in the first approximation of perturbation theory. 

In the second approximation it is sufficient to restrict ourselves to the dipole 
interaction in the perturbation operator, since this decreases least rapidly 
as 7 increases, i.e. to the term 


V = [—d,.d,+3(d,.n)(d,.n)]/73, (89.1) 


where n is a unit vector in the direction joining the two atoms. Since the 
non-diagonal matrix elements of the dipole moment are in general different 
from zero, we obtain in the second approximation of perturbation theory a 
non-vanishing result which, being quadratic in V, is proportional to 1/r®. 
The correction in the second approximation to the lowest eigenvalue is, as we 
know, always negative (§38). Hence we obtain for the interaction energy of 
atoms in their normal states an expression of the form || 


U(r) = —constant/r®, (89.2) 


where the constant is positive (F. LoNpon 1928). 

Thus two atoms in normal S states, at a great distance apart, attract each 
other with a force (—dU/dr) which is inversely proportional to the seventh 
power of the distance. The attractive forces between atoms at large distances 
are usually called van der Waals forces. These forces cause the appearance 
of minima on the potential energy curves of the electron terms even for 
atoms which do not form a stable molecule. These depressions, however, 
are very shallow (being only tenths or even hundredths of an electron-volt 
in depth) and lie at distances several times greater than the distances between 
atoms in stable molecules. 

If only one of the atoms is in the S state, the same result (89.2) is obtained 
for the interaction energy, since, for the first approximation to vanish, it is 


{ Here we neglect the exchange effects, which decrease exponentially with distance (see §62, 
Problems). 

} This, of course, does not imply that the mean value of the interaction energy of the atoms is pre- 
cisely zero. It diminishes exponentially with distance, i.e. more rapidly than every finite power of 1/r, 
and hence each term of the expansion vanishes. This occurs because the expansion of the interaction 
operator in terms of the multipole moments involves the assumption that the charges of the two atoms 
are at a large distance r apart, whereas in quantum mechanics the electron density distribution has 
finite (though exponentially small) values even at large distances. 

|| For brevity, we here and later omit the unimportant constant term in U(r), i.e. the value of U(o0), 
which is the sum of the energies of the two isolated atoms. 
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sufficient for the dipole (etc.) moment of only one atom to be zero. The 
constant in the numerator of (89.2) here depends, not only on the states of 
the two atoms, but also on their mutual orientation, i.e. on the value Q of the 
projection of the angular momentum on the axis joining the atoms. 

If both atoms have non-zero orbital and total angular momenta, however, 
the situation is changed. The mean value of the dipole moment is zero in 
every state of the atom (§75). The mean values of the quadrupole moment in 
states with L 4 0, J # 0 or } are not zero, however. Hence the quadrupole- 
quadrupole term in the perturbation operator gives a non-zero result even 
in the first approximation, and we find that the interaction energy of the 
atoms diminishes as the fifth, not the sixth, power of the distance: 


U(r) = constant/r*. (89.3) 


Here the constant may be either positive or negative, i.e. we may have either 
attraction or repulsion. As in the previous case, this constant depends not 
only on the states of the atoms, but also on the state of the system formed 
by the two atoms. 

A special case is the interaction of two similar atoms in different states. 
The unperturbed system (the two isolated atoms) has here an additional de- 
generacy due to the possibility of interchanging the states of the atoms. 
Accordingly, the correction in the first approximation will be given by the 
secular equation, in which the non-diagonal matrix elements of the perturba- 
tion appear as well as the diagonal ones. If the states of the two atoms have 
different parities, and angular momenta L differing by +1 or 0 but not both 
zero (the same restriction being placed on /), then the non-diagonal matrix 
elements of the dipole moment for transitions between these states are in 
general not zero. Hence an effect in the first approximation is obtained from 
the dipole term in the perturbation operator. Thus the interaction energy 
of the atoms is here proportional to 1/r?: 


U(r) = constant/r°, (89.4) 


where the constant may have either sign. 

Usually, however, what is of interest is the interaction of the atoms aver- 
aged over all possible states of the system which they form (for given states 
of the atoms), including all possible orientations of the angular momenta 
of the atoms.t 

As a result of this averaging, all effects linear in the dipole or quadrupole 
moment of each atom (i.e. all effects in the first approximation of perturba- 
tion theory) vanish. The averaged interaction forces between atoms at large 
distances therefore always follow the law (89.2). 


+ Such averaging is necessary, for example, in the problem of determining the interaction of atoms 
in a gas. 

t This law, derived on the basis of the non-relativistic theory, is valid only so long as the retardation 
of electromagnetic interactions is unimportant. For this to be so, the distance 7 between the atoms 
must be small compared with c/won, where won are the frequencies of transitions between the ground 
state and the excited states of the atom. 
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PROBLEM 


Derive a formula giving the van der Waals forces in terms of the matrix elements of dipole 
moments for two like atoms in S states. 


SOLUTION. The answer is obtained by applying the general formula (38.9) of perturbation 
theory to the operator (89.1). On account of the isotropy of the atoms in the S state it is 
evident a priori that, on summation over all intermediate states, the squared matrix elements 
of the three components of each of the vectors di and dg give equal contributions, while the 
terms which contain products of different components give zero. The result is 


6 (dz)on2(dz)on’* 
=) 
7 si ~ 2Eo— En— En’ 


where Eo and En are the unperturbed values of the energies of the ground state and excited 
states of the atom. Since by hypothesis L = 0 in the ground state, the matrix elements 
(dz)on are non-zero only for transitions to P states (L = 1).f Using formulae (29.7), we bring 


U(r) to the final form 
2 d°%2(d0? 2 
U(r) = —-— GaGa 
3r6 mt 2E9—Ent—En1 


where in the matrix suffixes nL the second suffix gives the value of L and the first represents 
the assembly of the remaining quantum numbers which determine the energy level.f 


§90. Pre-dissociation 


A basic premise of the theory of diatomic molecules as given in this chapter 
is the assumption that the wave function of the molecule falls into the product 
of an electron wave function (depending on the distance between the nuclei 
as a parameter) and a wave function for the motion of the nuclei. This sup- 
position amounts to neglecting, in the exact Hamiltonian of the molecule, 
certain small terms corresponding to the interaction of the nuclear and 
electron motions. 

When these terms are taken into account and perturbation theory is applied, 
transitions between different electron states appear.|| Physically, the transi- 
tions between states of which at least one belongs to the continuous spectrum 
are of particular importance. 

Fig. 30 shows curves for the potential energy of two electron terms.tt The 
energy E’ (the lower dashed line in Fig. 30) is the energy of some vibrational 
level of a stable molecule in the electron state 2. In state 1, this energy lies 
in the range of the continuous spectrum. In other words, in passing from 
state 2 to state 1 the molecule automatically disintegrates; this phenomenon 
is called pre-dissociation.tt As a result of pre-dissociation, the state of the dis- 
crete spectrum corresponding to curve 2 has in reality a finite lifetime. This 
"+ The spin of the atoms is not involved here. 

t Calculation gives for the coefficient in U = — Ar § (with all quantities in atomic units) the values 
A = 6°5 for two hydrogen atoms and A = 1°6 for helium atoms. 

|| As well as the splitting of the levels by A-doubling (§88). 

tt Strictly speaking, these curves must represent the effective potential energy Uy in some given 
rotational states of the molecule. 


tt Curve 1 may have no minimum at all if it corresponds to purely repulsive forces between the 
atoms. 
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means that the discrete energy level is broadened, i.e. acquires a certain width 
(see the end of §44). 


Fic. 30 


If, on the other hand, the total energy E lies above the dissociation limit 
in both states (the upper dashed line in Fig. 30), the transition from one 
state to the other corresponds to what is called a collision of the second kind. 
Thus the transition 1 > 2 signifies the collision of two atoms, as a result of 
which the atoms are left in excited states, and separate with diminished 
kinetic energy (for 7 -> 00, curve 1 passes below curve 2; the difference 
U,(00) — U,(«) is the excitation energy of the atoms). 

Because of the large masses of the nuclei their motion is quasi-classical. 
The problem of determining the probability of the transitions under considera- 
tion is therefore of the kind discussed in §52. From the general considera- 
tions given there we can say that the transition probability will be mainly 
determined by the point at which the transition could ‘occur classically.t 
Since the total energy of the system of two atoms (the molecule) is conserved 
in the transition, the condition for it to be “‘classically possible’’ is that the 
effective potential energies should be equal: Uyi(r) = Uye(r). On account 
of the conservation of the total angular momentum of the molecule also, the 
centrifugal energies are the same in the two states, and so this condition 
means that the potential energies are equal: 


U(r) = U(r), (90.1) 


the angular momentum not being involved at all. 

If equation (90.1) has no real roots in the classically accessible region 
(where E > Ui, Ue), the transition probability according to §52 is expo- 
nentially small.t Transitions occur with an appreciable probability only if 

+ Or else by the point r = 0 at which the potential energy becomes infinite. 

t A peculiar situation must occur in the case of a transition involving a molecular term which can 

arise from two different pairs of atomic states (see the end of §85), i.e. when the potential energy curve 


is, as it were, split into two branches with increasing distance. In this case the transition probability 
should be considerably greater, but the problem has not yet been discussed in the literature. 


324 The Diatomic Molecule §90 


the potential energy curves intersect in the classically accessible region 
(as shown in Fig. 30). Then the exponent in formula (52.1) is zero (and this 
formula is therefore, of course, invalid); accordingly, the transition probability 
is determined by a non-exponential expression which will be derived below. 
The condition (90.1) can then be interpreted as follows. If the potential (and 
total) energies are the same, so are the linear momenta. Hence the condition 
(90.1) may also be written in the form 


1 =1o, Pi = pa (90.2) 


where p is the momentum of the relative radial motion of the nuclei, and the 
suffixes 1 and 2 refer to the two electron states. Thus we can say that the 
distance between the nuclei and their relative momentum remain unchanged 
at the instant when the transition occurs (this is called Franck and Condon’s 
principle). Physically, this is due to the fact that the electron velocities are 
large compared with those of the nuclei, and “during an electron transition” 
the nuclei cannot noticeably change their position or velocity. 

It is not difficult to establish the selection rules for the transitions in ques- 
tion. First of all, there are two obvious exact rules. The total angular 
momentum / and the sign of the term (positive or negative; see §86) cannot 
change in a transition. This follows at once from the fact that the conserva- 
tion of the total angular momentum and of the behaviour of the wave function 
under inversion of the co-ordinate system are exact laws for any (closed) 
system of particles. 

Next, the rule which forbids (for molecules composed of similar atoms) 
transitions between states of unlike parity is very nearly accurate. For the 
parity of the state is uniquely determined by the nuclear spin and the sign of 
the term. The conservation of the sign of the term is an exact law, however, 
while the nuclear spin is very nearly conserved by virtue of the weakness of 
its interaction with the electrons. 

The requirement that there should be a point of intersection of the potential 
energy curves means that the terms must be of different symmetry (see §79). 
Let us consider transitions occurring in the first approximation of perturba- 
tion theory; the probability of transitions which occur only in higher approxi- 
mations is relatively small. First of all, we notice that the terms in the 
Hamiltonian which lead to the transitions in question are just those which 
cause the A-doubling of the levels. Among these terms are, firstly, terms 
representing the spin-orbit interaction. They are the product of two axial 
vectors, of which one is of spin character (i.e. is composed of the operators 
of the electron spins), and the other is of co-ordinate character; we emphasise, 
however, that these vectors are not simply the vectors § and L. Hence they 
have non-zero matrix elements for transitions in which S and A change by 
0, +1. The case where AS and AA are both zero (and A 4 0) must be 
omitted, since the symmetry of the term would then be unchanged in the 
transition. The transition between two & terms is possible if one of them is 
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a + term and the other a => term; an axial vector has non-zero matrix 
elements only for transitions between X+ and X~ (see §87). 

The term in the Hamiltonian which corresponds to the interaction between 
the rotation of the molecule and its orbital angular momentum is proportional 
to J.L. Its matrix elements are non-zero for transitions with AA = +1 
without change of spin (only the £-component of the vector, i.e. L,, has ele- 
ments with AA = 0, but L, is diagonal with respect to the electron states). 

As well as the terms we have considered, there is also a perturbation due 
to the fact that the operator of the kinetic energy of the nuclei (i.e. the operator 
of differentiation with respect to the co-ordinates of the nuclei) acts, not only 
on the wave function of the nuclei, but also on the electron function, which 
depends on 7 as a parameter. The corresponding terms in the Hamiltonian 
are of the same symmetry as the unperturbed Hamiltonian. Hence they can 
lead only to transitions between electron terms of like symmetry, the prob- 
ability of which is negligible in view of the non-intersection of these terms. 

Let us go on to the actual calculation of the transition probability. For 
definiteness, we shall consider a collision of the second kind. According to 
the general formula (43.1), the required probability is given by the expression 


2. 2 


7 
w= 7 eae V(1)X nue dr , (90.3) 


where Yono = auc (auc being the wave function of the radial motion of the 
nuclei) and V(r) is the perturbing energy; we have taken, as the quantity v in 
(43.1), the energy E and integrated with respect to it. The final wave func- 
tion Xpuc.2 Must be normalised by the delta function of energy. The quasi- 
classical function (47.4a), thus normalised, is 


thiv, 


2 if 
Xnuc2 = / cos F [e. arte (90.4) 


The normalising factor is determined by the rule given at the end of §21. The 
wave function of the initial state can be written in the form 


2 if ; ; 
rman = —— 085 [ Prdr—tel (90.5) 
a, 
It is normalised so that the current density is unity in each of the two travelling 
waves into which the stationary wave (90.5) can be resolved; v, and vg are 
the velocities of the relative radial motion of the nuclei. On substituting 
these functions in (90.3), we obtain the dimensionless transition probability 
w. It can be regarded as the transition probability for the nuclei to pass 
twice the point r = r, (the point of intersection of the levels). It must be 
borne in mind that the wave function (90.5) corresponds, in a certain sense, 


326 The Diatomic Molecule §90 


to a double passage through this point, since it contains both the incident and 
the reflected travelling waves. 

The matrix element of V(r), calculated with respect to the functions 
(90.4), (90.5), contains in the integrand a product of cosines, which can be 
written in terms of the cosines of the sum and difference of the arguments. 
On integrating near the point 7 = 7) where the terms intersect, only the 
second cosine is important, so that 


4 If tt, oe 
a= | oof [maz | mar oE 


The integral rapidly converges as we move away from the point of intersec- 
tion. Hence we can expand the argument of the cosine in powers of £ = r —T1o 
and integrate over ¢ from —oo to +00 (replacing the slowly varying coeffi- 
cient of the cosine by its value at r = r,). Bearing in mind that, at the point 
of intersection, p; = p.,, we find 


fT rT 
d d 
| pi dr— | padr w S,+4( 2 —)e, 


2 


dry dry 


where So is the value of the difference of the integrals at the point r = Iq. 
The derivative of the momentum can be expressed in terms of the force 
F = —dU/dr: differentiating the equation p,?/2u+U, = p,2/2u+U, (where 
is the reduced mass of the nuclei), we have v, dp,/dr—v, dp,/dr = F,— Fy. 
Thus 


AF, 
o > 


r r 
ay a, 


where v is the common value of v, and v, at the point of intersection. The 
integration is effected by means of the well-known formula 


(oe) 


| cos(a+-Bé2) dé = RF cos(x-+-47), 
and as a result we have 
a 0ost(=44n) (90.6) 
= —H—_— Ccos*| — ° ; 
°  jelFe—Fl G 


The quantity S)/f is large and varies rapidly with the energy E. Hence, 
on averaging over even a small interval of energy, the squared cosine can be 
replaced by its mean value. As a result we obtain the formula 


w = 40V2/hio|F,—F,| (90.7) 
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(L. Lanpav 1932). All the quantities on the right-hand side of the equation 
are taken at the point of intersection of the potential-energy curves. 

In the application to pre-dissociation, we are interested in the probability 
of the disintegration of the molecule in unit time. In this time, the nuclei 
in their vibrations pass 2(w/2m) times through the point 7 = ro (where w is 
the angular frequency of the vibrations). Hence the required pre-dissociation 
probability is obtained by multiplying w (the probability for a double passage) 
by w/2z7, i.e. it is 

2V2w/hv| F.—F,|. (90.8) 


The following remark must be made concerning these calculations. In 
speaking of the intersection of terms, we have had in mind the eigenvalues 
of the “unperturbed” Hamiltonian H, of the electron motion in the molecule; 
in this, the terms V which lead to the transitions concerned are not taken into 
account. If we include these terms in the Hamiltonian, the intersection of 
the terms becomes impossible, and the curves move apart slightly, as shown 
in Fig. 31. This follows from the results of §79 when regarded from a slightly 
different point of view. 

Let U;,(r) and U;,(r) be two eigenvalues of the operator H, (in which r 
is regarded as a parameter). In the region near the point ry where the curves 
U,,(r) and U,,(r) intersect, to determine the eigenvalues U(r) of the perturbed 
operator 1)+V we must use the method given in §79, as a result of which 
we obtain the formula 


U(r) = 3(U4+ Uret+ Vist Vo) +Vi(On— Usjot+Viu— Voo)?-+| Vie\"] ; 
(90.9) 


the matrix elements V;,, Veo, Vi, like Uy, and U,z, are functions of r. The 
interval between the two levels is now 


AU = V/[((Un— Unt Vu— Vo2)?+4| V,,\?). (90.10) 
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Hence it is clear that, if there are transitions between the two states (i.e. the 
matrix element V,, is not zero), the intersection of the levels disappears. The 
least distance between the curves is now 


A = 2|V,,|. 


The formulae obtained above for the transition probability are applicable 
only so long as the “divergence” of the curves is fairly small. If the latter 
becomes considerable, the transition probability cannot be calculated by 
ordinary perturbation theory. 

To examine this problem, we use the following method (C. ZENER 1932). 
Let 1, %2 be the wave functions of the electron states corresponding to the 
“unperturbed” terms Uy; and Uo, i.e. these functions are solutions of the 
equations 


Hob, = Unity, Hobs = Usatbe 
Let us seek the solution of the perturbed wave equation 
ih OV at = (A,+V)¥ 
in the form 
WY = byt, +bo( to. (90.11) 


Substituting this expression in the wave equation, multiplying the latter 
firstly by %, and secondly by %,, and integrating, we obtain two equations 
for the functions b,(2) and 6,(2): 


ihidb,/dt = Usyby+Vbq, ifidb,|dt = Uybo-+Vby; (90.12) 


we here include Vi,, Vy. in Uz, U2, and denote V3 by V(r) simply, in agree- 
ment with the notation in the preceding formulae. We consider the motion 
of the nuclei quasi-classically. Accordingly, the variables r and ¢ are related 
by dr/dt = v, where v is the classical velocity of the nuclei. 

Near the point ry where the curves of U,,(r) and U,,,(r) intersect (shown by 
the dashed line in Fig. 31), we can expand U,, and U,, as series of powers of 
€ = 7r—To, writing 


Un = Usj—Fré, Us, = Us—F pf, (90.13) 
where U; is the common value of U;, and U,, at the point r = ro, and we 
have introduced the notation F, = —(@U,/ er), Introducing also new un- 
knowns @,, a, in place of b,, b, by means of 

by =ayeUA, b= aget Mt (90.14) 


and replacing the differentiation with respect to t by one with respect to é 
(d/dt = vd/dé), we obtain from equations (90.12) 


iv dafdt = —Fy,a,4+Va,, iho dadé = —Fyfa,+Va,, (90.15) 
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where v and V may be taken with sufficient accuracy to have their values at 
the point of intersection. 

If we solve equations (90.15) with the boundary condition a, = 1, a, = 0 
as £ -> +00, then |a,(—0o)|? determines the probability that, as the nuclei 
pass through the point ¢ = 0, the molecule remains in the electron state y,, 
indicating a transition from the curve 12’ to the curve 21’ (see Fig. 31). 
Similarly, |a,(—00)|? = 1— |a,(—00)|? is the probability of a transition to the 
electron state ,, i.e. the probability that the molecule remains on the curve 
12’. The transition from curve 1 to curve 2 (as € > +00) ina double passage 
through the point of intersection can be effected in two ways: either by 
1 + 1’ -> 2 (as the nuclei approach, the transition from curve 12’ to curve 
21’ occurs, and as they recede the molecule remains on the curve 21’), or by 
1 > 2’ -» 2. Hence the required probability for such a transition is 


w = 2|a,(—0o)|*{1—]a,(— 00)|"}. 


We shall not pause here to explain the manner of solution of equations (90.15) 
(they reduce to a single equation of the second order, which can be solved by 
Laplace’s method), but give only the final result :+ 


[a,(— 00)|? = e-20V nol ,-F | 


(the difference F',,—F,j, is replaced by the equal difference F,—F,). Thus 


w = 2e27V RIFF] — e207 nF Fy, (90.16) 


We see that the probability of the transition in question is small in two 
limiting cases, when V is fairly small and fairly large. For V? < ho|F,—F\|, 
formula (90.16) becomes (90.7). 

Finally, let us consider the phenomenon, akin to pre-dissociation, of what 
are called perturbations in the spectra of diatomic molecules. If two discrete 
molecular levels E, and E, corresponding to two intersecting electron terms 
are close together, the possibility of a transition between the two electron 
states results in a displacement of the levels. According to the general 
formula (79.4) of perturbation theory, we have for the displaced levels the 
expression 


HE, +E) VE: £2) +| Viz nucl”)s (90.17) 


where Viznue is the matrix element of the perturbation for the transi- 
tion between the molecular states 1 and 2; the matrix elements V;,,,,, and 
Veonue Must, of course, be included in E, and £,. From this formula we see 
that the two levels are moved apart, being displaced in opposite directions 
(the higher level is raised and the other lowered). The amount of the dis- 
placement is the greater, the smaller the difference |£, —£,]. 

The matrix element Vj... is calculated in exactly the same way as for 
determining the probability of a collision of the second kind. The only 


+ See C. Zener (Proceedings of the Royal Society A 137, 696, 1932). 
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difference is that the wave functions Xnuei 2nd x,4¢2 belong to the discrete 
spectrum, and hence must be normalised to unity. According to (48.3) we 
have for these functions 


20, (1 
Xnuca = [/— c08 | pi dr—te} : 


TU, 


2H. 1 . 
Xouce = i — cos |= | Pe dr—tn| ; 
TV, h 


A comparison with formulae (90.3) to (90.5) shows that the matrix element 
Vie nue here considered is related to the transition probability w for a double 
passage through the point of intersection by 


[Vasnucl® = (her,/27)(Fierg/2rr). (90.18) 


PROBLEMS 


PROBLEM 1. Determine the total effective cross-section for collisions of the second kind, 
as a function of the kinetic energy E of the colliding atoms, for transitions pertaining to the 
spin-orbit interaction. 


SOLUTION. On account of the quasi-classical motion of the nuclei, we can introduce the 
concept of the impact parameter p (the distance at which the nuclei would pass if there were 
no interaction between them) and define the effective cross-section do as the product of the 
“target area’? 27p dp and the transition probability w(p) per collision.t The total effective 
cross-section o is obtained by integrating with respect to p. 

For spin-orbit interaction, the matrix element V(r) is independent of the angular momen- 
tum M of the colliding atoms. We write the velocity v at the point 7 = 7», where the curves 
intersect, in the form 


0 = V{(2/u)(E-U—M?)2pr,2)] = V(2/u)(E-U—p*E|r,2) 


Here U is the common value of U, and U, at the point of intersection, u is the reduced mass 
of the atoms, and the angular momentum M = ppvco, where vo is the relative velocity of the 
atoms at infinity. The zero of energy is chosen so that the interaction energy of the atoms in 
the initial state is zero at infinity; then E = 4yv,,%. Substituting this expression in (90.7), 
we find 


8 V2 pdp 
Al|F,—F,| +/[2(E—U—p?E/r,2)/u) 


The integration with respect to p must be taken from zero up to the value for which the 
velocity v vanishes. As a result we have 


4 (Qu) V7? /(E—U) 
«APF, | E 


do = 2apdp.w = 


PROBLEM 2. The same as Problem 1, but for transitions pertaining to the interaction be- 
tween the rotation of the molecule and its orbital angular momentum. 


+ Cf. Mechanics, §18. 
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SoLUTION. ‘The matrix element V is of the form V(r) = MD/yr*, where D(r) is the matrix 
element of the electron orbital angular momentum. By the same method as in Problem 1 we 
obtain 


16\/27?D? =(E—U)8” 
C6 = 
3hv/p|F.—F| E 


PROBLEM 3. Determine the transition probability for energies E close to the value Us 
of the potential energy at the point of intersection. 

SoLuTION. For small values of E—U,, formula (90.7) is inapplicable, since the velocity 
v of the nuclei cannot be regarded as constant near the point of intersection, and hence it 
cannot be taken outside the integral as it was in deriving (90.7). 

Near the point of intersection we replace the curves of Us,, Use by the straight lines (90.13). 
The wave functions Xpuc,1 2Nd Xpu2 in this region are wave functions of one-dimensional 
motion in a homogeneous field (§24). The calculations are conveniently effected by means 
of wave functions in the momentum representation. The wave function normalised by the 
delta function of energy is of the form (see §24, Problem) 


a = ——————_ exp | : 
V (2ah| Fs2}) AF 3, 


while the wave function normalised to unit current density in the incident and reflected waves 
is obtained by multiplying by »/(27h): 


(E- Us)p—164)}, 


t 
a= | 
1 V|Fn| AF 


On integrating, the perturbing energy (matrix element) V may again be taken outside the 
integral, replacing it by its value at the point of intersection ; 


(E-Unp —P*16u]| 


2 


2a r 
w= <7 | a,a,* dp 
—-@ 
As a result we obtain 
4nV2(2p)2/8 2p\ 1/87 1 1 \2/3 
» =—___________—_0"| —(F—U,)(—) (—-—) |, 
FAB FyFj2) ?(Fi2—Fny* [ Ve) Fy, a) ] 


where ®(£) is the Airy function (see §b of the Mathematical Appendices). For large E—U,z, 
this formula reduces to (90.7). 


CHAPTER XII 


THE THEORY OF SYMMETRY 


§91. Symmetry transformations 


THE classification of terms in the polyatomic molecule is fundamentally 
related to its symmetry, as in the diatomic molecule. Hence we shall begin 
by examining the types of symmetry which a molecule can have. 

‘The symmetry of a body is determined by the assembly of all those re- 
arrangements after which the body is unaltered; these rearrangements are 
called symmetry transformations. Any possible symmetry transformation can 
be represented as a combination of one or more of the three fundamental 
types of transformation. These three essentially different types are: the 
rotation of the body through a definite angle about some axis, the reflection 
of it in some plane, and the parallel displacement of the body over some 
distance. Of these, the last evidently is applicable only to an infinite medium 
(a crystal lattice). A body of finite dimensions (in particular, a molecule) 
can be symmetrical only with respect to rotations and reflections. 

If the body is unaltered on rotation through an angle 27/n about some 
axis, then that axis is said to be an axis of symmetry of the nth order. The 
number nm can take any integral value: n = 2,3,.... The value n= 1 
corresponds to a rotation through an angle of 27 or, what is the same thing, 
of 0, i.e. it corresponds to an identical transformation. We shall symbolically 
denote by C,, the operation of rotation through an angle 27/n about a given 
axis. Repeating this operation two, three, ... times, we obtain rotations 
through angles 2(2z/n), 3(2m/n), ..., which also leave the body unaltered; 
these rotations may be denoted by C,?, C,3,.... It is obvious that, if p 
divides n, 


CrP = Cayp: (91.1) 


In particular, performing the rotation m times, we return to the initial position, 
i.e, we effect an identical transformation. The latter is customarily denoted 
by £, so that we can write 


C,” = E. (91.2) 


If the body is left unaltered by a reflection in some plane, this plane is said 
to be a plane of symmetry. We shall denote by the symbol o the operation 
of reflection in a plane. It is evident that a double reflection in the same 
plane is the identical transformation: 


ak. (91.3) 
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A simultaneous application of the two transformations (rotation and 
reflection) gives what are called the rotary-reflection axes. A body has a 
rotary-reflection axis of the mth order if it is left unaltered by a rotation 
through an angle 27/n about this axis, followed by a reflection in a plane 
perpendicular to the axis (Fig. 32). It is easy to see that this is a new form 


Fic. 32 


of symmetry only when is even. For, if mis odd, an n-fold repetition of the 
rotary-reflection transformation would be equivalent to a simple reflection 
in a plane perpendicular to the axis (since the angle of rotation is 27, while 
an odd number of reflections in the same plane amounts to a simple reflection). 
Repeating this transformation a further m times, we have as a result that the 
rotary-reflection axis reduces to the simultaneous presence of an axis of 
symmetry of the mth order and an independent plane of symmetry perpen- 
dicular to this axis. If, however, is even, an n-fold repetition of the rotary- 
reflection transformation returns the body to its initial position. 

We denote the rotary-reflection transformation by the symbol S,,. 
Denoting by o, a reflection in a plane perpendicular to a given axis, we can 
put, by definition, 
S, = Cyt, = Cn (91.4) 


the order in which the operations C,, and o, are performed clearly does not 
affect the result. 

An important particular case is a rotary-reflection axis of the second 
order. It is easy to see that a rotation through an angle =, followed by a 
reflection in a plane perpendicular to the axis of rotation, is the inversion 
transformation, whereby a point P of the body is carried into another point 
P’, lying on the continuation of the line which joins P to the intersection O 
of the axis and the plane, and such that the distances OP and OP’ are the same. 
A body symmetrical with respect to this transformation is said to have a 
centre of symmetry. We shall denote the operation of inversion by J, so that 
we have 

1=S, = Cyn, (91.5) 


It is also evident that Ico, = C,, IC, = o,; in other words, an axis of the 
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second order, a plane of symmetry perpendicular to it and a centre of sym- 
metry at their point of intersection are mutually dependent: if any two of 
these elements are present, the third is automatically present also. 

We shall now give various purely geometrical properties of rotations and 
reflections which it is useful to bear in mind in studying the symmetry of 
bodies. 

A product of two rotations about axes intersecting at some point is a 
rotation about some third axis also passing through that point. A product 
of two reflections in intersecting planes is equivalent to a rotation; the axis 
of this rotation is evidently the line of intersection of the planes, while 
the angle of rotation is easily seen, by a simple geometrical construction, to 
be twice the angle between the two planes. If we denote a rotation through 
an angle ¢ about an axis by C(), and reflections in two planes passing through 
that axis by the symbolsf o, and o’,, the above statement can be written as 


0,0’) = C(24), (91.6) 


where ¢ is the angle between the two planes. It must be noted that the order 
in which the two reflections are performed is not immaterial. The trans- 
formation o,0’, gives a rotation in the direction from the plane of o’, to 
that of o,; on interchanging the factors we have a rotation in the oppo- 
site direction. Multiplying equation (91.6) on the left by o,, we obtain 


S'y = ,C(2¢4); (91.7) 


in other words, the operation of rotation, followed by reflection in a plane 
passing through the axis, is equivalent to a reflection in another plane 
intersecting the first at half the angle of rotation. In particular, it follows 
from this that an axis of symmetry of the second order and two mutually 
perpendicular planes of symmetry passing through it are mutually dependent; 
if two of them are present, so is the third. 

We shall show that the product of rotations through an angle z about two 
axes intersecting at an angle ¢ (Oa and Ob in Fig. 33) is a rotation through 


2 
Fic. 33 


{ The suffix v customarily denotes a reflection in a plane passing through a given axis (a “vertical” 
plane), and the suffix h a reflection in a plane perpendicular to the axis (a “‘horizontal’’ plane). 
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an angle 24 about an axis perpendicular to the first two (PP’ in Fig. 33). 
For it is obvious that the resulting transformation is also a rotation; after 
the first rotation (about Oa) the point P is carried into P’, and after the second 
(about Ob) it returns to its original position. This means that the line PP’ 
remains fixed, and is therefore an axis of rotation. To determine the angle 
of rotation, it is sufficient to note that, in the first rotation, the axis Oa 
remains fixed, while after the second it takes the position Oa’, which makes 
an angle 2¢ with Oa. In the same way we can see that, when the order of the 
two transformations is reversed, we obtain a rotation in the opposite direction. 
Although the result of two successive transformations in general depends 
on the order in which they are performed, in some cases the order of opera- 
tions is immaterial: the transformations commute. This is so for the following 
transformations : 
(1) Two rotations about the same axis. 
(2) Two reflections in mutually perpendicular planes (equivalent to a 
rotation through a about their line of intersection). 
(3) Two rotations through a about mutually perpendicular axes (equivalent 
to a rotation through 7 about the third perpendicular axis). 
(4) A rotation and a reflection in a plane perpendicular to the axis of 
rotation. 
(5) Any rotation or reflection and an inversion with respect to a point 
lying on the axis of rotation or in the plane of reflection; this follows 
from (1) and (4). 


§92. Transformation groups 


The set of all the symmetry transformations for a given body is called its 
symmetry transformation group (or simply its symmetry group). Hitherto we 
have spoken of these transformations as geometrical rearrangements of the 
body. However, in quantum-mechanical applications it is more convenient 
to regard symmetry transformations as transformations of the co-ordinates 
which leave the Hamiltonian of the system in question invariant. It is obvious 
that, if the system is left unaltered by some rotation or reflection, the cor- 
responding transformation does not change its SCHRODINGER’s equation. 
Thus we shall speak of a transformation group with respect to which a given 
SCHRGDINGER’s equation is invariant. 


+ This point of view enables us to include in our considerations not only the rotation and reflection 
groups discussed here, but also other types of transformation which leave ScHRODINGER’s equation 
unaltered. These include the interchange of the co-ordinates of identical particles forming part of the 
system considered (a molecule or atom). The set of all possible permutations of identical particles 
in a given system is called its permutation group (we have already met these permutations in §63). 
The general properties of groups given below apply to permutation groups also; we shall not pause 
to study this type of group in more detail here. 

The following remark should be made concerning the notation which we use in this chapter. Sym- 
metry transformations are essentially operators just like those which we consider all through the book 
(in particular, we have already considered the inversion operator in §30). They ought, therefore, to 
be denoted by letters with circumflexes. We do not do this, in view of the generally accepted notation, 
and because this omission cannot lead to misunderstandings in the present chapter. For the same 
reason we denote the identical transformation by the customary symbol! E, and not by 1, which would 
correspond to the notation in the other chapters. 
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Symmetry groups are conveniently studied with the help of the general 
mathematical techniques of what is called group theory, the fundamentals of 
which we shall explain below. At first we shall consider groups, each of which 
contains a finite number of transformations (known as finite groups). Each of 
the transformations forming a group is said to be an element of the group. 

Symmetry groups have the following important properties. Each group 
contains the identical transformation E (called the unit element of the group). 
The elements of a group can be “multiplied” by one another; by the product 
of two (or more) transformations we mean the result of applying them in 
succession. It is obvious that the product of any two elements of a group is 
also an element of that group. For the multiplication of elements we have 
the associative law (AB)C = A(BC), where A, B, C are elements of a group. 
There is evidently no general commutative law; in general, AB 4 BA. 
For each element A of a group there is in the same group an inverse element 
A-! (the inverse transformation), such that AA-! = E. In some cases an 
element may be its own inverse; in particular, E-1 = E. It is evident that 
mutually inverse elements A and A-! commute. 

The element inverse to the product AB of two elements is 


(AB)! = B-1A4, 


and similarly for the product of a greater number of elements; this is easily 
seen by effecting the multiplication and using the associative law. 

If all the elements of a group commute, the group is said to be Abelian. 
A particular case of Abelian groups is formed by what are called cyclic groups. 
By a cyclic group we mean a group, all of whose elements can be obtained by 
raising one of them to successive powers, i.e. a group consisting of the 
elements 

A, A?, 43,..., A" =E, 


where 7 is some integer. 

Let G be some group.f If we can separate from it some set of elements 
H such that the latter is itself a group, then the group H is called a sub-group 
of the group G. A given element of a group may appear in several of its 
sub-groups. 

By taking any element A of a group and raising it to successive powers, 
we finally obtain the unit element (since the total number of elements in the 
group is finite). If 2 is the smallest number for which A® = E, then 7 is 
called the order of the element A, and the set of elements A, A2,..., A" = E 
is called the period of A. The period is denoted by {A}; it is itself a group, i.e. 
it is a sub-group of the original group, and is cyclic. 

In order to find whether a given set of elements of a group is a sub-group 
of it, it is sufficient to find whether, on multiplying any two of its elements, 
we obtain another element of the set. For in that case we have, together with 


+ We shall denote groups by bold italic letters. 
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each element A, all its powers, including A”! (where m is the order of A), 
which is the inverse of A (since A*“1_A = A* = E); and there will obviously 
be a unit element. 

The total number of elements in a group is called its order. It is easy 
to see that the order of a sub-group is a factor of the order of the whole group. 
To show this, let us consider a sub-group H of a group G, and let G, be 
some element of G which does not belong to H. Multiplying all the elements 
of H (on the right, say) by G,, we obtain a set (or complex, as it is called) 
of elements, denoted by HG,. All the elements of this complex clearly belong 
to the group G. However, none of them belongs to H; for, if for any two 
elements H,, H, belonging to H we had H,G, = Hj, it would follow that 
G, = H,-1H,, i.e. G, would also belong to the sub-group H, which is 
contrary to hypothesis. Similarly we can show that, if G, is an element of G 
not belonging to H or to HG, none of the elements of the complex HG, 
will belong to H or to HG,. Continuing this process, we finally exhaust 
all the elements contained in the finite group G. Thus all the elements are 
divided among the complexes 


H, HG,, HG, ..., HGm 


(where m is some integer), each of which contains h elements, h being the 
order of the sub-group H. Hence it follows that the order g of the group G 
is g = hm, and this proves the theorem. 

If the order of a group is a prime number, it follows at once from the 
above that the group has no sub-groups (except itself and £). The converse 
theorem is also valid: a group having no sub-groups is of prime order and in 
addition must be cyclic (since otherwise it would contain elements whose 
period would form a sub-group). 

We shall now introduce the important concept of conjugate elements. Two 
elements A and B are said to be conjugate if 


A =CBC4, 


where C is also an element of the group; multiplying this equation on the 
right by C and on the left by C—1, we have the converse equation B = C-1AC. 
An important property of conjugate elements is that, if A is conjugate to B, 
and B to C, then A is conjugate to C; for, if B= PAP, C= Q"BQ 
(P and Q being elements of the group), it follows that C = (PQ)'A(PQ). 
For this reason we can speak of sets of conjugate elements of a group. 
Such sets are called classes of the group. Each class is completely determined 
by any one element A of it; for, given A, we obtain the whole class by forming 
the products GAG-, where G is successively every element of the group 
(of course, this may give each element of the class several times). Thus we 
can divide the whole group into classes ; each element of the group can clearly 
appear in only one class. The unit element of the group is a class by itself, 
since for every element of the group GEG-1 = E. If the group is Abelian, 
each of its elements is a class by itself; since all the elements, by definition, 
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commute, each element is conjugate only to itself. We emphasise that a 
class of a group (not being £) is not a sub-group of it; this is evident from the 
fact that it does not contain a unit element. 

All the elements of a given class are of the same order. For, if n is the 
order of the element A (so that A" = E£), then for a conjugate element 
B = CAC-! we have (CAC~)" = CA"C = E. 

Let H be a sub-group of G, and G, an element of G not belonging to H. 
It is easy to see that the set of elements G,HG,~" has all the properties of a 
group, i.e. it also is a sub-group of the group G. The sub-groups H and 
G,HG,""' are said to be conjugate; each element of one is conjugate to one 
element of the other. By giving G, various values, we obtain a series of 
conjugate sub-groups, which may partly coincide. It may happen that all 
the sub-groups conjugate to H are H itself. In this case H is called a normal 
divisor of the group G. Thus, for example, every sub-group of an Abelian 
group is clearly a normal divisor of it. 

Let us consider a group A with nm elements A, A’, A”,..., and a group 
B with m elements B, B’, B”’,..., and suppose that all the elements of A 
{apart from the unit £) are different from those of B but commute with 
them. If we multiply every element of group A by every element of group B, 
we obtain a set of mm elements, which also form a group. For, for any two 
elements of this set we have AB. A’B’ = AA’. BB’ = A”B”, i.e. another 
element of the set. The group of order mm thus obtained is denoted by 
AB, and is called the direct product of the groups A and B. 

Finally, we shall introduce the concept of the isomorphism of groups. 
‘Two groups A and B of the same order are said to be zsomorphous if we can 
establish a one-to-one correspondence between their elements, such that, if 
the element B corresponds to the element A, and B’ to A’, then B’ = BB’ 
corresponds to A’ = AA’. Two such groups, considered in the abstract, 
clearly have identical properties, though the actual meaning of their elements 
may be different. 


§93. Point groups 


Transformations which appear in the symmetry group of a body of finite 
dimensions (in particular, a molecule) must be such that at least one point of 
the body remains fixed when any of these transformations is applied. In 
other words, all axes and planes of symmetry of a molecule must have at least 
one common point of intersection. For a successive rotation of the body 
about two non-intersecting axes or a reflection in two non-intersecting planes 
results in a translation of the body, which obviously cannot then be left 
unaltered. Symmetry groups having the above property are called point groups. 

Before going on to construct the possible types of point group, we shall 
explain a simple geometrical procedure whereby the elements of a group may 
be easily divided into classes. Let Oa be some axis, and let the element A 
of the group be a rotation through a definite angle about this axis. Next, let G 
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be a transformation (rotation or reflection) in the same group, which on being 
applied to the same axis Oa carries it to the position Ob. We shall show that 
the element B = GAG-1 then corresponds to a rotation about the axis Ob 
through the same angle as that of the rotation about Oa to which the element 
A corresponds. For, let us consider the effect of the transformation GAG" 
on the axis Ob itself. The transformation G-! inverse to G carries the axis 
Ob to the position Oa, so that the subsequent rotation A leaves it in this 
position; finally, G carries it back to its initial position. Thus the axis Ob 
remains fixed, so that B is a rotation about this axis. Since A and B belong 
to the same class, their orders are the same; this means that they effect 
rotations through the same angle. 

Thus we reach the result that two rotations through the same angle belong 
to the same class if there is, among the elements of the group, a transformation 
whereby one axis of rotation can be carried into the other. In exactly the same 
way, we can show that two reflections in different planes belong to the same 
class if some transformation in the group carries one plane into the other. 
The axes or planes of symmetry whose directions can be carried into each 
other are said to be equivalent. 

Some additional comments are necessary in the case where both rotations 
are about the same axis. The element inverse to the rotation C,* (k = 
1, 2,...,2—1) about an axis of symmetry of the mth order is the element 
C,-* = C,"-*, ie. a rotation through an angle (n—k)27/n in the same 
direction or, what is the same thing, a rotation through an angle 2kz/n in 
the opposite direction. If, among the transformations in the group, there is 
a rotation through an angle z about a perpendicular axis (this rotation reverses 
the direction of the axis under consideration), then, by the general rule 
proved above, the rotations C,,* and C,,~* belong to the same class. A 
reflection c,, in a plane perpendicular to the axis also reverses its direction; 
however, it must be borne in mind that the reflection also changes the direction 
of rotation. Hence the existence of o, does not render C,,* and C,—* conju- 
gate. A reflection o, in a plane passing through the axis, on the other hand, 
does not change the direction of the axis, but changes the direction of rota- 
tion, and therefore C,,-* = o,C,,*c,, so that C,,* and C,,-* belong to the same 
class if such a plane of symmetry exists. If rotations about an axis through the 
same angle in opposite directions are conjugate, we shall call it bélateral. 

The determination of the classes of a point group is often facilitated by the 
following rule. Let G be some group not containing the inversion J, and C, 
a group consisting of the two elements J and E. Then the direct product 
G XC, is a group containing twice as many elements as G;; half of them are the 
same as the elements of the group G, while the remainder are obtained by 
multiplying the latter by J. Since J commutes with any other transformation 
of a point group, it is clear that the group GC; contains twice as many 
classes as G; to each class A of the group G there correspond the two classes 
A and AI in the group GxC,. In particular, the inversion I always forms 
a class by itself. 


12 
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Let us now go on to enumerate all possible point groups. We shall con- 
struct these by starting from the simplest ones and adding new elements of 
symmetry. We shall denote point groups by bold italic Latin letters with 
appropriate suffixes. 


I. C,, groups 

The simplest type of symmetry has a single axis of symmetry of the nth 
order. The group C,, is the group of rotations about an axis of the mth order. 
This group is evidently cyclic. Each of its m elements forms a class by itself. 
The group C, contains only the identical transformation E, and corresponds 
to the absence of any symmetry. 


II. S,, groups 

The group S,, is the group of rotary-reflections about a rotary-reflection 
axis of even order 2n. It contains 2m elements and is evidently cyclic. In 
particular, the group S, contains only two elements, E and J; it is also denoted 
by C,;. We may note also that, if the order of a group is a number of the form 
2n = 4p+2, inversion is among its elements; it is clear that (S,,,.)??+! 
= C, 0, = J. Such a group can be written as a direct product $,,,5 = C, 
x C;; it is also denoted by C,,,,, ;. 


p+l 


III. C,,, groups 

These groups are obtained by adding to an axis of symmetry of the nth 
order a plane of symmetry perpendicular to it. The group C,,, contains 
2n elements: m rotations of the group C, and 2m rotary-reflection trans- 
formations C,*c,, k= 1,2,...,m (including the reflection C,,"c, = o,). 
All the elements of the group commute, i.e. it is Abelian; the number of 
classes is the same as the number of elements. If is even (n = 2p), the group 
contains a centre of symmetry (since C,,?0, = C,o;, =I). The simplest 
group, C,,, contains only two elements, E and o;,; it is also denoted by C,. 


IV. C,,, groups 

If we add to an axis of symmetry of the mth order a plane of symmetry 
passing through it, this automatically gives another n—1 planes intersecting 
along the axis at angles of z/n, as follows at once from the geometrical 
theoremt (91.7) stated in §91. The group C,,, thus obtained therefore con- 
tains 2n elements: rotations about the axis of the mth order, and z reflections 
og, in vertical planes. Fig. 34 shows, as an example, the systems of axes and 
planes of symmetry for the groups C,,, and C,,. 

To determine the classes, we notice that, because of the presence of planes 
of symmetry passing through the axis, the latter is bilateral. The actual 
distribution of the elements among the classes depends on whether n is 
even or odd. 

+ It is easy to see that, in a finite group, there cannot be two planes of symmetry intersecting at an 
angle which is not a rational fraction of 27. If there were two such planes, it would follow that there 
were an infinite number of other planes of symmetry, intersecting along the same line and obtained by 


reflecting one plane in the other ad infinitum. In other words, if there are two such planes, there must 
be complete axial symmetry. 
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If n is odd (m= 2p-+1), successive rotations C,,,, carry each of the 
planes successively into each of the other 2p planes, so that all the planes of 
symmetry are equivalent, and the reflections in them belong to a single class. 
Among rotations about the axis there are 2p operations apart from the identity, 
and these are conjugate in pairs, forming p classes each of two elements 
(Copit* and Cyy11-*, k = 1, 2,..., p); moreover, E forms an extra class. 
Thus there are p+2 classes altogether. 


Coy oO; o, 


Fic. 34 


Cay 


If, on the other hand, m is even (m = 2p), only every alternate plane can 
be interchanged. by successive rotations C,,; two adjacent planes cannot be 
carried into each other. Thus there are two sets of p equivalent planes, and 
accordingly two classes of p elements (reflections) each. Of the rotations 
about the axis, C,,?” = E and C,,? = C, each form a class by themselves, 
while the remaining 2p—2 rotations are conjugate in pairs and give another 
p—1 classes, each of two elements. The group C,, , thus has p+3 classes 
altogether. 


V. D, groups 

If we add to an axis of symmetry of the mth order an axis of the second 
order perpendicular to it, this involves the appearance of a further n—1 
such axes, so that there are altogether m horizontal axes of the second order, 
intersecting at angles z/n. The resulting group D, contains 2” elements: 
n rotations about an axis of the mth order, and n rotations through an angle 
a about horizontal axes (we shall denote the latter by U2, reserving the notation 
C, for a rotation through an angle z about a vertical axis). Fig. 34 shows, as 
an example, the systems of axes for the groups D, and D,. 

In an exactly similar manner to case IV, we may verify that the axis of the 
nth order is bilateral, while the horizontal axes of the second order are all 
equivalent if m is odd, or form two non-equivalent sets if 2 is even. Con- 
sequently, the group D,,, has the following p+3 classes: E, 2 classes each of 
p rotations U,, the rotation C,, and p—1 classes each of two rotations about 
the vertical axis. The group D,,,,, on the other hand, has p+2 classes: 
E, 2p+1 rotations U,, and p classes each of two rotations about the vertical 
axis. 
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_ An important particular case is the group D,. Its system of axes is 
composed of three mutually perpendicular axes of the second order. This 
group is also denoted by V. 


VI. Dy», groups 

If we add to the system of axes of a group D,, a horizontal plane of sym- 
metry passing through the m axes of the second order, vertical planes 
automatically appear, each of which passes through the vertical axis and one 
of the horizontal axes. The group D,,, thus obtained contains 47 elements ; 
besides the 2” elements of the group D,,, it contains also n reflections o, 
and 2 rotary-reflection transformations C,,*c,. Fig. 35 shows the system 
of axes and planes for the group D,,,.. 


D3», Dog Dag 
Fic. 35 


The reflection o, commutes with all the other elements of the group; 
hence we can write D,,, as the direct product D,, = D, xC,, where C, is 
the group consisting of the two elements E and o,. For even n the inversion 
operation is among the elements of the group, and we can also write 
Dopp = Doy x C;. 

Hence it follows that the number of classes in the group D,,;, is twice the 
number in the group D,. Half of them are the same as those of the group 
D,, (rotations about axes), while the remainder are obtained by multiplying 
these by o,. The reflections o,, in vertical planes all belong to a single class 
(if 2 is odd) or form two classes (if 2 is even). The rotary-reflection trans- 
formations o,C,,* and o,C,~* are conjugate in pairs. 


VII. Dg groups 

There is another way of adding planes of symmetry to the system of axes 
of the group D,. This is to draw vertical planes through the axis of the mth 
order, midway between each adjacent pair of horizontal axes of the second 
order. The adding of one such plane again involves the appearance of another 
(n—1) planes. The system of axes and planes of symmetry thus obtained 
determines the group D,,. Fig. 35 shows the axes and planes for the groups 
D, 4 and D, g. 
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The group D,,, contains 4n elements. To the 2 elements of the group 
D,, are added n reflections in the vertical planes (denoted by o g—the “diago- 
nal” planes) and m transformations of the form G = U,04. In order to 
ascertain the nature of these latter, we notice that the rotation U, can, by 
(91.6), be written in the form U, = o;,0,, where o, is a reflection in the verti- 
cal plane passing through the corresponding axis of the second order. Then 
G = o,0,04 (the transformations o,, o, alone are not, of course, among 
the elements of the group). Since the planes of the reflections o, and og 
intersect along an axis of the mth order, forming an angle (2k+1)z/2n, 
where k= 1,..., (n—1) (since here the angle between adjacent planes is 
7/2n), it follows that, by (91.6), we have o,04 = C,,2*+!. Thus we find that 
G = o,C,,2"t! = S,,2"t1, i.e. these elements are rotary-reflection trans- 
formations about the vertical axis, which is consequently not a simple axis 
of symmetry of the mth order, but a rotary-reflection axis of the 2mth order. 

The diagonal planes reflect two adjacent horizontal axes of the second 
order into each other; hence, in the groups under consideration, all axes of 
the second order are equivalent (for both even and odd 7). Similarly, all 
diagonal planes are equivalent. The rotary-reflection transformations 
Son?*+1 and Sen2*-1 are conjugate in pairs.f 

Applying these considerations to the group D,, g, we find that it contains 
the following 2p+3 classes: E, the rotation C, about the axis of the mth 
order, (p—1) classes each of two conjugate rotations about the same axis, 
one class of the 2 rotations U,, one class of 2p reflections og, and p classes 
each of two rotary-reflection transformations. 

For odd n (= 2p-+1), inversion is among the elements of the group; this 
is seen from the fact that, in this case, one of the horizontal axes is perpen- 
dicular to a vertical plane. Hence we can write Dgji1q = Dania XC, 
so that the group D,,,, 4 contains 2p+4 classes, which are obtained at 
once from the p+ 2 classes of the group D,,,4;. 


VIII. The group T (the tetrahedron group) 

The system of axes of this group is the system of axes of symmetry of a 
tetrahedron. It can be obtained by adding to the system of axes of the group 
V four oblique axes of the third order, rotations about which carry the three 
axes of the second order into one another. This system of axes is conveniently 
represented by showing the three axes of the second order as passing through 
the centres of opposite faces of a cube, and those of the third order as the 
spatial diagonals of the cube. Fig. 36 shows the position of these axes in a 
cube and in a tetrahedron (one axis of each type is shown). 

The three axes of the second order are mutually equivalent. The axes of 
the third order are also equivalent, since they are carried into one another by 


+ For we have 


2k+1~. — —_ ke = —2k-1 __ —2h— 
OaSan C4 = Og0nC on? tq = OnGaC on” 64 = onC on ak = Son 2k-1 
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the rotations C,, but they are not bilateral axes. Hence it follows that the 
twelve elements in the group T are divided into four classes: EF, the three 
rotations C,, the four rotations C, and the four rotations C,?. 


IX. The group T 4 

This group contains all the symmetry transformations of the tetrahedron. 
Its system of axes can be obtained by adding to the axes of the group T planes 
of symmetry, each of which passes through one axis of the second order and 


two of the third order. The axes of the second order thereby become rotary- 
reflection axes of the fourth order (as in the case of the group D,,). This 
system is conveniently represented by showing the three rotary-reflection 
axes as passing through the centres of opposite faces of a cube, the four 
axes of the third order as its spatial diagonals, and the six planes of symmetry 
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as passing through each pair of opposite edges (Fig. 37 shows one of each 
kind of axis and one plane). 

Since the planes of symmetry are vertical with respect to the axes of the 
third order, the latter are bilateral axes. All the axes and planes of a given 
kind are equivalent. Hence the 24 elements of this group are divided into 
the following five classes: E, eight rotations C, and C;,?, six reflections in 
planes, six rotary-reflection transformations S, and S,°, and three rotations 


Cr = S,2. 


X. The group T, 

This group is obtained from T by adding a centre of symmetry: T, 
= TxC,. As a result, three mutually perpendicular planes of symmetry 
appear, passing through each pair of axes of the second order, and the axes of 
the third order become rotary-reflection axes of the sixth order (Fig. 38 
shows one of each kind of axis and one plane). 


The group contains 24 elements divided among eight classes, which are 
obtained at once from those of the group T. 


XI. The group O (the octahedron group) 
The system of axes of this group is the system of axes of symmetry of a 
cube: three axes of the fourth order pass through the centres of opposite 


‘ 


Saas aes 
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faces, four axes of the third order through opposite corners, and six axes of the 
second order through the midpoints of opposite edges (Fig. 39). 

It is easy to see that all the axes of a given order are equivalent, and each 
of them is bilateral. Hence the 24 elements are divided among the following 
five classes: E, eight rotations C, and C;,?, six rotations C, and C;,3, three 
rotations C;,? and six rotations C,. 


XII. The group O, 

This is the group of all symmetry transformations of the cube.f It is 
obtained by adding to the group O a centre of symmetry: O, = OxC,. 
The axes of the third order in the group O are thereby converted into rotary- 
reflection axes of the sixth order (the spatial diagonals of the cube); in 
addition, another six planes of symmetry appear, passing through each pair 
of opposite edges, and three planes parallel to the faces of the cube (Fig. 
40). The group contains 48 elements divided among ten classes, which 


can be at once obtained from those of the group O; five classes are the same 
as those of the group O, while the remainder are: J, eight rotary-reflection 
transformations S, and S,®, six rotary-reflection transformations C,o,, 
C0, about axes of the fourth order, three reflections o,, in planes horizontal 
with respect to the axes of the fourth order, and six reflections o, in planes 
vertical with respect to these axes. 


XIII, XIV. The groups Y, Y, (the icosahedron groups) 


These groups are of no physical interest, since they do not occur in 
Nature as symmetry groups of molecules. Hence we shall here only mention 
that Y is a group of 60 rotations about the axes of symmetry of the icosa- 
hedron (a regular solid with twenty triangular faces) or of the pentagonal 
dodecahedron (a regular solid with twelve pentagonal faces); there are six 
axes of the fifth order, ten of the third and fifteen of the second. The group 
Y, is obtained by adding a centre of symmetry: Y, = YXC;,, and is the 


¢ The groups 7, Tg, Ty, O, Oy are often called cubtc. 
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complete group of symmetry transformations of the above-mentioned poly- 
hedra. 

This exhausts all possible types of point group containing a finite number 
of elements. In addition, we must consider what are called continuous point 
groups, which contain an infinite number of elements. This we shall do in 
§98. 


§94. Representations of groups 


Let us consider any symmetry group, and let 7%, be some one-valued func- 
tion of the co-ordinates.t| Under the transformation of the co-ordinate 
system which corresponds to an element G of the group, this function is 
changed into some other function. On performing in turn all the g transfor- 
mations in the group (g being the order of the group), we in general obtain 
g different functions from #,. For certain ¢,, however, some of these functions 
may be linearly dependent. As a result we obtain some number f (< g) of 
linearly independent functions y,, y, ...,%,, which are transformed into 
linear combinations of one another under the transformations belonging to 
the group in question. In other words, as a result of the transformation G, 
each of the functions ¢%, (i = 1, 2, 3, ... , f) is changed into a linear combina- 
tion of the form 


f 
2 Guithes 


where the G;;, are constants depending on the transformation G. The array 
of these constants is called the matrix of the transformation. 

In this connection it is convenient to regard the elements G of the group 
as operators acting on the functions w,, so that we can write 


Gy; = E Grathy’ (94.1) 


the functions 4; can always be chosen so as to be orthonormal. Then the 
concept of the matrix of the transformation is the same as that of the matrix 
of the operator, in the form defined in §11: 


Ga = i bi*Gity, Aq. (94.2) 


To the product of two elements G and H of the group there corresponds 
the matrix obtained from the matrices of G and H by the ordinary rule 
of matrix multiplication (11.12): 


(GH), > p Gay. (94.3) 
The set of matrices of all the elements in a group is called a representation 


+t In the configuration space of the physical system concerned. 
$ Since the functions y; are assumed one-valued, a definite matrix corresponds to each element of 
the group. 
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of the group. The functions %,, ..., 4, with respect to which these matrices 
are defined are called the basis of the representation. The number / of these 
functions gives what is called the dimension of the representation. 

Let us consider the integral f |%|* dg, where % is some function of the 
co-ordinates. Since the integral is taken over all space, it is evident that 
its value is unchanged by any rotation or reflection of the co-ordinate system. 
Hence, for any symmetry transformation G, we can write 


| Gay(Gy) dq = | yd dg. 


Introducing the transposed operator G, we have 


f G*yn(Gh dq = [ dGC*yr dg = [ vd da, 
whence, from the fact that ¢% is arbitrary, it follows that GG* = 1, or 
fen = GH, 


i.e., the operators G are unitary. 
Thus a representation of a symmetry group in terms of orthonormal 
base functions is unitary, i.e. the group is represented by unitary matrices. 
Suppose that we perform on the system of functions #1, ..., ys the linear 
unitary transformation 


b', = Sy;. (94.4) 


This gives a new system of functions #'1,..., ’», which are also orthonormal 
(see §12).+ If we now take, as the basis of the representation, the functions 
us’,, we obtain a new representation of the same dimension. Such representa- 
tions, obtained from one another by a linear transformation of their base 
functions, are said to be equivalent; it is evident that they are not essentially 
different. 

The matrices of equivalent representations can be simply expressed in terms 
of one another. According to (12.7), the matrix of the operator G in the new 
representation is the matrix of the operator 


G’ =S3GS8 (94.5) 


in the old representation. 

The sum of the diagonal elements (i.e. the trace) of the matrix representing 
an element G of a group is called its character; we shall denote it by x(G). 
It is a very important result that the characters of the matrices of equivalent 


+ It may also be noted that the unitary transformation leaves invariant the sum of the squared 
moduli of the functions: using (12.6), we have 


Elp's]? = 2 Srabe Sibi 


= _ 2 
2 papier Zl ve . 
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representations are the same (see the end of §12). This circumstance gives 
particular importance to the description of group representations by stating 
their characters: it enables us to distinguish at once the fundamentally 
different representations from those which are equivalent. Henceforward 
we shall regard as different representations only those which are not 
equivalent. 

If we take S in (94.5) to be that element of the group which relates the 
conjugate elements G and G’, we have the result that, in any given represen- 
tation of a group, the characters of the matrices representing elements of the 
same class are the same. 

The identical transformation corresponds to the unit element E of the 
group. Hence the matrix representing the latter is diagonal in every represen- 
tation, and the diagonal elements are unity. The character y(£) is con- 
sequently just the dimension of the representation: 


x(E) =f. (94.6) 


Let us consider some representation of dimension f. It may happen that, 
as a result of a suitable linear transformation (94.4), the base functions 
divide into sets of f,, fy, ... functions (f, +/+... =f), in such a way that, 
when any element of the group acts on them, the functions in each set are 
transformed only into combinations of themselves, and do not involve 
functions from other sets. In such a case the representation in question is 
said to be reducible. 

If, on the other hand, the number of base functions that are transformed 
only into combinations of themselves cannot be reduced by any linear trans- 
formation of them, the representation which they give is said to be irreducible. 
Any reducible representation can, as we say, be decomposed into irreducible 
ones. This means that, by the appropriate linear transformation, the base 
functions divide into several sets, of which each is transformed by some 
irreducible representation when the elements of the group act on it. Here 
it may be found that several different sets transform by the same irreducible 
representation; in such a case this irreducible representation is said to be 
contained so many times in the reducible one. 

Irreducible representations are an important characteristic of a group, and 
play a fundamental part in all quantum-mechanical applications of group 
theory. We shall give the chief properties of irreducible representations.t 

It may be shown that the number of different irreducible representations 
of a group is equal to the number 7 of classes in the group. We shall distin- 
guish the characters of the various irreducible representations by indices ; 
the characters of the matrices of the element G in the representations are 


xOXG), x®(G), ... , x(G). 


+ The proof of these properties may be found in books on group theory, for example E. WIGNER, 
Group Theory and its Applications to the Quantum Mechanics of Atomic Spectra, Academic Press, 
New York 1959 (Gruppentheorie und ihre Anwendung auf die Quantenmechanik der Atomspektren, 
Vieweg, Brunswick 1931); H. Wert, The Theory of Groups and Quantum Mechanics, Methuen, 
London 1931. 
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The matrix elements of irreducible representations satisfy a number of ortho- 
gonality relations. First of all, for two different irreducible representations 
the relations 


» GO ,.GP n* 2 (94.7) 


hold, where «and f (« # f) refer to the two irreducible representations, and the 
summation is taken over all the elements of the group. For any irreducible 
representation the relations 


YOO n® = F8aBkm (94.8) 


a 


hold, i.e. only the sums of the squared moduli of the matrix elements are not 
zero: 


> IG .|? = gif 


The relations (94.7), (94.8) can be combined in the form 
& 
2 GOGO rmn* = FPP em (94.9) 


In particular, we can obtain from this an important orthogonality relation 
for the characters of the representations. Summing both sides of equation 
(94.9) over equal values of the suffixes z, k and /, m, we have 


E x(G)XOG)* = Bap. (94.10) 


For « = B we have 


: (a) 2= 
B|XAG)P =, 


i.e. the sum of the squared moduli of the characters of an irreducible represen- 
tation is equal to the order of the group. We may notice that this relation 
can be used as a criterion of the irreducibility of a representation; for a 
reducible representation, this sum is always greater than g (it is mg, where n 
is the number of irreducible representations contained in the reducible 
one). 

It also follows from (94.10) that the equality of the characters of two 
irreducible representations is not only a necessary but also a sufficient con- 
dition for them to be equivalent. 

Since the characters of elements of the same class are equal, the sum 
(94.10) actually contains only r independent terms, and can be written in 
the form 


BEcx(C)xO(C)* = gaps (94.11) 
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where the summation is over the r classes of the group (arbitrarily denoted 
by C) and gc is the number of elements in class C. 

The relation (94.10) enables any reducible representation to be very easily 
decomposed into irreducible ones if the characters of both are known. Let 
x(G) be the characters of some reducible representation of dimension f, 
and let the numbers a), a®@), ... , a” indicate how many times the corres- 
ponding irreducible representations are contained in it, so that 


Phe Hh (94.12) 


where fg are the dimensions of the irreducible representations. Then the 
characters y(G) can be written 


Tr 


x(G) = 2 PYG). (94.13) 


Multiplying this equation by y@(G)* and summing over all G, we have by 
(94.10) 


1 
a) = : 5 x(G)x(G)*. (94.14) 


Let us consider a representation of dimension f = g, given by the g 
functions Gi, + being some general function of the co-ordinates (so that 
all the g functions Gy obtained from it are linearly independent); such a 
representation is said to be regular. It is clear that none of the matrices of 
this representation will contain any diagonal elements, with the exception of 
the matrix corresponding to the unit element; hence x(G) = 0 for G # E£, 
while y(E) = g. Decomposing this representation into irreducible ones, we 
have for the numbers a™, by (94.14), the values a = (1/g)gf™ = f™, ie. 
each irreducible representation is contained in the reducible one under 
consideration as many times as its dimension. Substituting this in (94.12), 
we find the relation 


FE+fE+ ». th? = 83 (94.15) 


the sum of the squared dimensions of the irreducible representations of a 
group is equal to its order.t Hence it follows, in particular, that for Abelian 
groups (where r = g) all the irreducible representations are of dimension one 


A=h=- =f, =}, 


+ Since the number of irreducible representations is equal to the number of classes, the quantities 
fac = V(ge/g)x'*(C) form a square matrix of v2 quantities. 

The orthogonality relations for the first suffix (Sfacfgc* = 5ag8) then automatically give those for 
the second suffix: Lfacfac’* = 8cc’. Hence, besides (94.11), we have 


Ey C)\YO(C)# == See. (94.11a) 
a £C 


{ It may be mentioned that, for point groups, equation (94.15) for given 7 and g can in practice 
be satisfied in only one way by a set of integers f,,..., fr. 
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We may also remark, without proof, that the dimensions of the irreducible 
representations of a group divide its order. 

Among the irreducible representations of any group there is always a 
trivial one, given by a single base function invariant under all the trans- 
formations in the group. This one-dimensional representation is called the 
unit representation; in it, all the characters are unity. 

Let us consider two different systems of functions ,, ...,%, © and 
p,"), ...,,,), which form two irreducible representations of a group. 
By forming the products 4,4, we obtain a system of f, fg new functions, 
which can serve as the basis for a new representation of dimension f, fp. 
This representation is called the direct product of the other two; it is irreduc- 
ible only if f, or fg is unity. It is easy to see that the characters of the direct 
product are equal to the products of the characters of the two component 
representations. For, if 


Gy _ 2 Gye, G ph a p> Gin? bm, 


then 
Chop, = >) GG mY ; 


hence we have for the characters, which we denote by (x™ x x)(G), 
(x™xx)(G) = EGC? = 2G z Gu, 


i.e. 
(x™Xxx)(G) = x(G)xA(G). (94.16) 


The two irreducible representations so multiplied may, in particular, be 
the same; in this case we have two different sets of functions yy, ... , py 
and ¢,, ...,¢y giving the same representation, while the direct product of 
the representation with itself is given by the f? functions %,4,, and has the 

characters 


(xxx)(G) = [x(@)]}?. 


This reducible representation can be at once decomposed into two represen- 
tations of smaller dimension (although these are, in general, themselves 
reducible). One of them is given by the 4f(f+1) functions $,¢,+1,4,, the 
other by the 4/(f— 1) functions 4,4,,—1,¢,, 1 # k; it is evident that the func- 
tions in each of these sets are transformed only into combinations of them- 
selves. ‘The former is called the symmetric product of the representation with 
itself, and its characters are denoted by the symbol [y*](G); the latter is 
called the antisymmetric product, and its characters are denoted by {x} (G). 
To determine the characters of the symmetric product, we write 


Gbidi tds) = Py GuiG meltibdm+Y mr) 


a $ Ph (Gi:G met GiGi) hid mt+Y mF): 
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Hence we have for the character 


bel(G) =3 ps (GisGrrt GiGi). 


But py G,, = x(G), and Y GiGi = x(G?); thus we finally obtain the 
formula 


Lek) = HEX(G)P+x(G)}, (94.17) 


which enables us to determine the characters of the symmetric product of a 
representation with itself from the characters of the representation. In an 
exactly similar manner, we find for the characters of the antisymmetric 
product the formula 


OPH(G) = Hx(G)P—x(G)}. (94.18) 


If the functions %, and d,; are the same, we can evidently construct from 
them only the symmetric product, formed by the squares %,? and the pro- 
ducts 4,7 4 k. In applications, symmetric products of higher orders are 
also encountered; their characters may be obtained in a similar manner. 

An important property of direct products is the following. ‘The resolution 
of the direct product of two different irreducible representations into irre- 
ducible parts never involves the unit representation, but the direct product 
of an irreducible representation with itself (that is, of course, its symmetric 
part) always contains (and only once) the unit representation. In order to 
know whether the unit representation is present in the representation 
(94.16), we simply sum its characters with respect to G and divide the result 
by the order g of the group, in accordance with (94.14). From (94.10) it is 
seen that this gives zero if « # B and unity if « = B. 

For applications it is useful to know a formula which enables us to represent 
an arbitrary function % as a sum of functions transformed by the irreducible 
representations of the group, i.e. in the form 


p= LEH, (94.19) 


where the functions 4,™ (c= 1,2,...,f,) are transformed by the ath 
irreducible representation. The problem consists in determining the func- 
tions 5, from the function ¥, and is solved by the formula 


pO = ze > G,*Gp. | (94.20) 
G 


To prove this, it suffices to show that the expression on the right-hand 
side of the equation reduces to #;“ identically if we put 4 = y,, and 
to zero if we put ¢ = 4, with k 4 7 or B ¥ «; both these results follow 
at once from the orthogonality relations (94.7), (94.8), putting Gy,“ 
= TG yb. 
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If we substitute (94.20) in (94.19) and effect the summation over 7, we 
obtain a simpler expansion of the arbitrary function % into functions 
belonging to the various irreducible representations, but not to any definite 
rows of these representations: 
y= Eye, ye = # % x(G)*G4. (94.21) 

Finally, we shall make a few remarks regarding the irreducible represen- 
tations of a group which is the direct product of two other groups (not 
to be confused with the direct product of two representations of the same 
group). If the functions y,“ give an irreducible representation of the group 
A, and the functions ¢, give one of the group B, the products 4,4, 
are the basis of an f, fs-dimensional representation of the group A XB, and 
this representation is irreducible. The characters of this representation are 
obtained by multiplying the corresponding characters of the original represen- 
tations (cf. the derivation of formula (94.16)); to an element C = AB of 
the group A XB there corresponds the character 


x(C) = x(A)xP(B). (94.22) 


Multiplying together in this way all the irreducible representations of the 
groups A and B, we obtain all the irreducible representations of the group 
AXB. 


§95. Irreducible representations of point groups 


Let us pass now to the actual determination of the irreducible represen- 
tations of those point groups which are of physical interest. The great 
majority of molecules have axes of symmetry only of the second, third, 
fourth or sixth order. Hence it is unnecessary to consider the icosahedron 
groups Y, Y,; we shall examine the groups C,, C,,, C,, D,, D,,, only for 
the values n = 1, 2, 3, 4, 6, and the groups S,,, D,,4 only for n = 1, 2, 3. 

The characters of the representations of these groups are shown in Table 7. 
Isomorphous groups have the same representations and are given together. 
The numbers in front of the symbols for the elements of a group in the upper 
rows show the numbers of elements in the corresponding classes (see §93). 
The left-hand columns show the conventional names usually given to the 
representations. The one-dimensional representations are denoted by the 
letters A, B, the two-dimensional ones by E, and the three-dimensional 
ones by F; the notation E for a two-dimensional irreducible representation 
should not be confused with the unit element of a group. The base functions 
of A representations are symmetric, and those of B representations antisym- 
metric, with respect to rotations about a principal axis of the nth order. 


+ The reason why two complex conjugate one-dimensional representations are shown as one 
two-dimensional one is explained in §96. 
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The functions of different symmetry with respect to a reflection o, are 
distinguished by the number of primes (one or two), while the suffixes 
g and u show the symmetry with respect to inversion. Beside the symbols 
for the representations are placed the letters x, y, 2; these show the repre- 
sentations by which the co-ordinates themselves are transformed (with a view 
to later quantum-mechanical applications). The 2-axis is always taken along 


TABLE 7 


Characters of irreducible representations of point groups 


Cc, E OF E I C; E Cc; C;? 
——_|—_——_- Cc, ECG 
A 1 C; E o A32 1 1 1 
1 e e& 
E; xtiy 
Ag A3;z A’sx,y| 1 1 1 e oc 
Au3x,v,2 B3x,y A”’32 1 —1 
Can E Gy on I C0 E 2C3 30% 
Coe E C, Oy 0’ D; E 2C'3 3U, 
V = D, E C,? Cw Ci 
Aj32z A, 1 1 1 
Ag Ay; 2 A 1 1 1 1 Ay Ay; 2 1 1 —1 
By Bos y B33 x 1-1 —1 1 E;x,y E;x,y 2 —!1 0 
Au; 2 A, Bi3 2 1 1 -1 -1 
Buz x,y By x Bay 1 -1 1 —1 
Cc, E C4 C, Cc Cs E Cs C3 C, C,? C,5 
S, E S4 CL Si 
A3z 1 1 1 1 1 1 
32 A 1 1 1 1 B 1 —-i 1-1 1 —-1 
B32 1-1 1 -1 1 w? -—w 1 w? —w 
Ey 
1 2-1-7 1 -—-w ow 1 —w 2? 
E;xriy E;x-biy { 1 @ ow —1 —w —a?’ 
1 —-i —1 i E.3 xtiy 
( 1 —w? —w —1 ww w 
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TABLE 7—continued 
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Car E Cy 2C, 2c, 20’, 
D, E GG 2Cy 2U, 2U, 
Dea E C, 2S, 2U, 20, 
Ajz A, A, 1 1 1 1 1 
A, A,3z A; 1 1 1 -1 #-1 
B, By B, 1 1 --1 1 —1 
B, B, B,; 2 1 1 —-1 -1 1 
E;x,y E;x,y Ejyx,y 2 -—-2 O 0 0 


D, E CG, 2Cs 2C, 3U, 3U% 
Cow E C, 2Cs 2C, 30, 30’, 
Dsr E on, 2Cs 283 3U, 30’, 
A, Az A, 1 1 1 1 1 1 
Ayz As A, 1 1 14 4 #1 -4 
B, B, A,” 1 -1 1 -—1 1 —1 
B, B, A,”’; 2 1 —1 1 -—1 -1 1 
E, E, E’3x,¥ 2 2 -1 —-1 0 0 
Ei;x%,y Eyyx,y E”’ 2 +2 —1 #1 0 0 
Oo E 8C 5 3C, 6C, 6C, 
E 3C, 4C; 4C,? Ta E 8Cs3 3C, 6046S, 
1 1 41 1 A, A, 1 1 121 1 41 
1 1 « # A, A, 1 1 14 —1 -1 
1 1 ee ¢« E E 2-1 2 0 0 
3 -1 0 0 F, Fy3x,y,2 }3 O -1 1 —1 


Fi3x,y,2 F, 
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the principal axis of symmetry. The letters « and w denote 


e = e2tt/3, (ote S ik 


The simplest problem is to determine the irreducible representations for 
the cyclic groups (Cy, Sn). A cyclic group, like any Abelian group, has only 
one-dimensional representations. Let G be a generating element of the group 
(i.e. one which, on being raised to successive powers, gives all the elements 
of the group). Since G¥ = E (where g is the order of the group), it is clear 
that, when the operator G acts on a base function ¢, the latter can be multi- 
plied only by 11/, ie. 


Cy =errtk/oy = (k = 1,2,..., 8) 


The group Co, (and the isomorphous groups Czy and D2) is Abelian, so 
that all its irreducible representations are one-dimensional, and the characters 
can only be + 1 (since the square of every element is £). 

Next we consider the group C,,. As compared with the group C;, the 
reflections o,, in vertical planes (all belonging to one class) are here added. 
A function invariant with respect to rotation about the axis (a base function 
of the representation A of the group C;) may be either symmetric or anti- 
symmetric with respect to the reflections o,. Functions multiplied by ¢ 
and ¢2 under the rotation C,, on the other hand (base functions of the com- 
plex conjugate representations E), change into each other on reflection. { 
It follows from these considerations that the group C,, (and D;, which is 
isomorphous with it) has two one-dimensional irreducible representations 
and one two-dimensional, with the characters shown in the table. The fact 
that we have indeed found all the irreducible representations may be seen 
from the result 12-+12-+2? = 6, which is the order of the group. 

Similar considerations give the characters of the representations of other 
groups of the same type (C,,, C,,). 

The group T is obtained from the group V by adding rotations about 
four oblique axes of the third order. A function invariant with respect to 
transformations of the group V (a basis of the representation A) can be 
multiplied, under the rotation C3, by 1, « or e2. The base functions of the 
three one-dimensional representations B,, Bz, Bz of the group V change into 
one another under rotations about the axis of the third order (this is seen, 
for example, if we take as these functions the co-ordinates x, y, 2 themselves). 
Thus we obtain three one-dimensional irreducible representations and one 
three-dimensional (12+ 124 1243? = 12). 

Finally, let us consider the isomorphous groups O and T q. The group 
T , is obtained from the group T by adding reflections og in planes each of 
which passes through two axes of the third order. A base function of the 


{ For the point group C,, we can, for example, take as the functions ¢% the functions et? k= 1, 
2, ...,”, where ¢ is the angle of rotation about the axis, measured from some fixed direction. 

+ These functions may, for example, be taken as $, = e/¢, pi. = eid, On reflection in a vertical 
plane, ¢ changes sign. 
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unit representation A of the group T may be symmetric or antisymmetric 
with respect to these reflections (which all belong to one class), and this 
gives two one-dimensional representations of the group Tj. Functions 
multiplied by ¢ or ¢? under a rotation about an axis of the third order (the 
basis of the complex conjugate representations E of the group T) change into 
each other on reflection in a plane passing through this axis, so that one 
two-dimensional representation is obtained. Finally, of three base functions 
of the representation F of the group T, one is transformed into itself on 
reflection (and can either remain unaltered or change sign), while the other 
two change into each other. Thus we have altogether two one-dimensional 
representations, one two-dimensional and two three-dimensional. 

The representations of the remaining point groups in which we are inter- 
ested can be obtained immediately from those already given, if we notice 
that the remaining groups are direct products of those already considered 
with the group C;, (or C,): 


Cy, =CsxC, Dy =D,xXC;  Dsq = D;xC; 
Cy, = C,XxC; Dy =D,xC; Dg, = D,xC; 
Con = C,XC; S, =C;,xC; T, = TxC; 

O, = OxC; 


Each of these direct products has twice as many irreducible representations 
as the original group, half of them being symmetric (denoted by the suffix g) 
and the other half antisymmetric (suffix u) with respect to inversion. The 
characters of these representations are obtained from those of the representa- 
tions of the original group by multiplying by +1 (in accordance with the 
rule (94.22)). ‘Thus, for instance, we have for the group Dsq the repre- 
sentations: 


Dsa E 2C,;  3U, I 2S, 304 
Axg 1 1 1 1 1 1 
Avg 1 ares 1 i at 
E, 2 0 a eH 0 
Ary 1 1 i 26 «2h i 
Ae 1 a re 1 
E, et 0 --2 1 0 


§96. Irreducible representations and the classification of terms 


The quantum-mechanical applications of group theory are based on the 
fact that the ScHRODINGER’s equation for a physical system (an atom or 
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molecule) is invariant with respect to symmetry transformations of the system. 
It follows at once from this that, on applying the elements of a group to a 
function satisfying SCHRODINGER’s equation for some value of the energy (an 
eigenvalue), we must again obtain solutions of the same equation for the same 
value of the energy. In other words, under a symmetry transformation the 
wave functions of the stationary states of the system belonging to a given 
energy level transform into linear combinations of one another, i.e. they give 
some representation of the group. An important fact is that this representa- 
tion is irreducible. For functions which are invariably transformed into linear 
combinations of themselves under symmetry transformations must belong 
to the same energy level; the equality of the eigenvalues of the energy cor- 
responding to several groups of functions (into which the basis of a reducible 
representation can be divided), which are not transformed into combinations 
of one another, would be an utterly improbable coincidence (provided that 
there is no special reason for such equality; see below). 

Thus, to each energy level of the system, there corresponds some irreduc- 
ible representation of its symmetry group. The dimension of this represen- 
tation determines the degree of degeneracy of the level concerned, i.e. the 
number of different states with the energy in question. The fixing of the 
irreducible representation determines all the symmetry properties of the 
given state, i.e. its behaviour with respect to the various symmetry trans- 
formations. 

Irreducible representations of dimension greater than one are found only 
in groups containing non-commuting elements; Abelian groups have only 
one-dimensional irreducible representations. It is apposite to recall here that 
the relation between degeneracy and the presence of operators which do not 
commute with one another (but do commute with the Hamiltonian) has 
already been found above from considerations unrelated to group theory 
(§10). 

The following important reservation should be made regarding all these 
statements. As has already been pointed out (§18), the symmetry (valid in 
the absence of a magnetic field) with respect to a change in the sign of the 
time has, in quantum mechanics, the result that complex conjugate wave 
functions must belong to the same eigenvalue of the energy. Hence it follows 
that, if some set of functions and the set of complex conjugate functions give 
different irreducible representations of a group, these two complex conjugate 
representations must be regarded, from the physical point of view, as forming 
together a single representation of twice the dimension. In the preceding 
section we had examples of such representations. Thus the group C, has 
only one-dimensional representations; however, two of these are complex 
conjugates, and correspond physically to doubly degenerate energy levels. 
(In the presence of a magnetic field there is no symmetry with respect to a 
change in the sign of the time, and hence complex conjugate representations 
correspond to different energy levels.) 

Let us suppose that a physical system is subjected to the action of some 
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perturbation (i.e. the system is placed in an external field). The question 
arises to what extent the perturbation can result ina splitting of the degener- 
ate levels. ‘The external field has itself a certain symmetry.+ If this symmetry 
is the same as or highert than that of the unperturbed system, the symmetry 
of the perturbed Hamiltonian H = 4,+V is the same as the symmetry 
of the unperturbed operator Hy. It is clear that, in this case, no splitting 
of the degenerate levels occurs. If, however, the symmetry of the pertur- 
bation is lower than that of the unperturbed system, then the symmetry of 
the Hamiltonian Hf is the same as that of the perturbation 7. The wave 
functions which gave an irreducible representation of the symmetry group 
of the operator H) will also give a representation of the symmetry group 
of the perturbed operator H, but this representation may be reducible, and 
this means that the degenerate level is split. 

We shall show by means of an example how the mathematical techniques 
of group theory enable us to solve the problem of the splitting of any given 
level. 

Let the unperturbed system have symmetry Tq, and let us consider a 
triply degenerate level corresponding to the irreducible representation F2 
of this group. The characters of this representation are 


E 8C3 3Ce 604 6S4 
3 0 —1 1 —1 


Let us assume that the system is subjected to the action of a perturbation 
with symmetry C3y (with the third-order axis coinciding with one of those of 
the group Tg). The three wave functions of the degenerate level give a 
representation of the group C3» (which is a sub-group of the group Ta), and 
the characters of this representation are equal to those of the same elements 
in the original representation of the group Ty, i.e. 


E 2C3 36y 
3 0 1 


This representation, however, is reducible. Knowing the characters of the 
irreducible representations of the group C3», it is easy to decompose it into 
irreducible parts, using the general rule (94.14). Thus we find that it consists 
of the representations A; and E of the group C3». The triply degenerate 
level F2 is therefore split into one non-degenerate level A; and one doubly 
degenerate level E. If the same system is subjected to the action of a per- 
turbation of symmetry C2», which is also a sub-group of the group Tg, then 


{ For example, in the case of the energy levels of the d and Ff shells of ions in a crystal lattice which 
interact slightly with the surrounding atoms, the perturbation (the external field) is the field acting 
on an ion due to the other atoms. 

{ If a symmetry group H is a sub-group of the group G, we say that H corresponds to a lower 
symmetry and G to a higher symmetry. It is evident that the symmetry of the sum of two expressions, 
one of which has the symmetry of G and the other that of H, is the lower symmetry, that of H. 
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the wave functions of the same level Fz give a representation with characters 


E Ce Oy oO Ee 


——_ 


3 —1 1 1 


Decomposing this into irreducible parts, we find that it contains the repre- 
sentations A;, Bi, Bz. Thus in this case the level is completely split into three 
non-degenerate levels. 


§97. Selection rules for matrix elements 


Group theory not only enables us to carry out a classification of the terms 
of any symmetrical physical system, but also gives us a simple method of 
finding the selection rules for the matrix elements of the various quantities 
which characterise the system. . 

This method is based on the following general theorem. Let #,;“) be one 
of the base functions of an irreducible (non-unit) representation of asymmetry 
group. Then the integral of this function over all spacet vanishes identically : 


J ¥s@ dg = 0. (97.1) 


The proof is based on the evident fact that the integral over all space is 
invariant with respect to any transformation of the co-ordinate system, 
including any symmetry transformation. Hence 


[ wi dg = f Gysedg = | E Guierba de. 


We sum this equation over all the elements of the group. The integral on 
the left is simply multiplied by g, the order of the group, and we have 


gf Wi dg = % [ wo Eu da. 


However, for any non-unit irreducible representation we have identically 
> Gig = 0; 


this is a particular case of the orthogonality relations (94.7), when one of 
the irreducible representations is the unit representation. This proves the 
theorem. 

If ys is a function belonging to some reducible representation of a group, 
the integral { % dg will be zero except when this representation contains the 
unit representation. This theorem is a direct consequence of the previous 
one. 


+ That is, the configuration space of the physical system concerned. 
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Let f be the operator of some scalar physical quantity. By definition, 
it is invariant with respect to all symmetry transformations. Its matrix 
elements are the integrals 


J vif dg, (97.2) 


where the indices a, 8 distinguish different terms of the system, and the 
suffixes 7, k denumerate the wave functions of states belonging to the same 
degenerate term. We denote the irreducible representations of the symmetry 
group of the system concerned that are given by the functions 4, and 4%, 
by the symbols D™ and D®, The products 4; ,,@) give the representa- 
tion D@ x D®); since the operator f itself is invariant with respect to all 
transformations, the whole expression in the integrand belongs to this 
representation. The direct product of two different irreducible represen- 
tations, however, does not contain the unit representation (see §94), whilst 
the direct product of an irreducible representation with itself always contains 
the unit representation, and only once; the integrals (97.2) are a constant 
(independent of 7 and k) times 8;z. Thus we reach the conclusion that, for a 
scalar quantity, the matrix elements are non-zero only for transitions between 
states of the same type (i.e. belonging to the same irreducible representation). 
This is the most general form of a theorem of which we have already met 
several particular cases. 

Let us next consider some vector physical quantity A. The three compo- 
nents A,, A,, A, transform into linear combinations of themselves under 
symmetry transformations, and therefore give some representation of the 
symmetry group, which we shall denote byt D4. The products 4,@Ay,) 
give the representation D™ x D, x D); the matrix elements are non-zero 
if this representation contains the unit representation. In practice, it is more 
convenient to decompose into irreducible parts the direct product D™ x D ,; 
this gives us immediately all the types D) of states for transitions into which 
(from a state of type D™) the matrix elements are not zero. 

The diagonal matrix elements (unlike those for transitions between diff- 
erent states of the same type) require special consideration. In this case we 
have only one system of functions ,), not two different ones, and their 
products in pairs give the symmetric product [D] of the representation 
D with itself, not the direct product D™ x D@, Hence the presence of 
diagonal matrix elements of a vector quantity means that the unit represen- 
tation is present in the decomposition of the product [D™?] xD ,, or, what 
is the same thing, that D , is present in [D@]f. | | 

Similarly we can find the selection rules for the matrix elements of a tensor. 
Examples of the application of these rules are given in the following Problems. 


f In general Dy is different for polar and axial vectors. 

{ We did not make this remark in considering the scalar quantity f, seeing that the symmetric pro- 
duct [D()?], like the direct product D(“) x D(@), always contains the unit representation. Hence the 
diagonal matrix elements of a scalar quantity are, in general, different from zero. 
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PROBLEMS 
Prosiem 1. Find the selection rules for the matrix elements of a polar vector when 
symmetry O is present. 
SOLUTION. The components of a vector are transformed by the irreducible representation 


F,. The decompositions of the direct products of F', with the other representations of the 
group O are 


Fix4, =F, Fyx4,=Fh, F\XE = Athy, 


1) 
F,XF, = A,tE+F,+Fy F\XF, = At E+F,4-Fy. ( 


Hence the non-zero non-diagonal matrix elements are those for the transitions 
F,<>A,, E, Fy, Fo; Fy? An E, Fy. 
The symmetric products of the irreducible representations of the group O are 
[42] =[4.7] =4, [2] =4,+£, [FP] =[F?)] = 4+ £+F2. (2) 
F, is contained in none of these; hence the diagonal matrix elements vanish. 


PRoBLEM 2. The same as Problem 1, but for symmetry Dog. 


SoLUTION. The z-component of the vector is transformed by the representation A,u, the 
x and y components by Ey. We have 


Ey XAyjg = Ey XAgg = E,, Ey XA = EyXAeu = E,, 


(1) 
E, xk, = AygtAggt £,, E,X£, = AyyutAsut Ey. 
Hence the non-diagonal matrix elements of Az, A, are non-zero for the transitions Ey <> Axg, 
Aag, Eg3 Eg <> Ayu, Aou. In the same way we find the selection rules for the matrix elements 
of Az: Ayg <> Agu, Agg <> Ayu, Ege Eu. 
The symmetric products of the irreducible representations are 


[A,,7] = [1.7] = [A2,7] _ [43.7] = Axy, 


(2) 
[E,?] = [2.7] = E,+Aig- 
These do not contain either A, or Ey; hence the diagonal matrix elements vanish for both 
Az and Az, A y 


PROBLEM 3. Find the selection rules for the matrix elements of a symmetrical tensor Aj, 
of rank two (with Azz+Ayy+Azz = 0) when symmetry O is present. 


SoLUTION. The components Azy, Azz, Ayz are transformed by F,. Decomposing the 
direct products of F, with all the representations of the group O, we find the selection rules 
F, <> Ay, E, F,, Fo; F2<> Ay, E, F:, Fz. The diagonal matrix elements exist (as we see from 
(2), Problem 1) for the states F, and F. 

The sums Agz+ eAyyt e%Azz, Acat &*Ayy + Azz (e = e?4/%) are transformed by the 
representation E. The selection rules for the non-diagonal elements are E<-+> A, Ag, E; 
F, <> F,, Fx; F2<> F:. The diagonal elements are non-zero for the states E, Fy, F;. 


ProsBLeM 4. The same as Problem 3, but for symmetry D34. 


SoLuUTION. Azz is transformed by Ajg, i.e. Azz behaves as a scalar. The components 
Azzr—Ayy and Azy are transformed by Eg; the same is true of the components Azz, Ayz. 
Decomposing the direct products of Eg with all the representations of the group D3a, we 
find the selection rules for the non-diagonal matrix elements; Eg <> Ayg, Aeg, Eg; Eu< > Ay, 
Agu, Eu. The diagonal elements are not zero (as we see from (2), Problem 2) only for the 
states Eg and Ey. 
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§98. Continuous groups 


As well as the point groups enumerated in §93, there exist also what are 
called continuous point groups, having an infinite number of elements. These 
are the groups of axial and spherical symmetry. 

The simplest axial symmetry group is the group C,,, which contains rota- 
tions C(¢) through any angle ¢ about the axis of symmetry; this is called the 
two-dimensional rotation group. It may be regarded as the limiting case of 
the groups C,, as m -> oo. Similarly, as limiting cases of the groups C,,,, 
Civ Dy, Dz}, we obtain the continuous groups C,,,, C», Da, Dat: 

A molecule has axial symmetry only if it consists of atoms lying in a straight 
line. If it meets this condition, but is asymmetric about its midpoint, its 
point group will be the group C,,,,, which, besides rotations about the axis, 
contains also reflections o, in any plane passing through the axis. If, on 
the other hand, the molecule is symmetrical about its midpoint, its point 
group will be D,,,, = C,,,xC,. The groups C,,, C,,,, D,, cannot appear as 
the symmetry groups of a molecule. 

The group of complete spherical symmetry contains rotations through any 
angle about any axis passing through the centre, and reflections in any plane 
passing through the centre; this group, which we shall denote by K,, is 
the symmetry group of a single atom. It contains as a sub-group the group 
K of all spatial rotations (called the three-dimensional rotation group, or simply 
the rotation group). The group K,, can be obtained from the group K by 
adding a centre of symmetry (K, = K xC,). | 

The elements of a continuous group may be distinguished by one or more 
parameters which take a continuous range of values. Thus, in the rotation 
group, the parameters might be the two angles determining the direction of 
the axis, and the angle of rotation about this axis. 

The general properties of finite groups described in §92, and the concepts 
appertaining to them (sub-groups, conjugate elements, classes, etc.), can be 
at once generalised to continuous groups. Of course, the statements which 
directly concern the order of the group (for instance, that the order of a sub- 
group divides the order of the group) are no longer meaningful. 

In the group C,,, all planes of symmetry are equivalent, so that all reflec- 
tions o,, form a single class with a continuous series of elements; the axis of 
symmetry is bilateral, so that there is a continuous series of classes, each 
containing two elements C(+¢). The classes of the group D,,, are obtained 
at once from those of the group C,,,, since D,,, = C,,,XC;. 

In the rotation group K, all axes are equivalent and bilateral; hence the 
classes of this group are rotations through an angle of fixed absolute magnitude 
lé| about any axis. The classes of the group K,, are obtained at once from 
those of the group K. 

We have already found, in essence, the irreducible representations of the 
three-dimensional rotation group (without using the terminology of group 
theory), when determining the eigenvalues and eigenfunctions of the total 
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angular momentum. For the angular momentum operator is (apart from a 
constant factor) the operator of an infinitely small rotation, and its eigenvalues 
characterise the behaviour of the wave functions with respect to spatial 
rotations. To a value j of the angular momentum there correspond 2j+1 
different eigenfunctions jm, differing in the values of the component m of 
the angular momentum and all belonging to one (27+ 1)-fold degenerate 
energy level. Under rotations of the co-ordinate system, these functions are 
transformed into linear combinations of themselves, and thus give irreducible 
representations of the rotation group. Thus, from the group-theory point of 
view, the numbers j number the irreducible representations of the rotation 
group, and one (2j+1)-dimensional representation corresponds to each j. 
The number / takes integral and half-integral values, so that the dimension 
2] + 1 of the representation takes all the integral values 1, 2, 3,.... 

The base functions of these representations have been, in essence, investi- 
gated in Chapter VIII. The basis of a representation of given j is formed by 
the 27+1 independent components of a symmetrical spinor of rank 27 (which 
are equivalent to the set of 27+ 1 functions jm). 

The irreducible representations of the rotation group which correspond 
to half-integral values of j are distinguished by an important property. 
Under a rotation through 27, the base functions of the representations 
change sign (being components of a spinor of odd rank). Since, however, 
a rotation through 27 is the same as the unit element of the group, we 
reach the result that representations with half-integral 7 are, as we say, 
two-valued; to each element of the group (a rotation through an angle 
¢, 0 < d < 2z, about some axis) there correspond in such a representation 
not one but two matrices, with characters differing in sign. 

An isolated atom has, as we have already remarked, the symmetry K, 
= KxC,. Hence, from the group-theory point of view, there corresponds 
to each term of the atom some irreducible representation of the rotation 
group K (determining the value of the total angular momentum J of the atom) 
and an irreducible representation of the group C, (determining the parity 
of the state).] 

When the atom is placed in an external electric field, its energy levels are 
split. The number of different levels resulting and the symmetry of the 
corresponding states can be determined by the method described in §96. 


+ It must be mentioned that “two-valued representations” of a group are not representations in 
the true sense of the word, since they are not given by one-valued base functions; see also §99. 

t Moreover, the Hamiltonian of the atom is invariant with respect to interchanges of the electrons. 
In the non-relativistic approximation, the co-ordinate and spin wave functions are separable, and we 
can speak of representations of the permutation group that are given by the co-ordinate functions. If 
the irreducible representation of the permutation group is given, the total spin S of the atom is deter- 
mined (§63). When the relativistic interactions are taken into account, however, the separation of the 
wave functions into co-ordinate and spin parts is not possible. The symmetry with respect to simul- 
taneous interchange of the co-ordinates and spins of the particles does not characterise the term, 
since PAULI’s principle admits only those total wave functions which are antisymmetric with respect 
to all the electrons. This is in accordance with the fact that, when the relativistic interactions are 
taken into account, the spin is not, strictly speaking, conserved; only the total angular momentum J 
is conserved. 
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It is necessary to decompose the (2/+1)-dimensional representation of the 
symmetry group of the external field (given by the functions yy.) into 
irreducible representations of this group. This requires a knowledge of the 
characters of the representation given by the functions yy. 

By a rotation through an angle ¢ about an axis the wave functions #74 
are, as we know, multiplied by e#”?, where M is the component of the angular 
momentum along that axis. The transformation matrix for the functions 
%m will therefore be diagonal, with character 


ng) = Ss aired. etlJ+1)¢ —_ eid 
. m=-J elo —] 
or 
sin(J+4)¢ 
WO) =. (98.1) 
sindd 


With respect to inversion J, all the functions wu with different M behave 
in the same way, being multiplied by +1 or —1 according as the state of the 
atom is even or odd. Hence the character 


xD) = +(2J+1). (98.2) 


Finally, the characters corresponding to reflection in a plane o and rotary 
reflection through an angle ¢ are found by writing these symmetry trans- 
formations as 


c=ICz,  S($) = IC(r+4). 


Let us pause to consider also the irreducible representations of the 
axial symmetry group C,,,. This problem has, in essence, been solved when 
we ascertained the classification of the electron terms of a diatomic molecule 
having this symmetry C,,, (i.e. when the two atoms are different). To the 
terms 0+ and 0- (with 2 = 0) there correspond two one-dimensional 
irreducible representations: the unit representation A and the representation 
Az, in which the base function is invariant under all rotations and changes 
sign under reflections in planes oy, while to the doubly degenerate terms with 
Q = 1, 2,... there correspond two-dimensional representations denoted by 
fi, Eo, ..... Under a rotation through an angle ¢ about the axis, the base 
functions are multiplied by e##°%, while on reflection in planes c, they change 
into each other. 

The irreducible representations of the group D,,, = C,,, XC, are ob- 
tained at once from those of the group C,,, (and correspond to the classifi- 
cation of the terms of a diatomic molecule composed of like nuclei). 

If we take half-integral values for ©, the functions e+‘°¢ give two-valued 
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irreducible representations of the group C,,,, corresponding to the terms of 
the molecule having half-integral spin. 


§99. Two-valued representations of finite point groups 


To the states of a system with half-integral spin (and therefore half- 
integral total angular momentum) there correspond two-valued represen- 
tations of the point symmetry group of the system. This is a general property 
of spinors, and therefore holds for both continuous and finite point groups. 
The necessity thus arises of finding the two-valued irreducible representa- 
tions of finite point groups. 

As we have already remarked, the two-valued representations are not 
really true representations of a group. In particular, the relations discussed 
in §94 do not apply to them, and where all irreducible representations were 
considered in these relations (for example, in the relation (94.15) for the sum 
of the squared dimensions of the irreducible representations), only the true 
one-valued representations were meant. 

To find the two-valued representations, it is convenient to employ the 
following artifice (H. BETHE 1929). We introduce, in a purely formal 
manner, the concept of a new element of the group (denoted by Q); this is a 
rotation through an angle of 27 about an arbitrary axis, and is not the unit 
element, but gives the latter when applied twice: Q? = E. Accordingly, 
rotations C,, about the axes of symmetry of the mth order will give identical 
transformations only after being applied 2” times (and not n times): 


C,” =O, C,2" = E. (99.1) 


The inversion J, being an element which commutes with all rotations, 
must give E as before on being applied twice. A twofold reflection in a plane, 
however, gives Q, not E: 


oe =Q, of = E; (99.2) 


this follows, since the reflection can be written in the form o, = IC,. Asa 
result we obtain a set of elements forming some fictitious point symmetry 
group, whose order is twice that of the original group; such groups we shall 
call double point groups. The two-valued representations of the actual point 
group will clearly be one-valued (i.e. true) representations of the correspond- 
ing double group, so that they can be found by the usual methods. 

The number of classes in the double group is greater than in the original 
group (but not, in general, twice as great). The element Q commutes with all 


+ Contrary to the result for the three-dimensional rotation group, it would here be possible, by a 
suitable choice of fractional values of , to obtain not only one-valued and two-valued representations, 
but also those of three or more values. However, the physically possible eigenvalues of the angular 
momentum, which is the operator of an infinitely small rotation, are determined by the representations 
of the aforementioned three-dimensional rotational group. Hence the three (or more)-valued repre~ 
sentations of the two-dimensional rotation group (and of any finite symmetry group), though mathe- 
matically determinate, are without physical significance. 
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the other elements of the group,t and hence always forms a class by itself. If 
the axis of symmetry is bilateral, the elements C,,* and C,2"-* = QOC,,"-* are 
conjugate in the double group. Hence, when axes of the second order are 
present, the distribution of the elements among classes depends also on 
whether these axes are bilateral (in ordinary point groups this is unimportant, 
since Cy, is the same as the opposite rotation C,~). 

Thus, for instance, in the group T the axes of the second order are equiva- 
lent, and each of them is bilateral, while the axes of the third order are equiva- 
lent but not bilateral. Hence the 24 elements of the double group{ T’ are 
distributed in seven classes: E, Q, the class of three rotations C, and three 
C.Q, and the classes 4C,, 4C,?, 4C,Q, 4C,2Q. 

The irreducible representations of a double point group include, firstly, 
representations which are the same as the one-valued representations of the 
simple group (a unit matrix corresponding to both Q and E); secondly, 
the two-valued representations of the simple group, a negative unit matrix 
corresponding to Q. It is these latter representations in which we are now 
interested. 

The double groups C,,’ (n = 1, 2, 3, 4, 6) and S,’, like the corresponding 
simple groups, are cyclic.|| All their irreducible representations are one- 
dimensional, and can be found without difficulty as shown in §95. 

The irreducible representations of the groups D,,’ (or C,,,’, which are 
isomorphous with them) can be found by the same method as for the cor- 
responding simple groups. These representations are given by functions 
of the form e+*#?, where ¢ is the angle of rotation about an axis of the mth 
order, and k is given half-integral values (the integral values correspond to 
the ordinary one-valued representations). Rotations about horizontal axes 
of the second order change these functions into one another, while the rota- 
tion C,, multiplies them by e+27**/", 

It is a little less easy to find the representations of the double cubic groups. 
The 24 elements of the group T’ are divided among seven classes. Hence 
there are altogether seven irreducible representations, of which four are 
the same as those of the simple group T. The sum of the squared dimensions 
of the remaining three representations must be 12, and hence we find that 
they are all two-dimensional. Since the elements C, and C,Q belong to the 
same class, x(C,) = x(C,Q) = —x(C,), whence we conclude that y(C,) = 0 
in all three representations. Next, at least one of the three representations 
must be real, since complex representations can occur only in conjugate 
pairs. Let us consider this representation, and suppose that the matrix of 
the element C, is brought to diagonal form, with diagonal elements a,, dg. 
Since C,? = Q, a3 = a3 = —1. In order that x(C,) = a,+a, may be real, 
we must take a, = e"*/3, a, = e 7/3, Hence we find that x(C,) = 1, x(C,”) 

t+ This is obvious for rotations and inversion; for a reflection in a plane, it follows since the reflec- 
tion can be represented as the product of an inversion and a rotation. 

{ We distinguish the double groups by primes to the symbols for the ordinary groups. 


|| The groups S,’ = C,’, S,’ = C;;’, however, which contain the inversion J, are Abelian but not 
cyclic. 
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= a,2+a,2 = —1. Thus one of the required representations is obtained. By 
comparing its direct products with the two complex conjugate one-dimensional 
representations of the group T, we find the other two representations. 

By means of similar arguments, which we shall not pause to give here, we 
may find the representations of the group O’. Table 8 gives the characters 
of the representations of the double groups mentioned above. Only those 
representations are shown which correspond to two-valued representations 
of the ordinary groups. The isomorphous double groups have the same 
representations. 

The remaining point groups are isomorphous with those we have con- 
sidered, or else are obtained by direct multiplication of the latter by the group 
C,, so that their representations do not need to be specially calculated. 

For the same reasons as for ordinary representations, two complex con- 
jugate two-valued representations must be regarded, from the physical 
point of view, as one representation of twice the dimension. It is necessary 
to pair one-dimensional two-valued representations even when they have 
real characters. For (see §60) in systems with half-integral spin, complex 
conjugate wave functions are linearly independent. Hence, if we have a 
two-valued one-dimensional representationt with real characters (given 
by some function 7), then, although the complex conjugate function ¥* is 
transformed by the same representation, we can nevertheless see that ~ and 
* are linearly independent. Since, on the other hand, the complex conjugate 
wave functions must belong to the same energy level, we see that in physical 
applications this representation must be doubled. 


PROBLEM 


Determine how the levels of an atom (with given values of the total angular momentum J) 
are split when it is placed in a field having the cubic symmetry{ O. 

SOLUTION. ‘The wave functions of the states of an atom with angular momentum J and 
various values My give a (2 +1)-dimensional reducible representation of the group O, with 
characters determined by the formula (98.1). Decomposing this representation into irreduc- 
ible parts (one-valued for integral J and two-valued for half-integral J), we at once find the 
required splitting (cf. §96). We shall list the irreducible parts of the representations corres- 
ponding to the first few values of J: 


J =0 A, 
1/2 Fi 
1 Fy, 
3/2 G’ 
2 E+F, 
5/2 E,’+G’ 
3 Ap+F,+Fy 


+ Such representations are found in the group C,’ for odd m; the characters are x(C,*) = (—1)*. 

t For example, an atom in a crystal lattice. The presence or absence of a centre of symmetry in 
the symmetry group of the external field is immaterial to this problem, since the behaviour of the 
wave function on inversion (the parity of the level) is unrelated to the angular momentum J. 
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TABLE 8 
Two-valued representations of point groups 
C,@) CLM) C,{2) 
Dy E @Q C290 CQ CQ 
E’ 2 —2 0 0 0 
Cs C; 
D,’ E @Q CZ7Q C,Q. 3U, 3U,Q0 
1 —1 —1 1 i —t 
Ey’ 
1 —1 —1 1 —% i 
Ey’ 2 —2 1 —1 0 0 
C, Cs C3? Ce C.° 3U, 3U’, 
D& E @Q CQ CYQOQ CQ CeO CQ 3U,.Q0 3U'.90 
Ey 2 —2 0 1 —1 V3 —vV/3 0 0 
Ey’ 2 —2 0 1 —1 —VV3 V3 0 0 
E;’ 2 —2 0 —2 2 0 0 0 0 
C2 Cy Ce 2U, 2U’, 
D/ E @Q CQ CYQ C,Q 2U,.Q 2U'.0 
Ey’ 2 —2 0 V2 —vV2 0 0 
Ey’ 2 —2 0 —V2 V/2 0 0 
3C, 
T’ E Q 4Cs 4C;? 4C,0 4C;?Q 3C.Q 
E’ 2 —2 1 —1 —1 1 0 
2 —2 € —< —é e? 0 
G’ 
2 —2 3 —é — € 0 
4C, 4C 3C2 3C, 3C2 60, 
oO’ E @Q 4C;70 4C;Q0 3C,7Q0 3C3Q 3C,Q 6C.Q 
Ey’ 2 —2 1 —1 0 V2 —vV/2 0 
Ey 2 -2 1 ={ 0 a54/9 4/2 0 
G’ 4 —4 —1 1 0 0 0 0 


CHAPTER XIII 
POLYATOMIC MOLECULES 


§100. The classification of molecular vibrations 


IN its applications to polyatomic molecules, group theory first of all resolves 
at once the problem of the classification of their electron terms, i.e. of the 
energy levels for a given situation of the nuclei. They are classified according 
to the irreducible representations of the point symmetry group appropriate 
to the configuration of the nuclei. Here, however, we must emphasise what 
is really obvious, that the classification thus obtained belongs to the definite 
nuclear configuration considered, since the symmetry is in general destroyed 
when the nuclei are displaced. We usually discuss the configuration cor- 
responding to the equilibrium position of the nuclei. In this case the classi- 
fication continues to possess a certain amount of meaning even when the 
nuclei execute small vibrations, but of course becomes meaningless when 
the vibrations can no longer be regarded as small. 

In the diatomic molecule this question did not arise, since its axial sym- 
metry is of course preserved under any displacement of the nuclei. A 
similar situation occurs for triatomic molecules also. The three nuclei 
always lie in a plane, which is a plane of symmetry of the molecule. Hence 
the classification of the electron terms of the triatomic molecule with respect 
to this plane (wave functions symmetric or antisymmetric with respect to 
reflection in the plane) is always possible. 

For the normal electron terms of polyatomic molecules there is an empirical 
rule according to which, in the great majority of molecules, the wave function 
of the normal electron state is completely symmetrical (this rule, for diatomic 
molecules, has already been mentioned in §78). In other words, the wave 
function is invariant with respect to all the elements of the symmetry group 
of the molecule, i.e. it belongs to the unit irreducible representation of the 
group. 

The application of the methods of group theory is particularly significant 
in the investigation of molecular vibrations (E. WIGNER 1930). Before 
beginning a quantum-mechanical investigation of this problem, a purely 
classical discussion of the vibrations of the molecule is necessary, in which 
it is regarded as a system of several interacting particles (the nuclei). 

A system of N particles (not lying in a straight line) has 3N—6 vibrational 
degrees of freedom; of the total number of degrees of freedom 3N, three 
correspond to translational and three to rotational motion of the system as 
a whole}. The energy of a system of particles executing small vibrations 
"+ See Mechanics, §§23, 24. If all the particles lie in a straight line, the number of vibrational degrees 


of freedom is 3N—5; in this case, only two co-ordinates correspond to rotation, since it is meaningless 
to speak of the rotation of a linear molecule about its axis. 
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can be written 
E = 3% mula +} & Raitty (100.1) 


where m,,, k;, are constant coefficients, and the u,; are the components of 
the vector displacements of the particles from their equilibrium positions 
(the suffixes i, k denumerate both the components of the vector and the 
particles). By a suitable linear transformation of the quantities u,, we can 
eliminate from (100.1) the co-ordinates corresponding to translational motion 
and rotation of the system, and take the vibrational co-ordinates in such a 
way that both the quadratic forms in (100.1) are transformed into sums of 
squares. Normalising these co-ordinates so as to make all the coefficients 
in the expression for the kinetic energy unity, we obtain the vibrational energy 
in the form 


E=42 OyP+4 E 00,2 E Oni. (100.2) 


The vibrational co-ordinates Q,, are said to be normal; the w, are the fre- 
quencies of the corresponding independent vibrations. It may happen that 
the same frequency (which is then said to be multiple) corresponds to several 
normal co-ordinates ; the suffix « to the normal co-ordinate gives the number 
of the frequency, and the suffix 7 = 1, 2, ..., f, numbers the co-ordinates 
belonging to a given frequency (f, being the multiplicity of the frequency). 

The expression (100.2) for the energy of the molecule must be invariant 
with respect to symmetry transformations. This means that, under any 
transformation belonging to the point symmetry group of the molecule, the 
normal co-ordinates Q,,, 7 = 1, 2,..., f, (for any given «) are transformed 
into linear combinations of themselves, in such a way that the sum of the 
squares & Q,,? remains unchanged. In other words, the normal co-ordinates 


belonging to any particular eigenfrequency of the vibrations of the molecule 
give some irreducible representation of its symmetry group; the multiplicity 
of the frequency determines the dimension of the representation. The 
irreducibility follows from the same considerations as were given in §96 for 
the solutions of SCHRGDINGER’s equation. The equality of the frequencies 
corresponding to two different irreducible representations would be an 
improbable coincidence. An exception is again formed by the irreducible 
representations with complex conjugate systems of characters. Since the 
normal co-ordinates are by their physical nature real quantities, two complex 
conjugate representations correspond physically to one eigenfrequency of 
twice the multiplicity. 

These considerations enable us to carry out a classification of the eigen- 
vibrations of a molecule without solving the complex problem of actually 
determining its normal co-ordinates. To do so, we must first find (by the 
method described below) the representation given by all the vibrational 
co-ordinates together, which we shall call the total representation; this 
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representation is reducible, and on decomposing it into irreducible parts we 
determine the multiplicities of the eigenfrequencies and the symmetry 
properties of the corresponding vibrations. Here it may happen that the 
same irreducible representation appears several times in the total represen- 
tation; this means that there are several different frequencies of the same 
multiplicity and with vibrations of the same symmetry. 

To find the total representation, we start from the fact that the characters 
of a representation are invariant with respect to a linear transformation of the 
base functions. Hence they can be calculated by using as base functions not 
the normal co-ordinates, but simply the components u, of the vectors of the 
displacements of the nuclei from their equilibrium positions. 

First of all, it is evident that, to calculate the character of some element 
G ofa point group, we need consider only those nuclei which (or, more exactly, 


‘whose equilibrium positions) remain fixed under the given symmetry trans- 


formation. For if, under the rotation or reflection G in question, nucleus 1 
is moved to a new position, previously occupied by a similar nucleus 2, 
this means that under the operation G a displacement of nucleus 1 is trans- 
formed into a displacement of nucleus 2. In other words, there will be no 
diagonal elements in the rows of the matrix G,, which correspond to this 
nucleus (i.e. to its displacement u,). The components of the displacement 
vector of a nucleus whose equilibrium position is not affected by the operation 
G, on the other hand, are evidently transformed into combinations of them- 
selves, so that they may be considered independently of the displacement 
vectors of the remaining nuclei. 

Let us first consider a rotation C(¢) through an angle ¢ about some sym- 
metry axis. Let u,, u,, u, be the components of the displacement vector 
of some nucleus, whose equilibrium position is on the axis, and hence is 
unaffected by the rotation. Under the rotation these components are 
transformed, like those of any ordinary (polar) vector, according to the for- 
mulae (the z-axis being the axis of symmetry) 


u', =U, cosd+u, sind, 


, 


u', = —u, sind+u, cos¢, 


u’, =U,. 


The character, i.e. the sum of the diagonal terms of the transformation matrix, 
is 1+2cos¢. If altogether No nuclei lie on the axis in question, the total 
character is 


Nc(1+2 cos 4). (100.3) 


However, this character corresponds to the transformation of all the 3N 
displacements u,; hence it is necessary to separate the part corresponding to 
the transformations of translation and (small) rotation of the molecule as a 
whole. The translation is determined by the displacement vector U of the 
centre of mass of the molecule; the corresponding part of the character is 
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therefore 1+2cos¢. The rotation of the molecule as a whole is determined 
by the vector 5Q of the angle of rotation.t The vector 6Q is axial, but with 
respect to rotations of the co-ordinate system an axial vector behaves like 
a polar vector. Hence a character of 1 +2 cos ¢ also corresponds to the vector 
SQ. Altogether, therefore, we must subtract from (100.3) a quantity 
2(1-+2 cos¢). Thus we finally have the character x(C) of the rotation C(¢) 
in the total vibrational representation: 


x(C) = (Nco—2)(1+2 cos4). (100.4) 


The character of the unit element is evidently just the total number of 
vibrational degrees of freedom: y(E) = 3N—6 (as is obtained from (100.4) 
when No = N, ¢ = 0). 

In an exactly similar manner, we calculate the character of the rotary- 
reflection transformation S(¢) (a rotation through an angle ¢ about the 
z-axis and a reflection in the xy-plane). Here a vector is transformed accord- 
ing to the formulae 

u’, =U, cosd+u, sing, 


, 


u'y = —Uz Sind+u, cos¢, 


, — 
uz, =—Uu,, 


to which there corresponds a character —1+4+2cos¢. Hence the character 
of the representation given by all the 3N displacements w, is 


Ns(—1+2 cos4), (100.5) 


where N, is the number of nuclei left unmoved by the operation S(¢); this 
number is evidently either none or one. To the vector U of the displacement 
of the centre of mass there corresponds a character —1+2 cos¢. The vector 
5Q, being an axial vector, is unchanged by an inversion of the co-ordinate 
system; on the other hand, the rotary-reflection transformation S(¢) can be 
represented in the form 


S(p) = C(P)on = C(P)Col = Cn +o), 


i.e. as a rotation through an angle 7+¢, followed by an inversion. Hence 
the character of the transformation S(¢) applied to the vector 68 is equal 
to the character of the transformation C(a+¢) applied to an ordinary vector, 
i.e. it is 1+2 cos (7+¢) = 1—2 cos¢. The sum (—1+2 cos ¢)+(1—2 cos 4) 
= 0, so that we reach the conclusion that the expression (100.5) is equal to 
the required character (.S) of the rotary-reflection transformation S(¢) in 
the total representation: 

x(S) = Ns(—142 cos 4). (100.6) 


In particular, the character of reflection in a plane (¢ = 0) is x(c) = N,, 
while that of an inversion (¢ = 7) is x(I) = —3N;. 
{ As is well known, the angle of a small rotation can be regarded as a vector 5&2, whose modulus is 


equal to the angle of rotation and which is directed along the axis of rotation in the direction deter- 
mined by the corkscrew rule. The vector 582 so defined is clearly axial. 
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Having thus determined the characters y of the total representation, we 
have only to decompose it into irreducible representations, which is done by 
formula (94.14) and the character tables given in §95 (see the Problems at the 
end of the present section). 

To classify the vibrations of a linear molecule there is no need to have 
recourse to group theory. The total number of vibrational degrees of freedom 
is 3N—5. Among the vibrations, we must distinguish those in which the 
atoms remain in a straight line, and those where this does not happen.t The 
number of degrees of freedom in the motion of N particles in a straight line 
is N; of these, one corresponds to the translational motion of the molecule 
as a whole. Hence the number of normal co-ordinates of the vibrations 
which leave the atoms in a straight line is N—1; in general, N—1 different 
eigenfrequencies correspond to them. The remaining (3N—5)—(N—1) 
== 2N—4 normal co-ordinates relate to vibrations which destroy the col- 
linearity of the molecule; to these, there correspond N—2 different double 
frequencies (two normal co-ordinates, corresponding to the same vibrations 
in two mutually perpendicular planes, belong to each frequency).{ 


PROBLEMS 


ProsBLEeM 1. Classify the normal vibrations of the molecule NHsg (an equilateral triangular 
pyramid, with the N atom at the vertex and the H atoms at the corners of the base; Fig. 41). 


Fic. 41 


SOLUTION. 'The point symmetry group of the molecule is C;,. Rotations about an axis 
of the third order leave only one atom (N) fixed, while reflections in planes each leave two 
atoms fixed (N and one H). From formulae (100.4), (100.6) we find the characters of the 
total representation: 


Decomposing this representation into irreducible parts, we find that it contains the repre- 
sentations A, and E twice each. Thus there are two simple frequencies corresponding to 
vibrations of the type 4,, which conserve the complete symmetry of the molecule (what are 
called totally symmetric vibrations), and two double frequencies with corresponding normal 
co-ordinates which are transformed into combinations of each other by the representation E. 


PROBLEM 2. ‘The same as Problem 1, but for the molecule H,O (Fig. 42). 


SoLuTion. The symmetry group is C2,. The transformation C, leaves the O atom fixed; 
the transformation 0, (a reflection in the plane of the molecule) leaves all three atoms fixed; 


t If the molecule is symmetrical about its centre, a further characteristic of the vibrations appears ; 
see Problem 10 at the end of this section. 

ft Using the notation for the irreducible representations of the group Cu» (see §98), we can say 
that there are N—1 vibrations of the type A,, and N—2 of the type £,. 
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the reflection o’, leaves only the O atom fixed. The characters of the total representation are 
, 
E Cy Oy Oy 
3 1 3 


This representation divides into the irreducible representations 24,, 1B,, i.e. there are two 
totally symmetric vibrations and one with the symmetry given by the representation B,; all 
the frequencies are simple. Fig. 42 shows the corresponding normal vibrations. 


Prositem 3. The same as Problem 1, but for the molecule CHCl; (Fig. 43a). 


SoLuTION. The symmetry group of the molecule is C3,. By the same method we find 
that there are three totally symmetric vibrations A, and three double vibrations of the type E. 


ProBLEM 4. 'The same as Problem 1, but for the molecule CH, (the C atom is at the centre 
of a tetrahedron with the H atoms at the vertices; Fig. 43b). 


SoLUTION. 'The symmetry of the molecule is Tz. The vibrations are 1A,, 1E, 2F,. 


PROBLEM 5. ‘The same as Problem 1, but for the molecule C,H, (Fig. 43c). 


SoLUTION. The symmetry of the molecule is Dg,. ‘The vibrations are 2Aig, 1Agg, 1Aeu, 
1Byg, 1Byu, 1B29, 3Byu, 1Eig, 3Eiu, 4E 2g, 2E ou. 


ProspitEM 6. ‘The same as Problem 1, but for the molecule OsF, (the Os atom is at the 
centre of a cube with the F atoms at the vertices; Fig. 43d). 


SOLUTION. The symmetry of the molecule is Oy. The vibrations are 14g, 14,u, 1Ey, 
1Eu, 2Fyu, 2F eg, 1F eu. 

PROBLEM 7. ‘The sameas Problem 1, but for the molecule UF, (the U atom is at the centre 
of an octahedron with the F atoms at the vertices; Fig. 43e). 


SoLUTION. ‘The symmetry of the molecule is O,. The vibrations are 1A,g, 1E 9, 2F,u, 
1F 29> LF, gu: 
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PROBLEM 8. ‘The same as Problem 1, but for the molecule C,H, (Fig. 43f). 


SoLuTION. The symmetry of the molecule is Dgg. The vibrations are 34g, 1A,u, 2Aou, 
3Eg, 3Eu. 


PROBLEM 9. ‘The same as Problem 1, but for the molecule C,H, (Fig. 43g; all the atoms 
are coplanar). 


SoLuTION. The symmetry of the molecule is D,,. The vibrations are 3A,g, 1A,u, 2Big, 
1Biu, 2Bgu, 1By9, 2Bau; the axes of co-ordinates are taken as shown in the figure. 


ProsLEM 10. The same as Problem 1, but for a linear molecule of N atoms symmetrical 
about its centre. 


SOLUTION. ‘To the classification of the vibrations of a linear molecule considered in the 
text, we must add the classification from the behaviour with respect to inversion in the centre. 
There are two distinct cases, according as N is even or odd. 

If N is even (N = 2p), there is no atom at the centre of the molecule. On giving to the 
p atoms in one half of the molecule independent displacements along the line, and to the re- 
maining p atoms equal and opposite displacements, we find that p of the vibrations leaving 
the atoms in line are symmetrical with respect to the centre, while the remaining (26—1)—p = 
p—1 vibrations of this type are antisymmetrical. Next, p atoms have 2 degrees of freedom 
for motions in which the atoms do not remain in line. On giving equal and opposite displace- 
ments to symmetrically placed atoms, we should obtain 2p symmetrical vibrations; of these, 
however, the two corresponding to a rotation of the molecule must be removed. Thus there 
are p —1 double frequencies of vibrations which bring the atoms out of line and are symmetri- 
cal about the centre, and the same number [(26—2)—(p—1) = p—1] which are antisym- 
metrical. Using the notation for the irreducible representations of the group De» h (see 
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the end of §98), we can say that there are p vibrations of the type A,g and p—1 of the types 
Ayu, E1g, Eyu. 

If N is odd (N = 2p-+1), similar arguments show that there are p vibrations of each of the 
types A,g, Ayu, Eyu and p—1 of the type Fxg. 


§101. Vibrational energy levels 


From the viewpoint of quantum mechanics, the vibrational energy of a 
molecule is determined by the eigenvalues of the Hamiltonian 


So fe 
HO =4% % Pyet+h E 0,” % Ons’, (101.1) 
where P,, = —ih0/0Q,, are the momentum operators corresponding to the 


normal co-ordinates Q,,;. Since this Hamiltonian falls into the sum of in- 
dependent terms 3(P,,2+,?Q,;7), the energy levels are given by the sums 


EO =h x Wy » (Yyi+d) = py ha (yt+k fy), (101.2) 


where v, = LX v,,, and f, is the multiplicity of the frequency w,. The wave 
functions are given by the products of the corresponding wave functions for 
linear harmonic oscillators: 


¢ = Tlf, (101.3) 
is 4 
where #, = constant xexp{—4c,? x Ona} Fy CoQui)s (101.4) 


where H,, denotes the Hermite polynomial of order v, and ¢, = +/(a,/h). 
If there are multiple frequencies among the w,, the vibrational energy levels 
are in general degenerate. The energy (101.2) depends only on the sums 
Uy == Li Vyy. Hence the degree of degeneracy of the level is equal to the 
number of ways of forming the given set of numbers v, from the v,;. For a 
single number v, it ist 

(My tSy—1)!/2!( fa DI. 


Hence the total degree of degeneracy is 


T] (%+fa—1)! (101.5) 


Ol fy—D! 


For double frequencies, the factors in this product are v, +1, while for triple 
frequencies they are 4(v,+1)(v,+2). 

It must be borne in mind that this degeneracy occurs only so long as we 
consider purely harmonic vibrations. When terms of higher order in the 
normal co-ordinates are taken into account in the Hamiltonian (anharmonic 
vibrations), the degeneracy is in general removed, though not completely 
(see §104 for a further discussion of this point). 


+ This is the number of ways in which vg balls can be distributed among fy urns. 
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The wave functions (101.3) belonging to the same degenerate vibrational 
term give some representation (in general reducible) of the symmetry group 
of the molecule. The functions belonging to different frequencies are 
transformed independently of one another. Hence the representation given 
by all the functions (101.3) is the product of the representations given by the 
functions (101.4), so that we need consider only the latter. 

The exponential factor in (101.4) is invariant with respect to all the 
symmetry transformations. In the Hermite polynomials, the terms of any 
given degree are transformed only into similar terms; a symmetry trans- 
formation evidently does not change the degree of any term. Since, on the 
other hand, each Hermite polynomial is completely determined by its highest 
term, it follows that it is sufficient to consider only the highest term, writing 


Su 
Au HT oat “Qui = constant x Qy1 "01 Qyo "as w+ us a fat 


+ terms of lower degree. 


The functions for which the sum v, == = v,; has the same value belong 
to the same term. Thus we have a representation given by the products of 
Vy, quantities Q,,; this is just the symmetric product (see §94) of the irreducible 
representation given by the Q,, with itself v, times. 

For one-dimensional representations, the finding of the characters of their 
symmetric products with themselves v times is trivial: 


x(G) = [x(G)]°. 


For two- and three-dimensional representations it is convenient to use the 
following mathematical device.[ The sum of the squared base functions of 
an irreducible representation is invariant. with respect to all symmetry 
transformations. Hence we can formally regard these functions as the com- 
ponents of a vector in two or three dimensions, and the symmetry transfor- 
mations as some rotations (or reflections) applied to these vectors. We 
emphasise that there is in general no relation between these rotations and 
reflections and the actual symmetry transformations, the former depending 
(for any given element G of the group) also on the particular representation 
considered. 

Let us consider two-dimensional representations more closely. Let x(G) 
be the character of some element of the group in the two-dimensional repre- 
sentation concerned, with y(G) 4 0. The sum of the diagonal elements of 
the transformation matrix for the components x, y of a two-dimensional 
vector on rotation through an angle ¢ in a plane is 2 cos¢. Putting 


2cosf = x(G), (101.6) 
we find the angle of the rotation which formally corresponds to the element 


} We use the notation xo(G) in place of the cumbersome [x*] (G). 
{ It was applied to this problem by A. S. Kompanezets (1940). 
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G in the irreducible representation considered. The symmetric product of 
the representation with itself v times is the representation whose basis is 
formed by the v+1 quantities x’, x°-ly, ...,*. The characters of this 
representation aret 


xo(G) = sin(v-+1)¢/sin¢. (101.7) 


The case where x(G) = 0 requires special consideration, since a zero charac- 
ter corresponds both to a rotation through 47 and to a reflection. If 
x(G?) = —2, we have a rotation through 47, and for x,(G) we obtain 


x(G) = —3[1+(—1)"]. (101.8) 


If x(G*) = 2, on the other hand, x(G) must be regarded as the character 
of a reflection (i.e. a transformation «> x, y> —y); then 


xo(G) = 4[1+(—1)*]. (101.9) 


We can similarly obtain the formulae for the symmetric products of three- 
dimensional representations. The finding of the rotation or reflection which 
formally corresponds to an element of the group in a given representation is 
easily accomplished with the aid of T'able 7. This is the transformation which 
corresponds to the given x(G) in that isomorphous group in which the 
co-ordinates are transformed by the representation in question. Thus, for 
' the representation F, of the groups O and T , we must take a transformation 
from the group O, but for the representation F, we must take one from the 
group T 4. We shall not pause here to derive the corresponding formulae for 
the characters y,(G). 


§102. Stability of symmetrical configurations of the molecule 


For a symmetrical position of the nuclei, an electron term of the molecule 
may be degenerate, if there are among the irreducible representations of the 
symmetry group one or more whose dimensions exceed unity. We may ask 
whether such a symmetrical configuration is a stable equilibrium configura- 
tion of the molecule. Here we shall entirely neglect the effect of spin (if any), 
since this effect is usually insignificant in polyatomic molecules. The degene- 
racy of the electron terms of which we shall speak is therefore only the “‘orbi- 
tal’? degeneracy, and is unrelated to the spin. 

If the configuration in question is stable, the energy of the molecule as a 
function of the distances between the nuclei must be a minimum for the given 
position of the nuclei. This means that the change in the energy due to a small 
displacement of the nuclei must contain no terms linear in the displacements. 


}{ For purposes of calculation it is convenient to take the base functions in the form 


(x+1y)°, (x+2y)°""(x—1y), ... , (x—ty)”; 
the matrix of the rotation is then diagonal, and the sum of the diagonal elements takes the form 


etd oi(P—2)G4. 4. eid, 
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Let H be the Hamiltonian of the electron state of the molecule, the 
distances between the nuclei being regarded as parameters. We denote by H, 
the value of this Hamiltonian for the symmetrical configuration considered. 
The quantities defining the small displacements of the nuclei can be taken 
as the normal vibrational co-ordinates Q,;. The expansion of H in powers 
of the Q,, is of the form 

H = Hy+% VaiQait,, 2 Was.81QaiQpet sees (102.1) 
The expansion coefficients V, W, ... are functions only of the co-ordinates of 
the electrons. Under a symmetry transformation, the quantities Q,,; are 
transformed into combinations of one another, and the sums in (102.1) are 
changed into other sums of the same form. Hence we can formally regard 
the symmetry transformation as a transformation of the coefficients in these 
sums, the Q,, remaining unchanged. Here, in particular, the coefficients 
V,.; (for any given «) will be transformed by the same representation of the 
symmetry group as the corresponding co-ordinates Q,;. This follows at 
once from the fact that, by virtue of the invariance of the Hamiltonian under 
all symmetry transformations, the group of terms of any given order in its 
expansion must be invariant also, and in particular the linear terms must be 
invariant.f 

Let us consider some electron term E, which is degenerate in the sym- 
metrical configuration. A displacement of the nuclei which destroys the 
symmetry of the molecule generally results in a splitting of the term. The 
amount of the splitting is determined, as far as terms of the first order in 
the displacements of the nuclei, by the secular equation formed from the 
matrix elements of the linear term in the expansion (102.1), 


Vie = Py Ovi | UV aiths dq, (102.2) 


where y,, , are the wave functions of electron states belonging to the 
degenerate term in question (and are chosen to be real). The stability of the 
symmetrical configuration requires that the splitting linear in Q should be 
zero, i.e. all the roots of the secular equation must vanish identically. This 
means that the matrix V,, must itself be zero. Here, of course, we must 
consider only those normal vibrations which destroy the symmetry of the 
molecule, i.e. we must omit the totally symmetric vibrations (which corres- 
pond to the unit representation of the group). 

Since the Q,; are arbitrary, the matrix elements (102.2) vanish only if 
all the integrals 


| HVaithe dg (102.3) 


+ Strictly speaking, the quantities V,; must be transformed by the representation which is the com- 
plex conjugate of that by which the Og: are transformed. However, as we have already pointed out, 
if two complex conjugate representations are not the same, they must physically be considered to- 
gether as one representation of twice the dimension. The above remark is therefore unimportant. 
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vanish. Let De! be the irreducible representation by which the electron 
wave functions ys, are transformed, and D, the same for the quantities V,,; 
as we have already remarked, the representations D, are those by which the 
corresponding normal co-ordinates Q,,; are transformed. According to the 
results of §97, the integrals (102.3) will be non-zero if the product 
[D2] x D, contains the unit representation or, what is the same thing, if 
[Db2] contains D,. Otherwise all the integrals vanish. 

Thus a symmetrical configuration is stable if the representation [D‘¢!)?] 
does not contain any (except the unit representation) of the irreducible 
representations D, which characterise the vibrations of the molecule. This 
condition is always satisfied for non-degenerate electron states, since the sym- 
metric product of a one-dimensional representation with itself is the unit 
representation. 

Let us consider, for instance, a molecule of the type CH,, in which one 
atom (C) is at the centre of a tetrahedron, with four atoms (H) at the vertices. 
This configuration has the symmetry Tz. The degenerate electron terms 
correspond to the representations E, F;, F, of this group. The molecule has 
one normal vibration A, (a totally symmetric vibration), one double vibration 
E, and two triple vibrations F, (see §100, Problem 4). The symmetric pro- 
ducts of the representations E, F,, F, with themselves are 


[E?] = A,+E£, [F,?] = [F.?] = 4,+-£+F,. 


We see that each of these contains at least one of the representations E, F,, 
and hence the tetrahedral configuration considered is unstable when there 
are degenerate electron states. 

This result constitutes a general rule (H. A. JAHN and E. TELLER 1937). A 
more thorough investigation than that given above, considering all possible 
types of symmetrical configuration of the nuclei, shows that, when there is a 
degenerate electron state, any symmetrical position of the nuclei (except when 
they are collinear) is unstable. As a result of this instability, the nuclei 
move in such a way that the symmetry of their configuration is destroyed, the 
degeneracy of the term being completely removed. In particular, we can 
say that the normal electron term of a symmetrical (non-linear) molecule 
can only be non-degenerate. 

As we have just mentioned, the linear molecules alone form an exception. 
This is easily seen, without using group theory. A displacement of a nucleus 
whereby it moves off the axis of the molecule is an ordinary vector with ¢ 
and 7 components (the ¢-axis being along the axis of the molecule). We 
have seen in §87 that such vectors have matrix elements only for transitions 
in which the angular momentum A about the axis changes by unity. On the 
other hand, to a degenerate term of a linear molecule there correspond states 
with angular momenta A and —A about the axis (A > 1). A transition be- 
tween them changes the angular momentum by at least 2, and therefore the 


t See H. A. Jann and E, Texter, Proceedings of the Royal Society A 161, 220, 1937. 
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matrix elements always vanish. Thus the linear position of the nuclei in the 
molecule may be stable, even if the electron state is degenerate. 


§103. Quantisation of the rotation of a rigid body 


The investigation of the rotational levels of a polyatomic molecule is often 
hampered by the necessity of considering the rotation simultaneously with 
the vibrations. As a preliminary example, let us consider the rotation of a 
molecule as a solid body, i.e. with the atoms “rigidly fixed”. 

Let £, 7, { be a system of co-ordinates with axes along the three principal 
axes of inertia of a rigid body, and rotating with it. The corresponding 
Hamiltonian is obtained by replacing the components J es Jp J of the angular 
momentum of the rotation, in the classical expression for the energy, by the 
corresponding operators: 


7.2 f2 fF, 

H = ye(Se atest), (103.1) 
I, Ip Ice 

where I,, Iz, Ig are the principal moments of inertia of the body. 

The commutation rules for the operators f ¢, J sie J r of the angular momen- 
tum components in a rotating system of co-ordinates are not obvious, since 
the usual derivation of the commutation rules relates to the components 
JoJy Je in a fixed system of co-ordinates. They are, however, easily 
obtained by using the formula 


(J.a)(J.b)—(J.b)(J.a) = —iJ .axb, (103.2) 


where a, b are any two commuting vectors which characterise the body in 
question. This formula is easily verified by calculating the left-hand side 
of the equation in the fixed system of co-ordinates x, y, 2, using the general 
rules for the commutation of angular momentum components with one 
another and with the components of an arbitrary vector. 

Let a and b be unit vectors along the and 7 axes. Then axb is a unit 
vector along the f-axis, and (103.2) gives 


SSa-Sade = (103.3) 


Two other relations are obtained similarly. Thus we reach the result that 
the commutation rules for the operators of the angular momentum com- 
ponents in the rotating system of co-ordinates differ from those in a fixed 
system only in the sign on the right-hand side of the equation. Hence it 
follows that all the results which we have previously obtained from the com- 
mutation rules, relating to the eigenvalues and matrix elements, hold for 
Jes Im J¢ also, with the difference that all expressions must be replaced by 
their complex conjugates. In particular, the eigenvalues of J, (as of Jz) 
are the integers k = —J,..., J. 

The finding of the eigenvalues of the energy of a rotating body (a top, 
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as it is called) is simplest for the case where all three principal moments of 
inertia of the body are equal: I, =I, =Ig =I (a spherical top). This 
holds for a molecule in cases where it has the symmetry of one of the cubic 
point groups. The Hamiltonian (103.1) takes the form 


| A = fj?/21, 
and its eigenvalues are 
E =f? ](J+1)/21. (103.4) 


Each of these energy levels is degenerate with respect to the 2/+1 directions 
of the angular momentum relative to the body itself (i.e. with respect to the 
values of J¢= k).+ 

There is also no difficulty in calculating the energy levels in the case where 
only two of the moments of inertia of the body are the same: J a=TIpFlg 
(a symmetrical top). This holds for molecules having one axis of symmetry of 
order above the second. The Hamiltonian (103.1) takes the form 


A = fE4f,2)/Us+P I 2(2lo 
= mptye(———) Se. (103.5) 
Ic Ig 
Hence we see that, in a state with given values of J] and k, the energy is 
eas Su+ne(s—2 is (103.6) 
214 Ic Ig 


which determines the energy levels of a symmetrical top. 

The degeneracy with respect to values of & which occurred for a spherical 
top is here partly removed. The values of the energy are the same only for 
values of k differing in sign alone, corresponding to opposite directions of 
the angular momentum relative to the axis of the top. Thus the energy 
levels of a symmetrical top are (for k 4 0) doubly degenerate. 

For I, # Ig # Ig (an asymmetrical top), the calculation of the energy 
levels in a general form is impossible. The degeneracy with respect to the 
directions of the angular momentum relative to the body is here removed 
completely, so that 2/+1 different non-degenerate levels correspond to any 
given J. The calculation of these levels involves the solution of ScHROp- 
INGER’S equation in matrix form; this amounts to solving a secular equation 
of degree 27+1, formed from the matrix elements H 5% with the given value 
of J (O. Kiet 1929). The matrix elements H7*, are defined with respect to 
the wave functions %;, of states in which the absolute value and the 
¢-component of the angular momentum have definite values (but the energy 
has no definite value). On the other hand, in the stationary states of an 


+ Here and subsequently we ignore the (2/-+ 1)-fold degeneracy with respect to the directions of 
the angular momentum relative to a fixed co-ordinate system. This degeneracy always occurs, and is 
not physically important. If it is included, the total degree of degeneracy of the energy levels of a 
spherical top is (2J-+1)?. 
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asymmetrical top the projection J, of the angular momentum has, of course, 
no definite values, i.e. no definite values of k can be assigned to the energy 
levels. 

The operators fz, J , have matrix elements only for transitions in which 
k changes by unity, while J, has only diagonal elements (see formulae (27.13), 
in which we must write J, k instead of L, M). Hence the operators / *, 
J,°,J¢, and therefore H, have matrix elements only for transitions with 
k >k or k4+2. The absence of matrix elements for transitions between 
states with even and odd k has the result that the secular equation of degree 
2] +1 immediately falls into two independent equations of degrees J and 
J +1. One of these contains matrix elements for transitions between states 
with even k, and the other contains those for transitions between states 
with odd k. Each of these equations, in turn, can be reduced to two equations 
of lower degree. To do this, we must use the matrix elements defined, not 
with respect to the functions 4:;,, but with respect to the functions 


bat = (bre t¥s-x)/ V/. 2, 
bre = (bb -wIlV2 (Rk #9); 


the function ,, is, of course, the same as ;9*. Functions differing in the 
index + and — are of different symmetry (with respect to a reflection in a 
plane passing through the ¢-axis, which changes the sign of k), and hence 
the matrix elements for transitions between them vanish. Consequently we 
can form the secular equations separately for the + and — states. 

The Hamiltonian (103.1), and the commutation rules (103.3), have an 
unusual symmetry: they are invariant with respect toa simultaneous change in 
sign of any two of the operators Je J “is J z This symmetry formally corres- 
ponds to the group D,. Hence the levels of an asymmetrical top can be 
classified in accordance with the irreducible representations of this group. 
Thus there are four types of non-degenerate level, corresponding to the 
representations A, B,, By, Bz (see Table 7). 

It is easy to establish which states of the asymmetrical top belong to each 
of these types. To do so, we must find the symmetry properties of the func- 
tions (103.7), where the functions 7% may be taken as simply the complex 
conjugate functions to the eigenfunctions of the angular momentum (which 
have the same symmetry; the complex conjugates are taken because of the 
change in sign on the right-hand sides of the commutation relations (103.3)): 


brew e *9O7x(8), 


where 6 and ¢ are spherical angles in én{-space. A rotation through an 
angle z about the ¢-axis (i.e. the symmetry operation C2%)) multiplies this 
function by (—1)*: 


(103.7) 


C. 9S): wbyk —>( — 1)¥b rx. 


The operation C2 may be regarded as the result of successively per- 
forming an inversion and a reflection in the é¢-plane; the first operation 
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multiplies 447, by (— 1), and the second (a change in sign of ¢) is equivalent _ 
to changing the sign of k. Using the definition (28.6) of the functions 
©,7,-x, we therefore have 


CoO: bre —>(—1)Hby,_p. 
Finally, the operation C2® = C2C2) gives 
C2: bre >(—1)"bs,-K- 

Using these transformation rules, we find that the states corresponding 
to the functions (103.7) belong to the following types of symmetry: 

J even, keven A 
Fi J even, kodd Bs 

J odd, keven B, 

Jodd, kodd Bz 

J even, keven By, 
7 J even, kodd Bz 

J odd, keven A 

J odd, kodd Bs 


Park 


(103.8) 


Pak 


By simple counting it is easy to find the number of states of each type for 
a given value of J. The following numbers of states correspond to the types 
A and each of By, Bo, Bs: 


A Bi, Bo, Bg 
J even $J+1 +] (103.9) 
J odd 4J—4 BJ +4 


Finally, we may add some remarks concerning the calculation of the matrix 
elements of various physical quantities characterising the top (or molecule). 
These are, of course, matrix elements with respect to the true rotational wave 
functions of the stationary states of the molecule (its electron state and 
vibrational state remaining unchanged). 

The wave functions of the symmetrical top are essentially the same as the 
angular part of the wave function of a diatomic molecule (with appropriate 
changes in the notation for the quantum numbers): if the rotation is de- 
scribed by means of the Eulerian angles 0, ¢, % (Fig. 20, §58), the wave 
function of the state with quantum numbers k, J, My is 


1 
beim, = ae ev Oxsa1,(6), (103.10) 
TT 


where @ are the functions calculated in §82, Problem. 
The dependence of the matrix elements for a symmetrical top on the 
quantum numbers J and M, is given by the formulae derived in §87 for a 
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diatomic molecule (of zero spin). In formulae (87.1)— (87.4) K, Mx and A 
must be replaced respectively by the angular momentum J of the top, its 
projection My, on the fixed z-axis, and the projection k on the moving 
¢-axis. 

The calculation of the matrix elements for the asymmetrical top is more 
‘complex. The solution of the secular equation derived from the matrix 
HY}, gives linear combinations of the functions yz, defined above which 
diagonalise the Hamiltonian. Replacing #7, in these combinations by the true 
wave functions (103.10) of the symmetrical top (with the same values of My 
in all these functions), we obtain the true wave functions of the stationary 
states of the asymmetrical top, described by values of the pair of numbers 
J, Mj. Asa result, the calculation of the matrix elements of any quantity for 
the asymmetrical top reduces to that of the matrix elements for the sym- 
metrical top, which are already known. 

For the asymmetrical top there are selection rules for the matrix elements 
of transitions between states of the types A, B,, B,, B,; these rules are easily 
obtained from symmetry considerations in the usual way. Thus, for the 
components of a vector physical quantity A we have the selection rules 


for Ag: Ac B®, BYOm BM, 
for A, : Ac B®, BLO BS, 
for Ay: A<c>B, BA <> B®. 


For clarity we show, as an index to the symbol for the representation, the 
axis about which a rotation has the character +1 in the representation 
concerned. 


PROBLEMS 


ProBLeM 1, Calculate the matrix elements H%*, for an asymmetrical top. 
SoLuTION. From formulae (27.13) we find 


Te)% = yk = WT +D-FI, 
Jk, = Ut? = Ua, = -Uae 


= tVU(J—A)(J—R-DT+R+ DI +R+2)); 


for brevity, we everywhere omit the diagonal suffixes J, J of the matrix elements. Hence 
we have for the required matrix elements of H: 


Ht= we(>+>) +N) 24/21 
k Ly rs C» 


(1) 
1 1 
fan a a) VITA IJ-R- IIHR DT +E+2))- 
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The matrix elements with respect to the functions (103.7) are expressed in terms of the 
elements in formulae (1) by 


> a c= 4 — 
A aa HT = Hr (k # 1), H* H+, A mM Ht, 
(2) 
in ~ ms = : OF — 0 
rir Ha Hf k+2 (RAO), H a /2H). 
PROBLEM 2. Determine the energy levels for an asymmetrical top with J = 1. 


SOLUTION. The secular equation, of the third degree, falls into three linear equations. 
One of these is E, = H°® op? whence 


ee 
= £f2( —4— 3 
E, =} Li) (3) 


From this we can at once write down the other two energy levels, since it is obvious that the 
three moments of inertia I4, Iz, Ic enter the problem in a symmetrical manner. Hence it is 
sufficient simply to replace the moments of inertia I4, Ig once by I'4, Ic and once by Iz, Ic. 
Thus 

1 ee | 


B, =4e(2 42 E, = 442(—+—). 4 
t Fas ry a iio (4) 


The levels E,, F,, Es belongt to the types B,, B,, Bs respectively, if I4, Ip, Ic are the moments 
of inertia about the é, », ¢ axes. 


PROBLEM 3. ‘The same as Problem 2, but for J = 2. 


SOLUTION. The secular equation, of the fifth degree, falls into three linear equations and 
one quadratic. One of the linear equations is of the form FE, = H. 2-, whence 


= B= Ean 242), (5) 


a level of the type B,. Hence we at once conclude that there must be two other levels, of the 
types B, and B,: 


E, = = +8(> +7), E, = —+10(5 +7). 
The equation of the second degree is 
H+—KE H+ { 
0+ 0+ 
=0. (6) 
H+ HA—E 
0+ 2+ 


Solving this, we obtain 


2 — — — —+ 
roe (> tity ah i] [tat =) - Gtr Talc +r) | 


These levels belong to the type A. 
ProsLeM 4. The same as Problem 2, but for J = 3. 


t This follows at once from considerations of symmetry. The energy E,, for instance, is symmetri- 
cal with respect to the moments of inertia I4 and Jz, and this property belongs to the energy of a state 
whose symmetry about the & and 7 axes is the same, i.e. a state of the type By. 
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SoLuTIon. The secular equation, of the seventh degree, falls into one linear equation and 
three quadratic. The linear equation is of the form E, = H3-, whence 


E, = 2h? ae de (8) 


a level of the type A. One of the quadratic equations is equation (6) of Problem 3, with a 
different value of J. Its roots are 


1 1 1 1 
Eide Gr) isin eel 
(e+; Ig Iz Ic? I4lg Tale Iple 0 
a level of the type B,. The remaining levels are obtained from these by permuting Ja, Jz 


and Ic. 


PROBLEM 5. Determine the splitting of the levels of a system having a quadrupole 
moment, in an arbitrary external electric field. 


SOLUTION. T'aking as co-ordinate axes the principal axes of the tensor 076/@xi0xx~ (see 
§75, Problem 4), we bring the quadrupole part of the Hamiltonian of the system to the form 


A= Aj+Bfy+Cf2Z, A+B+C=0. 


Owing to the complete formal analogy between this expression and the Hamiltonian (103.1), 
the problem under consideration is equivalent to that of finding the energy levels of an 
asymmetrical top, the only difference being that here the sum of the coefficients A+ B+C= 0, 
and the angular momentum can have half-integral values also. For these the calculations must 
be done afresh by the same method, but for integral J we can use the results of Problems 2 
to 4, obtaining the following values for the energy displacement AF for the first few values 


of J: 
J=1: AE=-—A,—B,—C; 
J = 3/2: AE= +/[3(A2+ B2+C2)/2]; 
J=2: AE=3A,3B,3C,++/[6(A2+B?+C)]. 


For J = 3/2 the energy levels remain doubly degenerate, in accordance with KRaAMERS’ 
theorem (§60). 


§104. The interaction between the vibrations and the rotation of the 
molecule 


Hitherto we have regarded the rotation and the vibrations as independent 
motions of the molecule. In reality, however, the simultaneous presence of 
both motions results in a peculiar interaction between them (E. TELLER, 
L. Tisza and G. PLaczek 1932-33). 

Let us start by considering linear polyatomic molecules. A linear molecule 
can execute vibrations of two types (see the end of §100): longitudinal vibra- 
tions with simple frequencies and transverse ones with double frequencies. 
We shall here be interested in the latter. A molecule executing transverse 
vibrations has in general some angular momentum. This is evident from 
simple mechanical considerations,} but it can also be shown by a quantum- 
mechanical discussion. The latter also enables us to determine the possible 
values of this angular momentum in a given vibrational state. 


{ For example, two mutually perpendicular transverse vibrations with a phase difference of }7 
can be regarded as a pure rotation of a bent molecule about a longitudinal axis. 


390 Polyatomic Molecules §104 


Let us suppose that some one double frequency w, has been excited in 
the molecule. The energy level with the vibrational quantum number vz, 
is (v,+1)-fold degenerate. To this level there correspond the v,-+1 wave 
functions 


Pou.vg, = constant x e~Ca(Qa'+@as 2H, (CyOu1)H vg, (Cx Qn2)s 
where 4+. = Uy, or any independent linear combinations of them. 
The total degree (in Q,, and Q,, together) of the polynomial by which the 
exponential factor is multiplied is the same in all these functions, and is equal 
to v,. It is evident that we can always take, as the fundamental functions, 
linear combinations of the functions Py vy, OF the form 


boat, = constant x e¢2"Qan"+Qas¥/2 [(Qy1-+i Oya) Yat! 2(Qyy—i Qua) oN... J. 
(104.1) 


The square brackets contain a determinate polynomial, of which we have 
written out only the highest term. /, is an integer, which can take the v,+1 
different values v,, v%—2, vy —4, «.. » Uy 

The normal co-ordinates Q,,, Qy. of the transverse vibration are two 
mutually perpendicular displacements off the axis of the molecule. Under a 
rotation through an angle ¢ about this axis, the highest term of the poly- 
nomial (and therefore the whole function , ,) is multiplied by 


Et BM Vgqtlg)/2e—tb(Vg— o/ 2 = etlad, 


Hence we see that the function (104.1) corresponds to a state with angular 
momentum /, about the axis. 

Thus we reach the result that, in a state where the double frequency w, 
is excited (with quantum number v,), the molecule has an angular momentum 
(about its axis) which takes the values 


by = Vyy Ug 2, Ug 4, 00. 5 Vy: (104.2) 
This is called the vibrational angular momentum of the molecule. If several 
transverse vibrations are excited simultaneously, the total vibrational angular 
momentum is equal to the sum X/,. On being added to the electron orbital 
' angular momentum, it gives the total angular momentum / of the molecule 
about its axis. . 

The total angular momentum J of the molecule cannot be less than the 
angular momentum about the axis (just as in a diatomic molecule), i.e. / 
takes the values 


Je=|t, (41,... 


In other words, there are no states with J = 0, 1,..., |Jj/—1. 
For harmonic vibrations, the energy depends only on the numbers v,, and 
not on J,. The degeneracy of the vibrational levels (with respect to the 
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values of /,) is removed by the presence of anharmonic vibrations. The 
removal is not complete, however: the levels remain doubly degenerate, the 
same energy belonging to states differing by a simultaneous change of sign of 
all the J, and of J. In the next approximation (after that of harmonic motion), 
a term quadratic in the angular momenta /,, of the form p> Eaplaty (the g,, 
being constants), appears in the energy. This remaining double degeneracy 
is removed by an effect similar to the A-doubling in diatomic molecules. 

When we turn to non-linear molecules, we must first of all make the 
following remark, which has a purely mechanical significance. For an arbi- 
trary (non-linear) system of particles, the question arises how we can at all 
separate the vibrational motion from the rotation ; in other words, what we are 
to understand by a “‘non-rotating system”. At first sight it might be thought 
that the vanishing of the angular momentum, 


xmrxXxv = 0 (104.3) 


(the summation being over the particles in the system), could serve as a 
criterion of the absence of rotation. However, the expression on the left- 
hand side is not the complete derivative, with respect to time, of any function 
of the co-ordinates. Hence the above equation cannot be integrated with 
respect to time in such a way as to be formulated as the vanishing of some 
function of the co-ordinates. This, however, is necessary if a reasonable 
definition of the concepts of “‘pure vibrations” and “‘pure rotation” is to be 
possible. 

As a definition of the absence of rotation, we must therefore use the 
condition 


x mryxXv = 0, (104.4) 


where rj are the radius vectors of the equilibrium positions of the particles. 
Putting r = rg-+u, where u are the displacements in small vibrations, we 
have v= i= u. The equation (104.4) can be integrated with respect to 
time, giving 

x mryXu = 0. (104.5) 


The motion of the molecule will be regarded as a combination of the purely 
vibrational motion, in which the condition (104.5) is satisfied, and the 
rotation of the molecule as a whole.t 

Writing the angular momentum in the form 


xLmrXv = LmryxXv+ Xmuxv, 


we see that, in accordance with the definition (104.4) of the absence of 
rotation, the vibrational angular momentum must be understood as the sum 
x= mux v. However, it must be borne in mind that this angular momentum, 


+ The translational motion is supposed removed from the start, by choosing a system of co-ordinates 
in which the centre of mass of the molecule is at rest. 
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being only a part of the total angular momentum of the system, is not con- 
served. Hence only a mean value of the vibrational angular momentum can 
be ascribed to each vibrational state. 

Molecules having no axis of symmetry of order above the second belong to 
the asymmetrical-top type. In a molecule of this type, all the frequencies 
are simple (their symmetry groups have only one-dimensional irreducible 
representations). Hence none of the vibrational levels is degenerate. In any 
non-degenerate state, however, the mean angular momentum vanishes (see 
§26). Thus, in a molecule of the asymmetrical-top type, the mean vibra- 
tional angular momentum vanishes in every state. 

If, among the symmetry elements of the molecule, there is one axis of order 
higher than the second, the molecule is of the symmetrical-top type. Such a 
molecule has vibrations with both simple and double frequencies. The mean 
vibrational angular momentum of the former again vanishes. T'o the double 
frequencies, however, there corresponds a non-zero mean angular momentum 
component along the axis of the molecule. 

It is easy to find an expression for the energy of the rotational motion of the 
molecule (of the symmetrical-top type), taking into account the rotational 
angular momentum. The operator of this energy differs from (103.5) in that 
the rotational angular momentum of the top is replaced by the difference 
between the total (conserved) angular momentum J of the molecule and its 
vibrational angular momentum J): 


ia (j- Jog gny————g —~j (o))2, (104.6) 
214 Io Ig 


Arot = 


The required energy is the mean value Ayot. The terms in (104.6) which 
contain the squared components of J give a purely rotational energy which is 
the same as (103.6). The terms which contain the squared components of 
J give constants independent of the rotational quantum numbers and may 
be omitted; the terms which contain products of components of J and J® 
constitute the interaction here considered between the vibrations of the 
molecule and its rotation. This is called the Coriolis interaction (since it 
corresponds to the Coriolis forces in classical mechanics). In averaging these 
terms it must be borne in mind that the mean values of the transverse (£,7) 
components of the vibrational angular momentum are zero. The energy of 
the Coriolis interaction is therefore 


Ecor = —i®kky|Ic, (104.7) 


where the integer k is, as in §103, the component of the total angular momen- 


tum along the axis of the molecule, and k, = J, is the mean value of 
the component of the vibrational angular momentum for the vibrational 
state concerned; ky, unlike k, is not an integer. 

Finally, let us consider molecules of the spherical-top type. These include 
molecules whose symmetry is that of any of the cubic groups. Such molecules 
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have simple, double and triple frequencies (there being one-, two- and three- 
dimensional irreducible representations of the cubic groups). The degeneracy 
of the vibrational levels is, as usual, partly removed by the presence of 
anharmonic motion; when these effects have been taken into account there 
remain, apart from the non-degenerate levels, only doubly and triply degene- 
rate levels. Here we shall discuss these levels that are split by the presence of 
anharmonic motion. 

It is easy to see that, for molecules of the spherical-top type, the mean 
vibrational angular momentum is zero not only in the non-degenerate 
vibrational states but also in the doubly degenerate ones. This follows from 
simple considerations based on symmetry properties. The mean angular 
momentum vectors in two states belonging to the same degenerate energy 
level must be transformed into each other in all possible symmetry trans- 
formations of the molecule. None of the cubic symmetry groups, however, 
allows the existence of two directions transformed only into each other; 
only sets of three or more directions are so transformed. 

From these arguments it follows that, in states corresponding to triply 
degenerate vibrational levels, the mean vibrational angular momentum is 
non-zero. After averaging over the vibrational state, this angular momentum 
is represented by an operator whose matrix elements correspond to transitions 
between three mutually degenerate states. In accordance with the number of 
these states, this operator must have the form {1, where 1 is the operator of 
an angular momentum of unity (for which 2/+1 = 3) and ¢ is a constant 
characterising the vibrational level in question. The Hamiltonian of the 
rotational motion of the molecule is 


Hrot = (h?/21(J—-J”) 


and, after averaging, becomes the operator 
Re, Re fh 
Arot = —f2+—Jo?-— 2.1. 104.8 
rot 2 J si T C J ( ) 


The eigenvalues of the first term give the ordinary rotational energy (103.4); 
the second term gives an unimportant constant, which does not depend on the 
rotational quantum number. The last term in (104.8) gives the desired energy 
of the Coriolis splitting of the vibrational level. The eigenvalues of the 
quantity J.1 are calculated in the usual way; it has (for a given J) three 
different values corresponding to the values J+1, J—1, J of the vector 
J+1. The result is 


EcorYt) = —#LJ/L, 
EcorI—) = #2U(J+1)/T, (104.9) 
Eco) = ht/I. 


394 Polyatomic Molecules §105 


§105. The classification of molecular terms 


The wave function of a molecule is the product of the electron wave func- 
tion, the wave function of the vibrational motion of the nuclei, and the rota- 
tional wave function. We have already discussed the classification and types 
of symmetry of these functions separately. It now remains for us to examine 
the question of the classification of molecular terms as a whole, i.e. of the 
possible symmetry of the total wave function. 

It is clear that, if the symmetry of all three factors with respect to some 
transformation is given, the symmetry of the product with respect to that 
transformation is determined. For a complete description of the symmetry of 
the state, we must also specify the behaviour of the total wave function when 
the co-ordinates of all the particles in the molecule (electrons and nuclei) 
are inverted simultaneously. The state is said to be negative or positive, 
according as the wave function does or does not change sign under this 
transformation.T 

It must be remembered, however, that the characterisation of the state 
with respect to inversion is significant only for molecules which do not 
possess stereoisomers. If stereoisomerism is present, the molecule assumes 
on inversion a configuration which can by no rotation in space be made to 
coincide with the original configuration; these are the “right-hand” and 
“left-hand” modifications of the substance.t Hence, when stereoisomerism 
is present, the wave functions obtained from each other on inversion belong 
essentially to different molecules, and it is meaningless to compare them. | 

We have seen in §86 that, for diatomic molecules, the spin of the nuclei 
exerts an important indirect effect on the arrangement of the molecular 
terms by determining their degree of degeneracy, and in some cases entirely 
forbidding levels of a certain symmetry. The same is true for polyatomic 
molecules. Here, however, the investigation of the problem is considerably 
more complex, and requires the application of the methods of group theory 
to each particular case. 

The idea of the method is as follows. The total wave function must con- 
tain, besides the co-ordinate part (the only part we have considered so far), a 
spin factor, which is a function of the projections of the spins of all the nuclei 
on some chosen direction in space. The projection o of the spin of a nucleus 
takes 2i-+1 values (where 7 is the spin of the nucleus); by giving to all the 
Oy, 0, ... , Oy (where N is the number of atoms in the molecule) all possible 
values, we obtain altogether (27,+1) (2i,+1) ... (2iy+1) different values of 
the spin factor. In each symmetry transformation, certain nuclei (of the same 
kind) change places, and if we imagine the spin values to “remain fixed”, 
the transformation is equivalent to an interchange of spin values among 

ft We use the same customary, though unfortunate, terminology as for diatomic molecules (§86). 

} For stereoisomerism to be possible, the molecule must have no symmetry element pertaining to 
reflection (i.e. no centre of symmetry, plane of symmetry, or rotary-reflection axis). 

|| Strictly speaking, quantum mechanics always gives a non-zero probability for the transition from 


one modification to the other. This probability, however, which relates to the passage of nuclei 
through a barrier, is so small that the phenomenon can always be neglected. 
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the nuclei. Accordingly, the various spin factors will be transformed into 
linear combinations of one another, thus giving some representation (in 
general reducible) of the symmetry group of the molecule. Decomposing 
this into irreducible parts, we find the possible types of symmetry for the 
spin wave function. 

A general formula can easily be written down for the characters x,,(G) 
of the representation given by the spin factors. To do this, it is sufficient 
to notice that, in a transformation, only those spin factors are unchanged in 
which the nuclei changing places have the same o,; otherwise, one spin 
factor changes into another and contributes nothing to the character. Bearing 
in mind that o, takes 27,1 values, we find that 


Xsp(G) = HI (24,41), (105.1) 


where the product is taken over the groups of atoms which change places 
under the transformation G considered (there being one factor in the product 
from each group). 

We are, however, interested not so much in the symmetry of the spin 
function as in that of the co-ordinate wave function (by which we mean its 
symmetry with respect to interchanges of the co-ordinates of the nuclei, the 
co-ordinates of the electrons remaining unchanged). These two symmetries 
are directly related, however, since the total wave function must remain 
unchanged or change sign when any pair of nuclei are interchanged, accord- 
ing as they obey Bose statistics or Fermi statistics (in other words, it must be 
multiplied by (— 1)‘, where 7 is the spin of the nuclei that are interchanged). 
Introducing the appropriate factor in the characters (105.1), we obtain the 
system of characters x(G) for the representation containing all the irreducible 
representations by which the co-ordinate wave functions are transformed: 


x(G) = TN(2i,-+1)(—1)%ao-®, (105.2) 


where nq is the number of nuclei in each group which change places under the 
transformation in question. Decomposing this representation into irreducible 
parts, we obtain the possible types of symmetry of the co-ordinate 
wave functions of the molecule, together with the degrees of degeneracy of 
the corresponding energy levels (here and later we mean the degeneracy with 
respect to the different spin states of the system of nuclei).t 

Each type of symmetry of the states is related to definite values of the 
total spins of the groups of equivalent nuclei in the molecule (i.e. groups of 
nuclei which change places under the various symmetry transformations of 
the molecule). This relation is not one-to-one; each type of symmetry of 
states can, in general, be brought about with various values of the spins of 
equivalent groups. The relation can also be established, in any particular 
case, by means of group theory. 


+ The degree of degeneracy of the level in this respect is often called its nuclear statistical weight; 
see the last footnote to §86. 
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As an example, let us consider a molecule of the asymmetrical-top type, the 
ethylene molecule C,H}, (Fig. 43g), with the symmetry group D,,. The 
index to the chemical symbol indicates the isotope to which the nucleus 
belongs; this indication is necessary, since the nuclei of different isotopes 
have different spins. In this case, the spin of the H! nucleus is 4, while the 
C* nucleus has no spin. Hence we need consider only the hydrogen atoms. 

We take the system of co-ordinates shown in Fig. 43g; the z-axis is per- 
pendicular to the plane of the molecule, while the x-axis is along the axis 
of the molecule. A reflection in the xy-plane leaves all the atoms fixed, 
while other reflections and rotations interchange the hydrogen atoms in 
pairs. From formula (105.2) we have the following characters of the represen- 
tation: 


E (xy) o(xz) a (yz) I C(x) Cy) — C,(2) 
16 16 4 4 4 4 4 4 


Decomposing this representation into irreducible parts, we find that it con- 
tains the following irreducible representations of the group D,,: 7A,, 3Byz, 
3Bey, 3B3,. The figures show the number of times each irreducible represen- 
tation appears in the reducible one; these numbers are also the nuclear 
Statistical weights of the levels with the corresponding symmetry. 

The classification of the states of the ethylene molecule thus obtained 
relates to the symmetry of the total (co-ordinate) wave function, including 
the electron, vibrational and rotational parts. Usually, however, it is of 
interest to arrive at these results from a different point of view. Knowing 
the possible symmetries of the total wave function, we can find at once which 
rotational levels are possible (and with what statistical weights) for any 
prescribed electron and vibrational state. 

Let us consider, for instance, the rotational structure of the lowest vibra- 
tional level (that for which the vibrations are not excited at all) of the normal 
electron term, assuming that the electron wave function of the normal 
state is completely symmetrical (as is the case for practically all polyatomic 
molecules). Then the symmetry of the total wave function with respect to 
rotations about the axes of symmetry is the same as the symmetry of the 
rotational wave function. Comparing this with the results obtained above, we 
therefore conclude that in the ethylene molecule the rotational levels of the 
types A and B, (see §103) are positive with statistical weights 7 and 3, 
while those of the types Bz and Bg are negative with statistical weight 3. 

As with diatomic molecules (see the end of §86), owing to the extreme 
weakness of the interaction between the nuclear spins and the electrons, 
transitions between states of different nuclear symmetry in the ethylene 
molecule do not occur in practice. Hence molecules in such states behave 
like different modifications of the substance. Thus ethylene C!2,H1, has 
four modifications, with nuclear statistical weights 7, 3, 3, 3. 


+ The relation between the symmetry of states and the values of the total spin of the four hydrogen 
nuclei in the ethylene molecule is derived in Problem 1. 
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In reaching this conclusion it is important that states with different 
symmetry belong to different energy levels (the intervals between which are 
large compared with the interaction energy of nuclear spins). ‘The conclusion 
is therefore invalid for molecules in which there exist states of different 
nuclear symmetry belonging to the same degenerate energy level. 

Let us consider another example, the ammonia molecule N14H},, of the 
symmetrical-top type (Fig. 41), whose symmetry group is C;,. The spin of 
. the nucleus N14 is 1, and that of H! is 4. Using formula (105.2), we find the 
characters of the representation of the group C,, in which we are interested: 


E 20, 30, 
24 6 anD: 


It contains the following irreducible representations of the group C3,: 12A,, 
6E. Thus two types of level are possible; their nuclear statistical weights 
aret 12 and 6. 

The rotational levels of a symmetrical top are classified (for a given J) 
according to the values of the quantum number k. Let us consider, as in the 
previous example, the rotational structure of the normal electron and 
vibrational state of the NH, molecule (i.e. we suppose the electron and vibra- 
tional wave functions to be completely symmetrical). In determining the 
symmetry of the rotational wave function, we must bear in mind that it is 
meaningful to speak of its behaviour only with respect to rotations about axes. 
Hence we replace the planes of symmetry by axes of symmetry of the second 
order perpendicular to them, a reflection in a plane being equivalent to a 
rotation about such an axis, followed by an inversion. In the present case, 
therefore, instead of the group C,,, we have to consider the isomorphous point 
group D,. 

The rotational wave functions with k = +|k| are multiplied by e+274'*/8 
respectively under a rotation C, about a vertical axis of the third order, 
while under a rotation U, about a horizontal axis of the second order they 
change into each other, thus giving a two-dimensional representation of the 
group D,. If |k| is not a multiple of three, this representation is irreduc- 
ible; it is FE. The representation of the group C;, corresponding to the total 
wave function is obtained by multiplying the character y(U,) by 1 or —1, 
according as the term is positive or negative. Since, however, in the repre- 
sentation E we have x(U,) = 0, we obtain the same representation FE in 
either case (but this time as a representation of the group C,,, and not D,). 
Bearing in mind the results obtained above, we thus conclude that, when || 
is not a multiple of three, both positive and negative levels are possible, with 
nuclear statistical weights of 6 (the symmetry of the total co-ordinate wave 
function being of the type £). 

When |[k| is a multiple of three (but not zero), the rotational functions 


+ A total spin of the hydrogen nuclei of 3/2 corresponds to the terms of symmetry A,, and one of 
1/2 to those of symmetry E. 
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give a representation (of the group D,) with characters 


E 2, 3U, 
2 ye 0° 


This representation is reducible, and divides into the representations A,, Ao. 
In order that the total wave function should belong to the representation A, of 
the group C;,, the rotational level A, must be negative and A, positive. 
Thus, when [A| is a multiple of three and not zero, both positive and negative 
levels are possible, with nuclear statistical weights of 12 (levels of the type 
Ad). 

Finally, only one rotational function corresponds to an angular momentum 
component k = 0; it gives a representation with characterst 


E 2C,  3U, 
1 1 (—1) 


If the total wave function has the symmetry A,, its behaviour with respect to 
inversion must therefore be given by the factor (—1)’+1. Thus, for k = 0, 
levels with even and odd / can only be negative and positive respectively; 
the statistical weight is 6 in either case (levels of the type A,). 

Summarising these results, we have the following table of possible states 
for various values of the quantum number & for the normal electron and 
vibrational term of the molecule N14H}3 (the symbols + and — denoting 
positive and negative states). 


+ _ 
| k| not a multiple of 3 6E 6E 
| &| a multiple of 3 12A2 12Ae 
BEG J even _ 6Ae 
=" | Todd 6Ae 4 


For given J and k, the energy levels of the NHg molecule are in general 
degenerate (see also the table for NDg in Problem 3). This degeneracy is 
partly removed by a peculiar effect due to the flat shape of the ammonia 
molecule and the small mass of the hydrogen atoms. By a fairly small vertical 
displacement of the atoms in this molecule a transition can be brought about 
between two configurations obtained from one another by a reflection in a 
plane parallel to the base of the pyramid (Fig. 44). These transitions cause a 
splitting of the levels, separating positive and negative levels (an effect 
similar to the one-dimensional case considered in §50, Problem 3). The 
magnitude of the splitting is proportional to the probability of passage of the 
atoms through the “‘potential barrier” separating the two configurations of 
the molecule. Although this probability is comparatively high in the ammonia 


+ On rotation through an angle z, the eigenfunction of the angular momentum with magnitude J 
and component zero is multiplied by (—1)¥. 
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molecule, owing to the above-mentioned properties, the splitting is still 
small (1 x 10-4 eV). 

An example of a molecule of the spherical-top type is discussed in 
Problem 5. 


N 


oe, 


N 
Fic. 44 


PROBLEMS 


PropieM 1. Find the relation between the symmetry of the state of the C1#2H14 molecule 
and the total spin of the hydrogen nuclei in the molecule. 


SoLuTION.t The total spin of the four H! nuclei can take the values J = 2,1, 0, and its 
component Mr takes values from 2 to —2. Let us consider the representations given by the 
spin factors for each value of Mz, beginning with the largest. 

The value M; = 2 corresponds to only one spin factor, in which all the nuclei have a spin 
component + 4. The value Mr = 1 corresponds to four different spin factors differing as 
regards the nucleus which has spin component —}. Finally, the value My = 0 is given 
by six spin factors, depending on the pair of nuclei which have spin components —4. The 
characters of the three corresponding representations are as follows: 


E o(xy) o(xz) o(y2z) I C2(z) Ca(y) Co(x) 
1 1 1 1 1 1 


M1 = 2 1 1 
Mi=1 4 4 0 0 0 0 0 0 
Mri = 0 6 6 2 2 2 2 2 2 


The first of these representations is the unit representation Ag; since the value M; = 2 
can occur only for J = 2, we conclude that a state with symmetry Ag corresponds to spin 
I=2. 

The value Mr = 1 can occur for both J = 1 and J = 2. Subtracting the first representa- 
tion from the second and decomposing the result into irreducible parts, we find that states 
Big, Bou, Bsu correspond to spin I = 1. 

Finally, the value My; = 0 can occur in all cases where Mr; = 1 is possible, and also for 
I = 0. Subtracting the second representation from the third, we find two states Ag corres- 
ponding to spin J = 0. 

PRoBLEM 2. Determine the types of symmetry of the total (co-ordinate) wave functions, 
and the statistical weights of the corresponding levels, for the molecules C}*,H?,, C'%,H",, 
N*4,016, (all these molecules are of the same form; the spins are i(H?) = 1, 1(C1*) = 4, 
i(N?4) = 1). 

SoLuTION. By the method shown in the text for the molecule C1#,H',, we find the follow- 
ing states (the axes of co-ordinates being taken the same as above): 


Molecule + _ 
C124H2, 27Ag, 18Big 18Beu, 18Bsu 
C13, 1, 16Ag, 12Big 12Bean, 24Bsu 
N14,016, 6Ay 3Bsu 


+ A method of solving problems of this kind, based on the theory of permutation groups, 
is given by E. G. Kaptan, Soviet Physics JETP 37(10), 747, 1960. 
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PROBLEM 3. ‘The same as Problem 2, but for the molecule N 14772. 

SOLUTION. In the way shown in the text for the molecule N?!4H!,, we find the states 304), 
3A, 24E. 

In the normal electron and vibrational state, the following terms are possible for various 
values of the quantum number k: 


+ = 
|k| not a multiple of 3 24E 24E 
|k| a multiple of 3 304,,3A,  30A,, 3A, 
k=0 J even 30A, 3A, 
oe J odd 3A, 30A, 


PRrosLeM 4. The same as Problem 2, but for the molecule C!*,H', (see Fig. 43f; the 
symmetry is D; 4). 

SoLution. The possible states are of the types 7A1g, 1A,u, 3Aeg, 13A,u, 9Eg, 11E 2. 

In the normal electron and vibrational state, the following levels are obtained: 


+ es 
|X] not a multiple of 3 9E, 11E, 
|2| a multiple of 3 7Aig, 3Agg 1Ayu, 13 Agu 
k=0 J even 7TAyg 1Ayu 
= J odd cy ie 13 Agu 


PROBLEM 5. The same as Problem 2, but for the methane molecule CH}, (the C atom 
is at the centre of a tetrahedron with the H atoms at the vertices). 


SoLuTion. The molecule is of the spherical-top type, and has the symmetry Tz. Follow- 
ing the same method, we find that the possible states are of the types 5Ae, 1£, 3F1 (cor- 
responding to a total spin of the molecule of 2, 0, 1 respectively). 

The rotational states of a spherical top are classified according to the values of the total 
angular momentum J. The 2J/-+1 rotational functions belonging to a particular value of J 
give a (2 ]+1)-dimensional representation of the group O, which is isomorphous with the 
group 74; it is obtained from the latter by replacing all planes of symmetry by axes of the 
second order perpendicular to them. The characters in this representation are given by 
formula (98.1). Thus for example, for J = 3 we obtain a representation with characters 


E 8C; 6C, 6C, 3C22 
7 1 =| 1 = ie 


This contains the following irreducible representations of the group O: A,, Fi, F,. Again 
considering the rotational structure of the normal electron and vibrational term, we therefore 
conclude that, for J = 3, the states with a symmetry Ag of the total wave function can only 
be positive, while those of type F, can be either positive or negative. For the first few values 
of J we thus obtain the following states (which we write together with their statistical weights): 


5A,, 3F, 3F, 
1E, 3F; 5A,, 1E, 3F, 


YY 
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CHAPTER XIV 


ADDITION OF ANGULAR MOMENTA 


§106. 3j-symbols 


Tue rule of addition of angular momenta deduced in §31 gives the possible 
values of the total angular momenta of a system consisting of two particles 
(or more complex components) with angular momenta j; and jg.f This rule 
is in fact closely related to the properties of wave functions with respect to 
spatial rotations, and follows immediately from the properties of spinors 
considered in Chapter VIII. 

The wave functions of particles with angular momenta j; and jz are sym- 
metrical spinors of ranks 27; and 2j2, and the wave function of the system is 
their product, 


Apres PO... 

pny ey Fo (106.1) 
Symmetrising this product with respect to all the indices, we obtain a sym- 
metrical spinor of rank 2(j;+J2), corresponding to a state with total angular 
momentum j1+/j2. If we contract the product (106.1) with respect to one 
pair of indices, of which one must belong to 4 and the other to %@) (since 
otherwise the result is zero), the symmetry of each of the spinors {® and 
ws) shows that it does not matter which indices are taken from A, p, ... and 
p,o,.... After symmetrisation we obtain a symmetrical spinor of rank 
2(j1+j2—1), corresponding to a state with angular momentum fi +je—1.£ 
Continuing this process, we find, in agreement with the rule already known, 
that j takes values from j1+/J2 to |j1—j2|, each occurring once. 

For a complete solution of the problem of the addition of angular momenta, 
we must also consider the problem of constructing the wave function of a 
system with a given total angular momentum from those of its two component 
particles. 


+ Strictly speaking, we shall always be considering (without explicitly mentioning the fact each 
time) a system whose parts interact so weakly that their angular momenta may be regarded as con- 
served in a first approximation. 

All the results given below apply, of course, not only to the addition of the total angular momenta 
of two particles (or systems) but also to the addition of the orbital angular momentum and spin of 
the same system, assuming that the spin-orbit coupling is sufficiently weak. 

t+ To avoid misunderstanding, the following comment is useful. The wave function of a system 
of two particles is always a spinor of rank 2(j1+j2), and this is in general not equal to 2j, where j is 
the total angular momentum of the system. Such a spinor may, however, be equivalent to a spinor of 
lower rank. For example, the wave function of a system of two particles with angular momenta 
ji =ja = 4 is a spinor of rank two; but if the total angular momentum j = 0, this spinor is anti- 
symmetrical, and therefore reduces to a scalar. In general, the total angular momentum j determines 
the symmetry of the spinor wave function of the system: this is symmetrical with respect to 27 indices 
and antisymmetrical with respect to the remainder. 
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Let us begin with the simple case of the addition of two angular momenta 
to give a zero total angular momentum. Here we must evidently have 
ji = je and angular momentum components mj = —mp. Let dim be the 
normalised wave functions of the states of one particle with angular momentum 
j and component thereof m (in the non-spinor representation). The required 
wave function 9 of the system is the sum of the products of the wave 
functions of the two particles with opposite values of m: 


Sa. : (—1)I-fD jy, my (106.2) 


where 7 is the common value of j; and ja. The factor eine the sum is 
due to the normalisation. The coefficients in the sum must all have the 
same absolute value, since all values of the components m of the angular 
momenta of the particles must be equally probable. The sequence of signs in 
(106.2) is easily found by means of the spinor representation of the wave 
functions. In spinor notation the sum in (106.2) is a scalar (the total angular 
momentum of the system being zero) 


PD Apernf2), (106.3) 


formed from two spinors of rank 27. Using this, we find the signs in (106.2) 
directly from (57.3). 

It should be borne in mind, however, that in general only the relative 
signs of the terms in the sum (106.2) are determinate, while the sign of the 
whole sum may depend on the “order of addition’’ of the angular momenta. 
For, if we lower all spinor indices (j+m ones and j—m twos) in %@) and 
raise them in %(@), the scalar (106.3) is multiplied by (—1)?/, and therefore 
changes sign when j is half-integral. 

Next we consider a system with zero total angular momentum consisting of 
three particles with angular momenta ji, jz, j3 and components thereof m, 
m2, mg. ‘The condition for the total angular momentum to be zero is that 
m,+m2+m3 = 0 and fi, je, jg have values such that each of them can be 
obtained by vector addition of the other two, i.e. geometrically 71, jo, 73 must 
be the sides of a closed triangle. In other words, each of them lies between 
the difference and the sum of the other two: 


lj1—ja] < js < fitje, ete. 


It is evident that the algebraic sum /1+/j2+/J3 is an integer. 
The wave function of the system under consideration is the sum 


Y= >, ie : 2 osm ml my (106.4) 
my, M2 m3 
mMm1i,Me2,mMs 


taken over the values of each m; from —j; to j;. The coefficients in this formula 
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are termed Wigner 3j-symbols. By definition they are non-zero only if 
m,+m2+m3 = 0. 
When the suffixes 1, 2, 3 are permuted, the wave function (106.4) can 
- change only by an unimportant phase factor. The 3j-symbols can in fact be 
defined as purely real quantities (see below), and then the indeterminacy of 
Yo can consist only in its sign as a whole being indefinite (as is true of the 
function (106.2) also). This means that interchanging the columns of a 
37-symbol can either leave it unchanged or change its sign. 

The most symmetrical way of defining the coefficients in the sum (106.4), 
which is the definition generally used for the 3j-symbols, is as follows. In 
spinor notation, Wp is a scalar formed by contracting the product of the three 
spinors ©), p@)Au--, 4@)44- with respect to all pairs of indices belonging 

to two different spinors. In each pair belonging to particles 1 and 2 the spinor 
index will be written superior with 4 and inferior with 4; in a pair belong- 
ing to particles 2 and 3, superior with %@) and inferior with ¢® ; and in a pair 
belonging to particles 3 and 1, superior with ®) and inferior with $@. It 
is easily seen that the total number of pairs of each kind is 71 +j2—Js,j2+j3—J1, 
jitjs—je respectively. This rule determines uniquely the sign of ‘Yo. 

It is evident that, with this definition, cyclic interchange of the indices 
1, 2 and 3 leaves ‘Wy unchanged. This means that the 3j-symbol is unchanged 
when its columns are cyclically permuted. Interchange of any two indices 
is easily seen to require the raising of the lower indices and lowering of the 
upper indices in all j:+j2+j3 pairs. This means that ‘’o is multiplied by 
(—1)fté+is; in other words, the 3j-symbols have the property 


@ a ) = (—ayssreo(77 ‘ | ete. (106.5) 


Mo, m1 Me my, M2 m3 
i.e. they change sign when two columns are interchanged if j1 +j2+Js is odd. 
Finally, we easily see that 


( Ji J2 ce) = (-tyerern(™ v8 SY, (106.6) 


—m, —m2. —ms3 my, me M3 


a change in the sign of the z-component of each angular momentum can 
be regarded as the result of a rotation through an angle z about the y-axis, 
and this is equivalent to raising all the lower spinor indices and lowering all 
the upper ones (see (58.11)). 

From (106.4) we can derive an important formula which gives the wave 
function V jm of a system consisting of two particles and having given values 
of j and m. To doso, we consider the particles 1 and 2 together as one system. 
Since the angular momentum j of this system together with the angular 
momentum jg of particle 3 gives a total angular momentum of zero, we must 


have 7 = j3, m = —mg3. According to (106.2) we can then write 
Y= ——_—_ —1)\i-mY, (8), _ 6. 
0 Teh =‘ mE mil, (106.7) 
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This formula is to be compared with (106.4) (in which we replace j3, m3 by 
j, —m). Here, however, we must first take into account the fact that the 
rule for constructing the sum in (106.7) according to (106.3) does not corres- 
pond to the rule for constructing the sum (106.4): to bring (106.7) to the 
form (106.4) we must, as is easily seen, interchange pairs of upper and lower 
indices corresponding to particles 1 and 3. This leads to an additional factor 
(—1)i-Jet4s, The result is 


fi je 


m1 mo 2) smb jy (106.8) 


Fim = (—1rtemyQj+) >> ( 


where the summation over m and mz is subject to the condition m,+m2, = m. 

Formula (106.8) gives the required expression for obtaining the wave 
function of a system from those of its two particles, which have definite 
angular momenta j; and jg. It can be written in the form 


Lim = > Chm $0; msm, (ma = m—m1). (106.9) 


Mi,Mme2 Mime 


The coefficients 


Cim = (— 1) tnt /(2)4 v( (106.10) 


Mima 


fu fe ’\ 
m, m.—-m 


form the matrix of the transformation from the complete orthonormal set of 
(21+ 1)(2j2+-1) wave functions of states with definite m , mz to the similar 
set with definite j, m (for given values of j1, j2). As we know (see §12), such a 
matrix is unitary. Hence we can immediately write down the inverse trans- 
formation: 


Sita 
ps mvs. ee > Ch mrtmE 4, my+ms (106.11) 
F=192-Sil 


where we have also used the fact that the coefficients C are real. According 
to the general rules of quantum mechanics, the squares of the coefficients in 
the expansion (106.11) give the probability for the system to have any par- 
ticular value of j (for given j1, m and j2, m2). 

The unitarity of the transformation (106.9) means that its coefficients 
satisfy certain orthogonality conditions. According to formulae (12.5) and 


(12.6) 


Cim Cin’ 
mime MMe 
™m1,M2 


Pe 7 F : jm 
t Called vector addition coefficients or Clebsch-Gordan coefficients. ‘The notation Cj,m,j,m, oF 
(j1j2jm|j1jamima) is also used in the literature. 
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ji je ji je J 
BD eed aoe! 
=e) ) > my, meg —m my, Mo —m 


™m1,Me 


= 843mm’; (106.12) 


Cim Cim 


Mime mime 


j,m 
1 j2 I\ (ji je J 
= Sern? j ale 2 . ) 
m, mo, —m/\my mo’ —m 


= § (106.13) 


oe eee 
The explicit general form of the 3j-symbols is quite lengthy. It can be 
written ast 
« je ’) a [ete ey x 
(jitjatjst+1)! 
x [(ja + i)!(j1 —mi)!(ja + m2)!(j2—ma)!(j3 + ms)!(js— ms)! }*/? x 
( = 1)@+hi-j2—ms 


my, M2 mg 


x Seen Sa ee ee ee UE IGE ee pe ee Res 6 = eee en 
z 2\(jrtje—js—2)!(j1— mi — 2)\(ja-+m2—2)\(js—jat+ mi +2)!(js—jr—met2)! 
(106.14) 


The summation is over all integers z but, since the factorial of a negative 
number is infinite, the sum contains only a finite number of terms. The 
coefficient of the sum is obviously symmetrical in the suffixes 1, 2, 3; the 
symmetry of the sum itself appears if the values of the summation variable 
2 are interchanged. 

Besides the symmetry properties (106.5) and (106.6), which follow imme- 
diately from the definition of the 3j-symbols, the latter also have other 
symmetry properties, though the derivation of these is more complex and 
will not be given here.t The properties in question can be conveniently 
formulated in terms of a three-by-three array of numbers derived from the 


parameters of the 3j-symbol as follows: 
ee j2tjs—N Jstp-j2z fitje—Js 
1 j2 j3 . 3 " 
( )- jim J2—- me, J3a— m3 : (106.15 
my, mg, m3 : : : 
jJutmy Jat me Ja+ ms 


+ The coefficients in (106.9) were first calculated by E. WiGNER (1931). Their symmetry properties 
and the symmetrical expression (106.14) were first derived by G. Racau (1942). The most direct 
method of calculation is probably to go immediately from the spinor representation of ‘Vo (approp- 
riately normalised) to the representation in the form of the sum (106.4) by means of the correspon- 
dence formula (58.1); it may be noted that, since the coefficient in this formula is real, so also must be 
the 3j-symbols. Another derivation is given by A. R. EpMonps, Angular Momentum in Quantum 
Mechanics, Princeton 1957. The table of 3j-symbols given below is also taken from EDMONDs’ book. 

+t See T. Reccsg, Il nuovo cimento [10] 10, 544, 1958. 
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the sum of the numbers in each row and each column of this array is 71 +-j2+/s. 
Then (1) interchange of any two columns of the array multiplies the 37- 
symbol by (—1)/:+4:+3s (the same property as that given by (106.5)); (2) the 
same is true for interchange of any two rows (for the two lower rows, the same 
property as that given by (106.6)); (3) the 37-symbol is unchanged when the 
rows and columns of the array are interchanged. 

Some of the simpler formulae for particular cases will be given here. The 


value 2° 5 
(? J |) = (—1)rm 


m —m 0 


1 
aan (106.16) 
corresponds to formula (106.2). The formulae 
G ja fitje ) = (—1)fi-dstmitme x 

my meg —m,—mMe 
(2)1)'(2ja)\(ja tj +a + ma)!(j1 +j2—m1 — me)! ] 0s 17) 
(2j+2ja+ 1M jr-+ma)\(ja—ma)!(ja+ ma)!(ja—moylP 
a je Js 


. ) = (—1)-d:tdetms x 
Jl —ji—m3 m3 


x [ (2j1)'(—jatjet+ja)!(j1+ja+ ma)!(j3— ma)! | : 
(jutja+ja+ 1)! j1—je+js)!(j1+j2—Ja)\(—fa +jo—ms)!(js-+ ms)! 
are obtained directly from (106.14). The derivation of the formula 
(: je *) a rp & +ie—jaMiu—ja-+ia! Artie sD hi 
000 (2p+1)! 
p! 
NOt a eS 
(p—j1)(b—J2)!(p—Ja)! 

where 2p = j1+j2+ 3 is even, requires a number of additional calculations ;t 
when 2p is odd, this 3j-symbol is zero owing to the symmetry property 
(106.6). 

Table 9 gives for reference the values of the 37-symbols for j3 = 4, 1, 3, 2. 
For each jg the minimum number of 3j-symbols are shown from which 
the remainder may be obtained by means of the relations (106.5), (106.6). 


(106.18) 


TABLE 9 
Formulae for 3j-symbols 


ee :) ‘) _ (-1yrman[ 2 er 
m —m—44 (27 + 1)(2j+2) 


(-nem(” J ; ) 
m —m—mg3 m3 


+ See EpMonps’ book already quoted. 
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2 j+m+1)\(j—- thane Cane i 
(2) +1)(2j+2)(2j+3) 
1 
al ec Sasa 
2j(2j + 1)(2j +2) 
—GamG-mt)) | 1/2 
(2+ 1(2+2)(2j-+3) 
—m+1/2{2 J 3 
(-—1) rn(! ie ) 


1 


j-—mM+s 1/2 
(2j + 1)(2j +2)(2j+3)(2j +4) 


= (j+3m49] 


3 


2j(2j+1)(2j+2)(2j+3) 
(2+ 1)(2j+2)(2j+3)(2j +4) 


E . 2 
(—1y-n(" J ) 
m —m—m3 m3 


0 
2[3m?—j(j+1)] 
2j(2j + 1)(2j + 2)(2j +3)(2j +4) 
(2) + 1)(2j+2)(2j+ 3)(27 + 4)(4+5) 
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1 


7 6(j-+m+1)(j—m) a 

j Se aE CPRVETETO 
(j—m+1)(j—m) ie 
jet —2j 424.2) GATS 


(j+m+2)(j—m+2)\(j—m+1)(j—m)y1/? 
(2j +1)(2j +2)(2} + 3)(2j-+4)(2) +5) 
mg 2 
a U armas He 
: (2) — 1)2j(2j + 1)(2j+2)(2j+ 3) 

of G-m—-DG-MG—mt DG +mt 27" 

25(2j + 1)(2j +2)(2j + 3)(2j +4) 

; (j—m—1)G—m)(j—m+1)(j—m+2)q1/? 
= GDR + N+ G++) 


PROBLEM 


Determine the angle dependence of the wave functions of a particle with spin } in states 
with given values of the orbital angular momentum /, the total angular momentum j and 
component thereof m. 


SoLuTION. The problem is solved by the general fouls (106.8), in which $(@) must 
be taken as the eigenfunctions of the orbital angular momentum (i.e. the spherical harmonic 
functions Yim,), and (2) as the spin wave function x(¢) (where o = +4): 


: - ej 
Yim = (—1mtey/(3541) > ( ) ¥im-ox(2) 
a m—oo-m 
Substituting the values of the 3j-symbols, we obtain 


j+m j—m 
Wr1/2,m = Lp Yimant dB Yi,m+1/2, 


¥ ES ber [ee (-pY 
i~-1/2,m = +2 4 1,m-1/2 + y) See aX 1,mt+1/2- 


§107. Matrix elements of tensors 


In §29 formulae have been obtained which give the matrix elements of a 
vector physical quantity in terms of the value of the angular momentum 
component. These formulae are really a particular case of the corresponding - 
general formulae for an irreducible (see §58) tensor of any rank.t 


ft The analysis of the problems discussed in §§107-109, and most of the results given, are due to 
G. Racay (1942-1943). 
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The set of 2k+ 1 components of an irreducible tensor of rank & (an integer) 
are equivalent, as regards their transformation properties, to a set of 2k+1 
spherical harmonic functions Yg, g = —k, ...,k (see the last footnote to 
§58). This means that, by means of appropriate linear combinations of the 
components of the tensor, we can obtain a set of quantities which are trans- 
formed under rotations as the functions Yzg. A set of such quantities, which 
will be denoted here by fxg, is called a spherical tensor of rank k. 

For example, k = 1 for a vector, and the quantities fig are related to the 
components of the vector by the formulae 


t 
fio = taz, fis = F pg te tian) (107.1) 
cf. (58.2a). The corresponding formulae for a tensor of rank two are 
Soo = —V 3azz, feai= + (420+ 1Ayz); (107.2) 
S242 = —Faza— ayy + 2iazy), 


with aga t QAyy + Azz = 0. 

The construction of tensor products from two (or more) spherical tensors 
Ska Sts, 18 effected in accordance with the rules for addition of angular 
momenta, with k;, ke formally representing the ‘angular momenta”’ corres- 
ponding to these tensors. Thus from two spherical tensors of ranks k; and 
kg, one can form spherical tensors of ranks K = ky +he, ..., |ki—ke| by means 
of the formulae 


KQ 
(fx,2r,)KQ = > Caaf. a. 8k292 
Q1,42 


ki kg K 
= (-1eHey(2K+1) > ( )feattresi (107.3) 
gm gz —Q 
41,92 
cf. (106.9). The scalar product of two spherical tensors of the same rank k is, 
however, usually defined as 


(feSe)oo = & (—1)¥-Fegge,—a (107.4) 


which differs from the definition according to (107.3) with K = QO = 0 by 
the factor +/(2k+1); cf. (106.2).¢ This definition can also be written in the 
form 


(frgejoo = % fea8ka* 


if we note that grg* = (— 1)*-9g% ~¢ (cf. (28.8)).+ 


t IfA and B are two vectors corresponding to the spherical tensors fig and gig according to formulae 
(107.1), then (figijoo = A.B. 

¢ It is assumed that the original irreducible tensors represent real physical quantities, so that only 
the spherical harmonics in the fgg are complex. 
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The representation of physical quantities in the form of spherical tensors is 
particularly convenient for the calculation of their matrix elements, since it 
allows the direct application of the results of the theory of addition of angular 
momenta. 

By the definition of the matrix elements we have 


Feabnim > (fea)n jn Yn'j'm’s (107.5) 
nym’ 
where the ynjm are the wave functions of the stationary states of the system, 
described by its angular momentum j, component thereof m and the set of 
the remaining quantum numbers 7. As regards transformation properties, 
the functions on the right-hand and left-hand sides of equation (107.5) 
correspond to the respective sides of equation (106.11). Hence we imme- 
diately obtain the selection rules: for given j, m the matrix elements are zero 
except for values j’, m’ which satisfy the “angular momentum addition rule” 
j =jtk, with m’ = m+q7t 
Next, it follows from the same transformation correspondence that the 
coefficients in the sum (107.5) must be proportional to the coefficients in 
(106.11). Accordingly we write the matrix elements in the form 


yd 


nij'm!’ “Ie j —m’ J k f nije 
(fea)njm =1 (-—1) max ; a (fx nj ? (107.6) 


where j Jmax is the greater of j andj’, and the ( ie ‘are quantities independent 

of m, m’ and q, called “reduced” matrix elements.t This formula gives the 

solution to the problem considered. In particular, for k = 1 we obtain 

formulae (29.7) and (29.9) for the matrix elements of a vector quantity. 
The operators frq are related by 


Fea = (-1)0*fe,-¢*- (107.7) 


The equation 
(Fea)nihi™! = (—1)0-*( fia) (107.8) 


therefore holds for their matrix elements. Substituting (107.6) and using the 
properties (106.5) and (106.6) of the 3j-symbols, we obtain for the reduced 
matrix elements the ‘‘Hermitian’’ relation 


(fe = (fe)R. (107.9) 


The matrix elements of the sails (107.4) are diagonal inj and m. According 
to the rule of matrix multiplication, 


[(Fxgie)oo aim = ()r' > (fiann jn (Sk.-a nin 
q 


n”j"m” 


+ Hence, in particular, there follow at once the rules given in §29 for the matrix elements of a 


vector. 
t The notation for these differs from that for the original matrix elements in that the angular 


momentum components do not appear in the indices. 
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Substituting here the expressions (107.6) and effecting the summation over q 
and m” by means of the orthogonality relation (106.12) for the 3j-symbols, we 
obtain 


(festoolajm’ = 55 FO (fea (eudng” (107.10) 


Similarly, we easily obtain the following formulae for the sums of the 
squared matrix elements: 


2 \Gedagm”™ P= salt way | (107.11) 
Dey Fednim™ P= ltt ey (107.12) 


In the first of these the summation is over g and m’ for a given value of m, 
and in the second it is over m and m’ for a given value of g (in every case, 
m' = m+4q). 

For reference purposes we may consider the case where the quantities fxg 
are the spherical harmonic functions Yxg themselves, and calculate their 
matrix elements for transitions between the states of one particle with integral 
orbital angular momenta J; and Jz. In other words, we have to calculate 
the integrals 

(Yim), ae Ym 


lm Yi ing 


do. (107.13) 


Besides the selection rules corresponding to the rule of addition of angular 

momenta (1+1, = 1), there is also a rule for these matrix elements whereby 

the sum /+1,+J/2. must be even. This is due to the conservation of parity, 

according to which the product (— 1)/:+": of the parities of the two states must 

be the same as the parity (— 1)! of the physical quantity considered (see §30). 
From (107.6) we have 


h Ide 


(Yim)pifgt = (— Lime tail ( ween 


Near (107.14) 


To determine the quantities (Y1)i2 it is sufficient to calculate the matrix 
element for m, = mz = m = 0. The integral (107.13) reduces in this case 
to the integral of the product of three Legendre polynomials:f 


1 

LI d\? 
Pu) Pi(u)Pi(u) dp = 2 . (107.15) 
i (; 0 ) 


t See E. W. Hopson, The Theory of Spherical and Ellipsoidal Harmonics, University Press, Cambridge 
1931, p. 87. 
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The result is 


Om = Ceann(* 9) [ey 


107.16 
re ( ) 


the upper and lower signs of 7 referring to the cases , > J, and  < lp 
respectively. 


§108. 6j-symbols 


In §106 we have defined 3j-symbols as the coefficients in the sum (106.4) 
which represents the wave function of a system of three particles with zero 
total angular momentum. As regards the transformation properties under 
rotations, this sum is a scalar. Hence it follows that the set of 3j-symbols 
with given values of /1, 72, j3 (and all possible m1, m2, mg) may be regarded as 
a set of quantities which are transformed under rotations according to a law 
contragredient to that for the products pr, mtb ane jam, SO that the sum 
as a whole is invariant. 

From this viewpoint we may put the problem of constructing a scalar 
consisting of 3j-symbols only. This scalar must depend only on the numbers 
j, and not on the numbers m, which are altered by rotations. In other words, 
it must be expressible in terms of sums over all the numbers m. Each such 
sum consists of a “contraction” of the product of two 3j-symbols according 


to the formula 
AS a Oa a 8.) 


cf. the method of constructing the scalar (106.2). 

Since in each “‘contraction’’ a pair of numbers m is involved, we must 
consider products of an even number of 3j-symbols in constructing the 
complete scalar. The contraction of the product of two 3j-symbols gives, 
owing to their orthogonality, the trivial result 


> s J2 *)( Ji 72 78) (= 1yesetiememenm 
m, m2 m3 —m, —m2 —mM3 


MpMams 
7 aa 
my, m2 m3 ; 


™m1,7%2,M%3 


here we have used the equation m,+m2+ m3 = 0 and formulae (106.6) and 
(106.12). The smallest number of factors needed to form a non-trivial scalar 
is therefore four. 

In each 3j-symbol the three numbers j form a closed triangle. Since 
each number j must appear in the “contraction” in two 3j-symbols, it is clear 
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Fic. 45 


that in the construction of a scalar from the products of four 3j-symbols 
there are six numbers / forming the edges of an irregular tetrahedron (Fig. 45), 
one face of which corresponds to each 3j-symbol. In defining the required 
scalar it is customary to use a certain condition as regards the contraction 
process, given by the formula 


(" sh “I = > (- Bde ( ji jz Js ) ‘ 
Ja Js Je —m, —m2, —mMs 


all m 


Na J5 mala j2 *)( ja J5 -) (108.2) 
my, ~—mMmM5 Me/ \m4 mz —Me/ \—mM4, M5 M3 


The summation here is over all possible values of all the numbers m; however, 
since the sum of the three m in every 3j-symbol must be zero, only two of the 
six m are in fact independent. The quantities defined by the formula (108.2) 
are called 6j-symbols or Racah coefficients. 

From the definition (108.2), using the symmetry properties of the 3;- 
symbols, we easily see that a 6j-symbol is unchanged by any permutation of 
its three columns, and in any pair of columns the two numbers can be 
simultaneously interchanged. Owing to these symmetry properties, the 
sequence of numbers 1, .. ,j¢ in the 6j-symbol can be put in 24 equivalent 
forms.t In addition, the 6j-symbols have another, less evident, symmetry 
property which states an equality between symbols with different sets of 
numbers 7: 

i je ‘ : (" a(Jatjotjs—je) 2(j3t+Jet+J2—Js) (108.3) 
ja jojo) \ja H(jetjotje—js) #(js+Je+Js—J2) 
We may mention a useful relation between the 6j- and 3j-symbols which can 


t If we regard the tetrahedron in Fig. 45 as being regular, the 24 equivalent permutations of the 
numbers j can be obtained by means of the 24 symmetry transformations (rotations and reflections) 
of the tetrahedron. 

t See T. Receg, Il nuovo cimento [10] 11, 116, 1959. 
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be derived from the definition (108.2): 


> (—1)4etdst+Jo—ms—ms—mes (’ js je ) r 


my, —ms5 m6 


«(2 j2 *)( ja js ) = (” J2 Ne R a (108.4) 
ms m2 —me/ \—ma M5 mg m, m2 m3/\ja Js Je 

The expression which is summed on the left-hand side of the equation differs 
from that in (108.2) by the absence of one 3j-symbol. We can therefore say 
that the sum in (108.4) is represented by the tetrahedron (Fig. 45) without 
one of its faces; this determines the difference of the sum from a scalar. 
In other words, as regards transformation properties it corresponds to one 
3j-symbol, the one on the right-hand side of equation (108.4), to which it 
must be proportional. The proportionality coefficient (the 6j-symbol on the 
right-hand side of the equation) is easily found by multiplying both sides by 


Ma,™M5,™M6 


ji jz Js .e 
( ) and summing over the remaining numbers m, me, m3. 
mym2m3 

The 6j-symbols arise naturally in connection with the following problem 
concerning the addition of three angular momenta. 

Let three angular momenta j1, j2, jg be added to give a resultant angular 
momentum J. If the value of J (and of its component M) is given, the state 
of the system is not yet uniquely determined, but depends also on the manner 
of addition of the angular momenta (or, as we say, on their coupling scheme). 

For example, let us consider two such coupling schemes: (1) first the 
angular momenta j; and j2 are added to give a total angular momentum jj», 
and then j2 and j3 are added to give the final angular momentum J; (2) the 
angular momenta jz and j3 are added to give jo3, and then jeg and 7; to give J. 
The former scheme corresponds to states in which the quantity j12 (as well 
as j1, j2, j3, J, M) has a definite value; their wave functions will be denoted 
by Y;,,7mu (omitting for brevity the repeated suffixes ji, je, js). Similarly, the 
wave functions of the second coupling scheme are denoted by Vy,, 7m. 
In both cases the values of the “‘intermediate’’ angular momentum (j12 or 
jog) are in general not unique, so that (for given J and M) we have two different 
sets of wave functions differing in the values of ji2 or jeg. According to 
the general rules, functions of these two sets are related by a certain unitary 
transformation: 


Pj = 2 Siai.oP jdm (108.5) 


It is evident from physical considerations that the coefficients in this 
transformation are independent of the number M: they must be independent 
of the orientation of the whole system in space. Thus they depend only on 
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the values of the six angular momenta 1, j2, /3, J12, j23, J, not on their com- 
ponents, i.e. are scalar quantities (in the sense defined above). The actual 
calculation of these coefficients is easily effected as follows. 

By a repeated application of formula (106.9) we find 


M 
Yj,5JM = >, Conmittim sh} gras 
1,42 


_ JM 
~ Crm’ Jasmaass mij yma sig) 


™1,M2,M3 
me3 
— IM Chigm . 
Y5,,.JM ~~ m > m Cina mm I mb jqmPjams: 
ly M25 3 
Miz 


According to the general rules, the coefficients in the transformation (108.5) 
are given by the integrals 


Siiades = [Bier Ys, dq 


= CUM CIM ChiamiaCjasmas, 


mMi2,M23 


here we have used the fact that the functions $j, are orthonormal. The sum 
on the right-hand side is taken for a fixed M, but the result is actually 
independent of M (for the reason already mentioned). ‘The summation can 
therefore be extended over the values of M if the sum is multiplied by a factor 
1/(2J+1). Expressing the coefficients C in terms of 3j-symbols by (106.10), 
we obtain the following expression: 
Shag = (IPH (Gjt Nia NY 7"). 408.6) 
Js J jas 
The relation between the 6j-symbols and the transformation coefficients in 
(108.5) makes it easy to derive some useful formulae for the sums of products 
of 6j-symbols. 
First of all, since the transformation (108.5) is unitary and its coefficients 
are real, the relation 
> 25+ Q;"+ Df" md yr md 
j 


BINNS 


| 857" (108.7) 
holds. 

Next, let us consider the three coupling schemes of three angular momenta, 
with intermediate sums /12, j23 and j31 respectively. The coefficients (108.6) 
of the corresponding transformations are related, according to the matrix 


multiplication rule, by 


> S5rsdesfeaton = Shredar* 


jes 
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Substituting here (108.6) and renumbering the suffixes we have 


ja Ja ‘| : fd 7 . je ‘ 


> (1 eee ee | a eee (108.8) 
F J2 J5 J3 J4 J5 J6 


fi Js J 
Finally, by considering the various coupling schemes of four angular 
momenta, we can derivet the following addition formula for the products of 
three 6j-symbols: 

Ja Je he ji mi Js 4 


Dee arcs) aan ee 

F J9 JS JINIT I JONIT I8 J 
= fee) 1089) 

J4 J5 JO) N\I7 Js jo 


(L. C. BrepeNHARN, and J. P. ELLiotT, 1953). 

For reference we shall give some explicit formulae for the 6j-symbols. 
In the general case, a 6j-symbol can be written as the following sum: 
fi j2 Js eT Re eee ee 
: ‘| = A(jrjaja)A (jrjsje) A (Jajeso) A Gi4j5js) x 
J4 J8 Je 


x 


\ (—1)%(2+1)! 
— (2—fi—jo—Ja)!(2— 1 —js—Jo)!(% —Ja—Ja— Jo) (2 —Ja—J5— I)! 


1 


x ee; (108.10) 
(jitjetjatjs—2)\(jetjstjstje—2)!(jstsitjet+j1—2)! 


where 


Ried | SECON 


(a+b+c+1)! 


and the sum is taken overall positive integers z for which none of the factorials 
in the denominator has a negative argument. 

Table 10 gives the values of the 6j-symbols for cases where one of the 
parameters is 0, $ or 1. 

Finally, we shall make a few remarks concerning the higher-order scalars 
constructed from the 3j-symbols. 

The next in complexity after the 6j-symbols is a scalar formed by contract- 
ing products of six 3j-symbols. These 3j-symbols contain 18 numbers j 
equal in pairs, and so the resulting scalar depends on 9 parameters j. It 
is called a 9j-symbol and is defined as follows} (E. WIGNER 1951): 


+ See EpMonps’ book quoted in §106. 

+ According to the general rule of contraction (108.1) it would be necessary to write the arguments 
m in the last three 3j-symbols with the minus sign and to include in the summand a factor (— 1)z0-™), 
However, by using the property (106.6) of the 3j-symbols and the fact that in this case, as is easily seen, 
the sum =m of all the nine numbers m is zero, we have the definition (108.11). 
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TABLE 10 
Formulae for 6j-symbols 


abe (—1)s 
= ——____—__—__., s=atb+te 
c i 4/[(26+ 1)(2¢+1)] 
a (s —2b)(s—2e+ 1) 1/2 
ee c—4 a aa ae 
. ae Pe ° -0 pep . 
a b s(s + 1)(s—2a—1)(s—2a) 1/2 
ote = CM es poe 
a b 2(s+1)(s—2a)(s—2b)(s—2e+1) 71/2 
fee led corey ces cenczcasy 
a b ef 6228 = 1)(s —2b)(s —2¢ + 1)(s—2e+2) 1/2 
fen ves) 7" eariyass 2y@8--ayae— eater 1 
a b 2[b(6+ 1)+c(e+1)—a(a+1)] 
Loe 9 OO meres 2aeer near 


ju fiz fis 2 am. & ms acd ose, 

ae, = ji2 se | ee jJ22 | J32 ae 
J21 J22 J23a¢ = x 
f oe | aa m1 M2 ™13/ \Me21 Mo2 Mo3/ \m31 M32 M33 
J31 J32 J33 


«(7 j2i a J22 sa | j23 2). (108.11) 


m1 ™21 M31 M2 M22 mMs32 m13 M23 M33 


This quantity can also be written as the sum of products of three 6j-symbols: 


ja Ja jis Bie eho ae eo 
fe] = amar fat ay 
jaz jas J )\jor J jos\j fir fiz 
Ji J32 J33 
The equivalence of (108.11) and (108.12) can be seen by substituting in 
(108.12) and the definition (108.2) and using the orthogonality properties of 
the 3j-symbols. 
The 9j-symbol has a high degree of symmetry, which follows directly from 
the definition (108.11) and the symmetry properties of the 3j-symbols. It is 
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easily seen that when any two rows or columns are interchanged the 9j-symbol 
is multiplied by (— 1)*/. Moreover, the 9j-symbol is unaltered by transposi- 
tion, i.e. interchange of rows and columns. 

Scalars of still higher orders depend on a still larger number of parameters 
j. It is evident that this number will always be a multiple of three (37- 
symbols). We shall not pause to discuss their properties, but merely mention 
that for every 2 > 3 there is more than one type of 3j-symbol, and these 
do not reduce to one another. For example, there are two different types of 
12j-symbol.t 


§109. Matrix elements for addition of angular momenta 


Let us again consider a system consisting of two parts (referred to as sub- 
systems 1 and 2), and let f,¢ be a spherical tensor pertaining to sub-system 
1. Its matrix elements with respect to the wave functions of this sub-system 
are given, according to (107.6), by the formula 


WR 


(ny'jr'my' | feg? m1 jum) = iH(—1)vencm ( 
—m, g my, 


Jon‘ fem) (109.1) 


The question arises of calculating the matrix elements of these quantities 
with respect to the wave functions of the system as a whole. We shall show 
how they may be expressed in terms of the same reduced matrix elements 
as appear in the expression (109.1). 

The states of the system as a whole are defined by the quantum numbers 
jis ja, J, M, m1, 2 (where J and M are the angular momentum and its com- 
ponent for the whole system). Since fxg“) refers to sub-system 1, its operator 
commutes with the angular momentum operator of sub-system 2. Its matrix 
is therefore diagonal with respect to jo; it is also diagonal with respect to the 
remaining quantum numbers 72 of this sub-system. These indices j2, ng will 
be omitted, for brevity, and the required matrix elements will be written as 


(1y'j1'J'M" | fg’? |mjiJM). 


According to (107.6), their dependence on the number M is given by 


SL IRIN. 
(ny'j1' JM | fg |mijrJM) = 1*(— 1) max ( ) (ni'jy'J’| fe |r jd). 
—M’ qM 
(109.2) 
To establish the relation between the reduced matrix elements on the right- 
hand sides of (109.1) and (109.2) we write, using the definition of the matrix 


+ Amore detailed account of the theory of 9j-symbols and of the properties of 3nj-symbols is given 
in EpMonps’ book quoted in §106 and by A. P. Yurtsis, I. B. LEVINSON and V. V. Vanacas, Mathe- 
matical Apparatus of the Theory of Angular Momentum, Oldbourne Press, London 1963 (Mate- 
maticheskit apparat teorii momenta kolichestoa dvizhentya, Vilnius 1960). 
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elements, 


(av jl J’ M’ | fied? |\mjiJM) = [¥ ‘M +f zgP am dg 


= > (yrs ey (20 4 QI+ m(, . a x 


mi,m1’ 


og 

x @ ‘ )ontin'ms' fea jim) 
m m2, —M. 

Substituting here (109.1) and (109.2) and comparing the resulting relation 

with formula (108.4), we see that the ratio of the reduced matrix elements in 

(109.1) and (109.2) must be proportional to a certain 6j-symbol. A careful 

comparison of the two relations mentioned leads to the final formula 


(arf | fc |r jrJ) = (- 1)ftsmactJ2+J mint ha/[(2J + 1)(2J’ of 1)] x 


fF fe), 5; ' 

«(TS Temi fain), (109.3) 
J ji k 

where jmax is the greater of ji, jx’, and Jmin the smaller of J, J’. A similar 

formula for the reduced matrix elements of the spherical tensor pertaining 

to the second sub-system is 


(na!ja'J'| fi |majad) = (—1)ietdermetTmaxthy/[(2I-+ 1)(2J'+ 1) 1x 
je In 
x 

J jo k 

The lack of complete symmetry between the expressions (109.3) and (109.4) 

(in the exponent of —1) is due to the dependence of the phase of the wave 

functions on the order of addition of the angular momenta. The difference 

must be borne in mind when calculating matrix elements for both sub-systems 
simultaneously. 

We shall also derive a useful formula for the matrix elements, with respect 
to the wave functions of the whole system, of a scalar product (see the defini- 
tion (107.4)) of two spherical tensors of the same rank k pertaining to different 
sub-systems (and therefore commuting). According to (107.10), these matrix 


elements are given in terms of the reduced matrix elements of each tensor 
(with respect to the wave functions of the whole system) by 


\ n'a |f™ a). (109.4) 


(my'n2j1j2' JM |( ff )o0| mina jrjoJM) 
1 


~ Oya > (ny'jx'F| fe | mjd” )(n2'j2'" | fr |najoJ), 
oe 


where we have used the fact that the matrix of a quantity pertaining to one 
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sub-system is diagonal with respect to the quantum numbers of the other 
sub-system. Substituting (109.3) and (109.4) and using the summation 
formula (108.8), we obtain the desired formula expressing the matrix elements 
of the scalar product in terms of the reduced matrix elements of each tensor 
with respect to the wave functions of the corresponding sub-systems: 


(1 'n2'j1'j2' JM | ( ff) o0|mnajijeJM) 
wi jel jv 


= (- Ifomitdemety| ' “ 
kj je 


|e fi naj) (109.5) 


CHAPTER XV 


MOTION IN A MAGNETIC FIELD 


§110. Schrodinger’s equation in a magnetic field 


In non-relativistic theory, a magnetic field can be regarded only as an 
external field. The magnetic interactions between particles are a relativistic 
effect, and a consistently relativistic theory is needed if they are to be taken 
into account. 

The Hamiltonian of a system of particles in a magnetic field can be obtained 
from the classical expression for the corresponding HaMILTON’s function. 
As is known from electrodynamics, this function is of the form 


a— eaAg|c)? 
H=> eet U (0942) 


where p, is the generalised momentum of the ath particle, A, the vector 
potential of the magnetic field at the point occupied by this particle, and 
U(x, y, 2) the potential energy of the interaction of the particles (or their 
energy in the external electric field).t For brevity, we shall write the formulae 
below for a single particle. 

If the particle has no spin, the transition to quantum mechanics can be 
made in the usual manner; the momentum p must be replaced by the operator 
p = —ih\/, and we obtain the Hamiltonian 


a = Poe ute, y,2). (110.1) 
2m 


If, on the other hand, the particle has a spin, this procedure does not 
suffice. This is because the spin interacts directly with the magnetic field. 
In the classical HamILToN’s function this interaction does not appear, since 
the spin, which is a purely quantum effect, vanishes when we pass to the 
limit of classical mechanics. To a particle with a spin we must also ascribe an 
intrinsic magnetic moment; from considerations of symmetry it is evident that 
this moment is parallel or antiparallel to the spin. We write it in the form 


i = p8/s, (110.2) 
where & is the spin operator and yp is a constant characterising the particle. 
This form corresponds to the usual terminology, according to which the 


+ See, for instance, The Classical Theory of Fields, §16. We here denote the generalised momentum 
- by p and not by P. 
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value p of the magnetic moment of a particle is taken to be the maximum value 
of its projection, i.e. the value of uz = o/s when o = s. The correct 
expression for the Hamiltonian of the particle is obtained by adding to (110.1) 
an additional term — {i . #, which corresponds to the energy of the magnetic 
moment yp, in the field 4. Thus the Hamiltonian of a particle having a spin 


and in a magnetic field is 
HB = (p—eA|c)?/2m—(y]s)8. H-+U(x,y, 2). (110.3) 


In expanding the square (f—eA/c)?, we must bear in mind that p does not 
in general commute with the vector A, which is a function of the 
co-ordinates. Hence we must write 


A = p?/2m—(e/2mc)(A .p+ p .A)+e2A2/2mc2—(1/s)8. H+-U. (110.4) 


According to the rule (16.4) for thecommutationof the momentum operator 
with any function of the co-ordinates, we have 


p.A—A.p = —ih divA. (110.5) 


Thus p and A commute if div A = 0. This holds, in particular, for a homo- 
geneous field, if its vector potential is expressed in the form 


A =}4xr. (110.6) 


The equation Hy = Ey for the eigenvalues of the operator (110.3) is 
a generalisation of SCHRODINGER’s equation to the case where a magnetic 
field is present. The properties of the operator § have been considered in 
detail in Chapter VIII. The wave functions on which the operator (110.3) 
acts are symmetrical spinors of rank 2s. 

The wave functions of the stationary states of a particle in a magnetic 
field are not uniquely defined, because the choice of the vector potential is 
not unique; the latter is defined only to within the gradient of an arbitrary 
function f. If we make the substitution 


A—>A+V/f(x,9,2), (110.7) 


the magnetic field is unaffected. It is therefore clear that the transformation 
(110.7) cannot essentially change the eigenfunctions of the operator (110.3); 
in particular, the squared modulus ||? must remain unchanged. In fact, 
it is easy to see that, on making together with (110.7) the substitution 


p —> b exp[i(e/hc) f(x,y, 2)], (110.8) 


we return to the original equation.t Thus the phases of the wave functions 


t If we are concerned with a system of several particles, the transformation of the wave function is 


p —> p exp{(i/hc) & caf (xa, Ya, 2a)}, 


the summation being over the particles forming the system. 
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of the stationary states are determined only to within an arbitrary function 
of the co-ordinates. This non-uniqueness, however, does not affect any 
quantity having a physical significance; the vector potential does not appear 
explicitly in the definition of such a quantity. 

In classical mechanics, the generalised momentum of a particle is related to 
its velocity by 


my = p—eA|c. 


In order to find the operator # in quantum mechanics, we have to commute 
the vector r with the Hamiltonian. A simple calculation gives the result 


me = p—eAlc, (110.9) 


which is exactly analogous to the classical expression. For the operators of 
the velocity components we have the commutation rules 


(Gz, Vy} = i(ch/m2o)H#2, 
(Oy, 02} = i(eh|m%)H 2, (110.10) 
(Oz, 02} = i(eh|m*) Hy, 


which are easily verified directly. We see that, in a magnetic field, the 
operators of the three velocity components of a (charged) particle do not 
commute. This means that the particle cannot simultaneously have definite 
values of the velocity components in all three directions. 

The constant j./sh gives the ratio of the intrinsic magnetic moment of the 
particle to its spin angular momentum fs. As is well known, for the ordinary 
(orbital) angular momentum this ratio is e/2me. The coefficient of propor- 
tionality between the intrinsic magnetic moment and the spin of the particle 
is not the same. For an electron it is —|e|/mc, i.e. twice the usual value.} ‘The 
intrinsic magnetic moment of the electron (spin 4) is consequently 


po = |el|A/2me = 0-927X 10-°° erg/gauss. (110.11) 


This quantity is called the Bohr magneton. 

The magnetic moment of heavy particles is customarily measured in 
nuclear magnetons, defined as eh/2mc with m the mass of the proton. The 
intrinsic magnetic moment of the proton is found by experiment to be 
2-793 nuclear magnetons, the moment being parallel to the spin. The magnetic 
moment of the neutron is opposite to the spin, and is 1-913 nuclear magnetons. 

In motion in a magnetic field, the symmetry with respect to time reversal 
occurs only if the sign of the field # (and of the vector potential A) is changed. 
This means (see §§18 and 60) that ScHRODINGER’s equation His = Ey must 
keep the same form when we take complex conjugates and change the sign of 


+ See The Classical Theory of Fields, §44. 
+ This value of jo can be obtained theoretically from Drrac’s relativistic wave equation. 
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HA. This is immediately evident for all terms in the Hamiltonian (110.4) 
except — §.9@. The term — 8.4 in ScHRODINGER’s equation becomes 
$* .* under the transformation in question, and at first sight this destroys 
the required invariance, since the operator §* is not the same as —8. It must 
be remembered, however, that the wave function is in reality a spinor y-., 
and on time reversal a contravariant spinor must be replaced by a covariant 
one (see §60), so that in ScHRODINGER’s equation the term —8&. HOt is 
replaced by &* . Hib,,.... It is easily seen by means of the definitions (57.4), 
(57.5) that the result of the action of the operator §* on the components of 
the covariant spinor has the opposite sign to that of the operator § on the 
components of the contravariant spinor. The operation of time reversal 
therefore leads to a SCHRODINGER’s equation for the components #),,,, which 
is of the same form as the original equation for the components s44--, 


§111. Motion in a uniform magnetic field 


Let us determine the energy levels of a particle in a constant uniform 
magnetic field (L. D. Lanpau 1930). The vector potential of the uniform 
field is conveniently taken here not in the form (110.6), but as 


Ax a —H y, Ay = A, = 0 (111.1) 


(the z-axis being taken in the direction of the field). 
The Hamiltonian (110.3) becomes 


1 “a py? p2 A 
H = — (pr+eH’y|c+—+4+——— (|s) 80. (111.2) 
2m 2m 2m 


First of all, we notice that the operator ¢, commutes with Hf, and the 
coefficient of §, in (111.2) is a constant, independent of the co-ordinates. 
From the first of these facts it follows that s, is conserved; from the second, 
that the spin and co-ordinate variables in SCHRODINGER’S equation are 
separable. In other words, the eigenfunctions can be represented as products 
of co-ordinate functions with spin functions which correspond to definite 
values o of the component of the spin. For the co-ordinate function ys we 
have the equation 


1 f2 F 22 
[ (bet ertlee+ oe +E — (uloxt |y =p. (111.3) 
m 2m 2m 


The operator (111.2) does not contain the co-ordinates x and z explicitly. 
The operators f, and f, therefore commute with A, i.e. the x and z com- 
ponents of the generalised momentum are conserved. We accordingly seek 
% in the form 


yp = el Mpg t+DzZ)y(y), (111.4) 


The eigenvalues p, and p, take all values from —oo to +00. The momentum 
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p, is related to the velocity by p, = mu, (see (110.9)). Thus the velocity of 
the particle in the direction of the field can take any value; we can say that 
the motion along the z-axis is “not quantised”. The physical significance 
of p,, will be explained below. 
Substituting (111.4) in (111.3), we obtain the following equation for the 
function x(y): 
2m p 2 CHEN 2. 
xls wore —im(—) vex = 0, 
he 2m mc 


where we have introduced the notation 
yo = —Chzle#. 


This equation is formally identical with ScHRODINGER’s equation (23.6) for a 
linear oscillator, oscillating with frequency w = |e|¢%/mc about the point 
y = yo. Hence we conclude immediately that the constant E+(u/s)o# — 
—4p,2/m, which takes the part of the oscillator energy, can have the values 
(n+4)iw, where n is any integer. 

Thus we obtain the following expression for the energy levels of a particle 
in a uniform magnetic field: 


E = (n+h)e|ix|mc+p.2/2m—(u|s)o#. (111.5) 
The corresponding wave functions are (apart from a normalising constant) 
fp = eb MerertDerle iy vl PMH yl (lel [ch)(y—Yo)], (111.6) 


where the H,, are Hermite polynomials. 

The energy given by the first term in (111.5) corresponds to the motion in 
the xy-plane. In classical mechanics this is a motion in a circle about a fixed 
centre. The quantity yo, which is conserved, corresponds to the classical y 
co-ordinate of the centre of the circle. The quantity x) = cp,/e# +x is 
also conserved; it is easy to see that its operator commutes with the 
Hamiltonian (111.2). This quantity xo corresponds to the classical x co- 
ordinate of the centre of the circle.t The operators £9 and 4, however, do 
not commute. In other words, the co-ordinates xo and yo cannot take definite 
values simultaneously. 

Since (111.5) does not contain the quantity p,, which assumes a continuous 
sequence of values, the energy levels are continuously degenerate. However, 
the degree of degeneracy becomes finite if the motion in the xy-plane is 
restricted to a large, but finite, area S =L,L,. The number of (now 


+ For, in classical motion in a circle of radius cmu,/eH# (where vu: is the projection of the velocity 
on the xy-plane; see The Classical Theory of Fields, §21), we have 


Yo = —Cpele#H” = —cmvz[e#’+y. 
It is evident from this that yp is the y co-ordinate of the centre of the circle. The other co-ordinate is 


Xo = cmvy[eH# +x = chyleH? +x. 
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discrete) possible values of p, in an interval Ap, is (L,,/2ah)Ap,. All values 
of p, are admissible for which the orbit centre is inside S (we neglect the 
radius of the circle in comparison with the large quantity L,). From the con- 
dition 0 < yy < L, we have Ap, = e#L,/c. Hence the number of states 
(for given n, p,) is 

eH S/2rhc. 


If the region of motion is bounded in the z-direction also (dimension L,), 
the number of possible values of p, in an interval Ap, is (L,/27h)Ap, and 
the number of states in this interval is 

ecH’'S Lz ‘A eH VApz 

Qmhe 2h" Anh 


For an electron there is an additional degeneracy: putting in (111.5) 
Ho = —|e|h/2mc, we obtain 


E = (n+$+0) |el|4/mc-+- p,2/2m, (111.7) 
where o = +4; it is evident that the levels with n, o = 4andn+1,o0= —} 
are the same. 

PROBLEM 


Find the wave functions of a particle in a uniform magnetic field in states in which it has 
definite values of the momentum and angular momentum in the direction of the field. 


So.uTION. In cylindrical polar co-ordinates p, 4, z with the z-axis in the direction of the 


field, the vector potential has components Ag = 4p, Az = Ay = 0, and SCHRODINGER’s 
equation isf 


R13 / ob 8% 1 OY iehH Ob PA? 
Se (aa aa ea ced ere 
2MLp ap\ ap dz? p? Od2 2Mc 06 =8Me2 
We seek a solution in the form 
xb a R(p)etmoetp,z/h, 
V/ (27) 


obtaining for the radial function the equation 


1 1 eH \2 eH m2 
res [ome-n3-(2) 
p 


2 = 
p*+ —m—— {R= 0. 
2ch ch p2 
Defining a new independent variable € = (e3/2ch) p?, we can write this equation in the form 
m2 
ER’ +R'+ (-1¢+6- mR = 0, 


(2ME~p,2)c 
2heH 
+ The mass of the particle is here denoted by M to distinguish it from the angular momentum m, 


and the charge is, for definiteness, assumed negative and denoted by —e. The spin term is unimportant 
in this problem, and is omitted. 


om 
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As € - © the required function behaves as e~#, and for € 0 as lml/2, Accordingly we 
seek a solution in the form 


R = e-t2GImi/2(Q); 
the equation for w(&) is satisfied by the confluent hypergeometric function 
w = F{—(B—4|m|—4), |m| +1, 8. 


If the wave function is everywhere finite, the quantity B—43|m|—4 must be a non-negative 
integer mp. The energy levels are then given by the formula 
2 


peas ea hep oe pe 
= — m|—4m —, 
Me? 2M 


which is equivalent to (111.5). 


$112. The Zeeman effect 


Let us consider an atom in a uniform magnetic field. Its Hamiltonian 
is of the form 


1 . eh . 
A =— > (PateAg/c)?-+ U(x, 9,2) +-—H - 8a, 
2m . mc a 


where the summations are taken over all the electrons; U(x, y, 2) is the 
energy of interaction of the electrons with the nucleus and with one another.T 
The sum &6&, is the operator § of the total spin of the atom. Denoting 
by H, the Hamiltonian of the atom in the absence of the field, we can re- 
write A in the form 


A = Fy+— > Aa- Bat 


e2 


eh = 
> Ast+— 3.8; 
mec 


a 


mc 2mc2 


we recall that p and A commute in a uniform field with the vector 
potential (110.6). 


Substituting A from (110.6), we obtain 


e2 


é 
H= Hot # « > faX Pat 
a 


8mc2 


eh se 
> (9 xt0)+-—H 8. 
mc 


The vector rq x pa, however, is the operator of the orbital angular momentum 
of the electron, and the summation over all the electrons gives the operator 
AL of the total orbital angular momentum of the atom. Thus 


HY = Ao+po(L +28). +(e/8mc?) & (Hxra)?, (112.1) 
where po is the Bohr magneton. ‘The operator 
fiat = —bo(L +28) (112.2) 


+ In this section we shall denote the charge on the electron by —e. 
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may be regarded as the operator of the “intrinsic” magnetic moment of the 
atom, which it possesses in the absence of the field. 

Let us suppose that the magnetic field is so weak that Ho is small com- 
pared with the distances between the energy levels of the atom, including the 
fine-structure intervals. Then the second and third terms in (112.1) can be 
regarded as a perturbation, the unperturbed levels being the separate com- 
ponents of the multiplets. In the first approximation we can neglect the third 
term, which is quadratic with respect to the field, in comparison with the 
second term, which is linear. 

The magnetic field, by distinguishing a certain direction in space, removes 
the degeneracy of the levels with respect to the directions of the total angular 
momentum J of the atom. By virtue of the axial symmetry of the field, the 
projection of the total angular momentum on the direction of the field is 
conserved, and the different components of the split term are characterised 
by the values M, of this projection. The energy AE of the splitting is 
determined by the mean values of the perturbation in states with the given 
quantum numberst J, L, S and different values of 7: 


AE = po(L+2S).# = po (J+8).30. 
If we take the direction of the magnetic field to be along the z-axis, we have 
AE = po H(Jz+S:). (112.3) 


For the vector J, which is conserved (in the unperturbed state), we have 
simply J; = M. The mean value of S, can easily be found as foll ws. 
It is evident from considerations of symmetry that the mean value S is a 
vector directed parallel to the vector J, the latter being the only one which 
is conserved. Hence we can write S = constant x J. Multiplying both sides 
of this equation by J, we have J. S = J. S = constant x J*, from which the 
constant is determined. Thus 


5. = MAJ. S)/J; (112.4) 


we have omitted the bar over J . S, since this product has a definite value in 
the Russell-Saunders approximation. Here J? is equal to its eigenvalue 
J(J+1), while the eigenvalue of J . S is (see (31.3)) 


J6S = 3/7041) —-L(L41)4+-S(S+1)}. 


Collecting the above expressions and substituting in (112.3), we find the 
following final expression for the energy of the splitting: 


AE = pogMy#, M; = —J,—J+1....,J, (112.5) 
where 
g = 14HU+)—-L(L4+-)4+S(S+ 11/27 J +1) (112.6) 


ft We assume that the case of Russell-Saunders coupling holds for the atomic terms. 
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is what is called the Landé factor or gyromagnetic factor. The splitting of the 
levels in a magnetic field is called the Zeeman effect. We see that the magnetic 
field completely removes the degeneracy (if g # 0), and the magnitude of 
the splitting is proportional to the field. 

The Landé factor for the various components of the multiplet takes values 
lying between those corresponding to J = L+S (if L 2 S): 


(L-+2S)(L+S) > g >(L-2S+1)(L-S+1), 
or between those corresponding to J = StL (if S 2 L): 
(L+28)|(L+S8) >g > (2S+2—L)|(S—L+). 


If there is no spin (S = 0, J = L), g is simply unity;t if L = 0, g = 2. 
For J = 0 (which can occur only for S = L), the expression (112.6) becomes 
indeterminate; the effect, however, is of course absent, since M; = 0 if 
J = 0. The splitting linear with respect to the field vanishes for some terms 
with J ¥ 0 also for which g = 0, e.g. for L = 2S—1, J = S—1(S > 1). 

The derivative —2AE/@# is the mean value of the magnetic moment of 
the atom.{ We see that an atom in a state with a definite value M; of the 
component in some direction of the total angular momentum has a mean 
magnetic moment —y gM, in that direction. 

If the atom has neither spin nor orbital angular momentum (S = L = 0), 
the second term in (112.1) gives no displacement of the level, either in the 
first approximation or in any higher one (since the matrix elements of L 
and S vanish). Hence, in this case, the whole effect arises from the third 
term in (112.1), and in the first approximation of perturbation theory the 
displacement of the level is equal to the mean value 


en —$——— 
AE = — He X14)". 112.7 
rar 2 2) (112.7) 


Putting (7 xr,)? = 37,2 sin?0, where @ is the angle between r, and #, 
and averaging with respect to the directions of r,, we have sin?0 = 1—cos?0 
= 2/3 (bearing in mind that the wave function of a state with L = S = 0is 
spherically symmetrical). Thus 


e2 


12mc2 


AE = 


HY 12 (112.8) 
a 


The derivative —@AE/A# is the magnetic moment acquired by the atom 


+ The splitting described by the general formulae (112.5), (112.6) is often called the anomalous 
Zeeman effect. This unfortunate name arose because, before the spin of the electron was discovered, 
the effect described by formula (112.5) with g = 1 was regarded as normal. 

t See §11, Problem. 
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in the magnetic field. Writing it in the form y 3, we can regard 


e a 
a2 (112.9) 


ne ~ 6me2 


as the magnetic susceptibility of the atom (P. LANGEVIN 1905). It is negative, 
ie. an atom with L = S = 0 is diamagnetic.t 

If J = 0, but S = L # 0, the displacement linear with respect to the field 
again vanishes, but the quadratic effect from the perturbation — pat. # 
in the second approximation exceeds the effect (112.7).t This is because, 
according to the general formula (38.9), the correction to the eigenvalue 
of the energy in the second approximation is given by a sum of expressions 
whose denominators contain the differences between the unperturbed 
energy levels, in this case the fine-structure intervals of the level, which 
are small quantities. We have remarked in §38 that the correction to the 
normal level in the second approximation is always negative. Hence the 
magnetic moment in the normal state is positive, i.e. an atom in the normal 
state with J = 0, L = S ¥ 0 is paramagnetic. 

In strong magnetic fields, where 1) % is comparable with or greater than 
the intervals in the fine structure, the splitting of the levels differs from 
that predicted by formulae (112.5), (112.6); this phenomenon is called the 
Paschen-Back effect. 

The calculation of the energy of the splitting is very simple in the case 
where the Zeeman splitting is large in comparison with the intervals in the 
fine structure but still, of course, small compared with the distances between 
the different multiplets (when it may be shown that we can, as before, neglect 
the third term of the Hamiltonian (112.1) in comparison with the second).|| 
In other words, the energy in the magnetic field considerably exceeds the 
spin-orbit interaction. Hence we can neglect this interaction in the first 
approximation. The projections M, and Mg of the orbital angular momen- 
tum and spin on the z-axis are then conserved, as well as the projection of 
the total angular momentum, so that the splitting is given by the formula 


AE = poH(M,+2Ms). (112.10) 


The multiplet splitting is superposed on the splitting in the magnetic 
field. It is determined by the mean value of the operator AL . 8 (72.4) with 
respect to the state with the given M,, Mg (we are considering the multi- 
plet splitting due to the spin-orbit interaction). For a given value of one of 


ft We may mention that the Thomas-Fermi model cannot be used to calculate the mean square 
distance of the electrons from the nuclei. Though the integral [nr?dr with the Thomas-Fermi density 
n(r) converges, it does so too slowly, and the values obtained are very different from the experimental 
ones. 

£ For S= L + 0, the non-diagonal matrix elements of Lz, Sz for the transitions S,L,J—>S, 
L, J+-1 are not in general zero. 

|| For intermediate cases, where the effect of the magnetic field is comparable with the spin-orbit 
interaction, the splitting cannot be calculated in a general form; the calculation for S = 4 is given in 
Problem 1. 


§112 The Zeeman effect - 431 


the angular momentum components, the mean values of the other two are 


zero. Hence L.S = M, Mg, so that the energy of the levels is given in 
the next approximation by the formula 


AE = pot’(M1+2Ms)+AMLMs. (112.11) 


The calculation of the Zeeman effect in the general case of any type of 
coupling (not Russell-Saunders) is not possible. We can say only that the 
splitting (in a weak field) is linear with respect to the field and proportional 
to the projection M, of the total angular momentum, i.e. it has the form 


AE = pognsMy, (112.12) 


where the g,,; are some coefficients characterising the term in question; 7 
denotes the assembly of all the quantum numbers, except J, which characterise 
the term. Though these coefficients cannot be calculated separately, it is 
possible to obtain a formula, useful in applications, which gives the sum 
Uknz taken over all possible states of the atom with the given electron 
configuration and total angular momentum. 

The quantities g,,//, are the diagonal matrix elements of the operator 
L,+28,, calculated with respect to the wave functions ¢,jy,- The quan- 
tities gg,7M,;, on the other hand (where ggz,z is the Russell-Saunders 
Landé factor (112.6)), are the diagonal matrix elements of the same operator 
with respect to the functions #77 4,- The functions $,7 7, with given J, M; 
can be represented as mutually orthogonal linear combinations of the func- 
tions %e77u, With the same J, M,. The linear transformation of one 
orthogonal set of functions into another is unitary, and leaves unchanged 
the sum of the diagonal elements of the matrix (see §12). Hence we conclude 
that 

X gniMyz = XgsrsMy, 
. SoL 


or, cancelling M, (since g,, and gz 7 do not depend on Mj), 


2X gns = x £sLJ- (112.13) 
is SyL 
The summation is taken over all states with the given value of J which are 
possible for the given electron configuration. This is the required relation. 


PROBLEMS 
PRoBLEM 1. Determine the splitting of a term with S = 4 by the Paschen-Back effect. 


SoLurion. The magnetic field and the spin-orbit interaction have to be taken into 
account simultaneously by perturbation theory, i.e. the perturbation operator ist 


DV =ALS 4+y0( £2428). 


+ We do not include in YP the term proportional to (L. S)? (the spin-spin interaction). It must be 
borne in mind, however, that, for a spin S = 4, the expression (L. )? reduces by virtue of the pro- 
perties of the Pauli matrices (see §55) to L£. . §, and is therefore included in the formula for V as written 
here. 
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As the initial wave functions for the zero-order approximation, we take functions correspond- 
ing to states with definite values of L, S = 4, M1, Ms (L given; Mr = —L,...,L;Ms = +3). 
In the perturbed states, only the sum M; = M t+Ms is conserved (7% commutes with J); 
so that we can ascribe definite values of M, to the components of the split term. 

The values My = L+4 and M; = —(L+4) can occur in only one way each: with 
Mi =L, Ms = $4 and Mi = —L, My, = — 4 respectively. Hence the corrections to the 
energy of the states with these My are simply equal to the diagonal matrix elements 
(MziMs|V |M1Ms) with the indicated values of Mz and Ms. The remaining values of M, can 
occur in two ways each: with Mr, = M;—4, Ms = 3 and with My = My+4, Ms = —}. 
Here two different values of the energy correspond to each My; they are determined from 
the secular equation formed from the matrix elements for transitions between these two states. 


The matrix elements of L . S are calculated by directly multiplying the matrices (Mz|L|M’z) 
and (Ms|S|M’s), and are 


(M,Ms|L .S|M_Ms) = MMs, 
(Mz+2, —4|L .S|Mz—3, 3) = (Mz—4, #L.S|My+4, —4) 


= $V [(L+ Ms +3)(L—Ms+4)). 
In the absence of a magnetic field, the term is a doublet, the distance between the com- 


ponents being « = A(L+4); see (72.6). We take the lower of these levels as the origin of 
energy. Then the final formulae for the levels E M, in the magnetic field are 


Erst = €+poH#(L+1), 
Ett = «—poH(L+1), 


Egy? = 4+ wo Myke VME 1022) + oH? ye|(2L+ 1), 
My; = L—},..., —L+4. 


For small jp #/e we have 


Eyyst = ¢+po#My .2(L+1)/(2L+1), Eu,- = po’My .2L](2L+1), 


in accordance with formulae (112.5), (112.6) (in which we must put S = 4, J = L4+}). 
For large yH/e we have 


: Mye 
Emuj* = pA (My +4)+het ee 


in accordance with (112.11). 


PROBLEM 2. Determine the Zeeman splitting for the terms of a diatomic molecule in 
case a. 


SOLUTION. The magnetic moment arising from the motion of the nuclei is very small in 
comparison with the magnetic moment of the electrons. Hence the perturbation due to the 
magnetic field can be written for the molecule as for a system of electrons, i.e. in the form 
used previously: 7 =y,9? . (f.4+28), where L, S are the electron orbital and spin angular 
momenta. 

Averaging the perturbation with respect to the electron state, we have in case a 


pot n(A+22) = po%n(2Q—A). 


The mean value of mz with respect to the rotation of the molecule is the diagonal matrix 
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element (JMz\|nz|JMz), which is equal to QMy/J(J+1) by (87.1) (with J and © in place of 
K and A). Thus the required splitting is 


_ Q(2Q—A) 
T+) 


J 


ProsLem 3. The same as Problem 2, but for case b. 


SOLUTION. ‘The diagonal matrix elements vA which determine the required splitting 
could be calculated from the general rules given in §87. However, it is simpler and more 
comprehensible to perform the calculation as follows. Averaging the perturbation operator 
with respect to the orbital and electron states, we obtain 


poH(Anz+282) 


(the spin operator is unaffected by this averaging). Next, we average with respect to rotation 
of the molecule; the mean value of nz is given by formula (87.1), and so we have 


poo [{A2/K(K+1)}Kz+287]. 


Lastly, we average with respect to the spin wave function; after the whole averaging, the mean 
values of the vectors must be directed parallel to the total angular momentum J, which is the 
only conserved vector. Hence we have (cf. (112.4)) 


pow Ae 
———— a ——— e 28 e M > 
JU+) Fees J+ i] y 


or finally 


B=-—2 141) ¢K(K+1)-S(S+1)H+ 
JT+1) 2K(K+1) 


+L (J+1)—K(K+ 1)+S(S+1)}] 00M, 


ProBLEM 4. A diamagnetic atom is in an external magnetic field #. Determine the 
strength of the induced magnetic field at the centre of the atom. 


SoLuTIon. For S = L = 0 the Hamiltonian contains no perturbation linear in the field, 
and so the wave function of the atom involves no correction of the first order with respect 
to the magnetic field. The change j’ in the electron current in the atom induced by the 
external magnetic field is due (again in the first approximation with respect to #) only to the 
addition of the term (e/mc)A to the electron velocity operator. We therefore havet 


j = —p(e2/mc)A = —p(e2/2mc) ¥€ xr, (1) 


where p is the electron density in the atom. The magnetic field produced at the centre of the 
atom by this additional current ist 


1 fj xr 
Hoa = -= | dV. 


c r3 


+ This expression corresponds to the Larmor precession of the electron envelope of the atom round 
the direction of the external magnetic field; see The Classical Theory of Fields, §45. 
t See the last footnote to §120. 
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Substituting (1) and averaging in the integrand over the directions of r, we obtain 


H ina = Pav 


3mc2 


is at (0), (2) 


where ¢¢(0) is the potential of the field at the centre of the atom due to its electron envelope. 
In the Thomas—Fermi model ¢e(0) = —1-80Z4/3me3/i2 (see (70.8)), so that 


H ina = —0-60(€2/hic2Z43 7 
= —3-2x 10-5248, 


§113. Spin in a variable magnetic field 


Let us consider an electrically neutral particle having a magnetic moment, 
and situated in a magnetic field which is uniform but varies with time. 
We may have in mind either an elementary particle (a neutron) or a complex 
one (an atom). The magnetic field is supposed so weak that the magnetic 
energy of the particle in the field is small compared with the intervals between 
its energy levels. Then we can consider the motion of the particle as a whole, 
its internal state being given. 

Let § be the operator of the “intrinsic” angular momentum of the particle— 
the spin of an elementary particle, or the total angular momentum J for an 
atom. The magnetic moment operator can be represented in the form 
(110.2). The Hamiltonian for the motion of a neutral particle as a whole can 
be written} 


A = —(p/s)8.H. (113.1) 


In a uniform field, this operator does not contain the co-ordinates 
explicitly{. Hence the wave function of the particle falls into a product of a 
co-ordinate and a spin function. Of these, the former is simply the wave 
function of free motion; in what follows, we shall be interested only in the 
spin part. We shall show that the problem of a particle with any angular 
momentum s can be reduced to the simpler problem of the motion of a 
particle of spin 4(E. Majorana). To do this, it is sufficient to use the method 
which we have already employed in §57. That is, instead of one particle of 
spin s, we can formally introduce a system of 2s “‘particles” of spin 4. The 
operator & is then represented as a sum & &, of the spin operators of these 
“particles”, and the wave function as a product of 2s spinors of rank one. The 
Hamiltonian (113.1) then falls into the sum of 2s independent Hamiltonians: 


H= = Ha, Ag = —(u/s)\¥ 8a, (113.2) 


t We write out only that part of the Hamiltonian which depends on the spin. 

{ These arguments can also be applied to the case where any particle (charged or not) moves in a 
non-uniform magnetic field, if its motion can be regarded as quasi-classical. The magnetic field, which 
varies as the particle moves along its path, can then be regarded simply as a function of time, and we 
can apply the same equations to the variation of the spin wave function. 
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so that the motion of each of the 2s “particles” is determined independently of 
the others. When this has been done, we need only reintroduce the com- 
ponents of an arbitrary symmetrical spinor of rank 2s in place of the products 
of components of 2s spinors of rank one. 


PROBLEMS 


PrRoBLEM 1. Determine the spin wave function for a neutral particle of spin 4, in a uni- 
form magnetic field which is constant in direction but varies in absolute magnitude 
according to an arbitrary law # = H(t). 


SOLUTION. ‘The wave function is a spinor ¥” satisfying the wave equation 
ih dy Ot = —2nHA. SY". (1) 


Taking the direction of the field as the z-axis, we can write this equation in spinor com- 
ponents: 


ih ophot = —pHp, ih dy2/dt = pH? 
Hence 


pl = colin MH dt, Y2 = cyein/MIA at, 


The constants ¢,, ¢, must be determined from the initial conditions and from the normalisa- 
tion condition [,|?+]¥.|? = 1. 


PROBLEM 2. ‘The same as Problem 1, but for a magnetic field constant in absolute mag- 
nitude, whose direction rotates uniformly, with angular velocity w, around the z-axis and at 
an angle @ to it. 


SOLUTION. The magnetic field has the components 
Hy, =H sin 6 cos at, Hy =H sin @sin at, KH,=H cos 8, 


and from (1) we obtain the equations 
bl = iwy(d! cos 0+ p2e-tt sin 8), 


P2 = iwp(pett sin 0—Y2 cos 6), 


where wy= p#/hi. The substitution $1! = e-Motd1, 42 = ettwtg2 converts these equa- 
tions into linear equations with constant coefficients, whose solution gives 


Yl = e-tut/2(cye6Qt/24 coe-tMt/2), 


c c 
Y2 = 2wzetrtl2 sin 0 l SS eint/2 4, ——__* __¢-tat |, 
QO+w+2wy cos 0 Q—w—2wy cos 0 
where 


OQ = V[(w+2ey cos 6)2+4wz? sin?6]. 


§114. The current density in a magnetic field 


We shall now derive the quantum-mechanical expression for the current 
density when charged particles move in a magnetic field. 


15 
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We start from the formula 
8H = —(1/c) fi SA dV, (114.1) 
where j is the current density; this determines the change in the HAMILTON’s 
function of charges distributed in space when the vector potential is varied. 
In quantum mechanics this formula must be applied to the mean value of 
the Hamiltonian of the charged particle: 


H= | Y*[(p—eA/c)2/2m—(p|s) HC . STV AV. (114.2) 


Effecting the variation and bearing in mind that 5% = curl 5A, we find 


e 2 
sH= [»[-<e .oA+5A. p)-+——A.3A WY dV— (wid | curldA.Y*8P dV. 
2mc mc2 


(114.3) 
The term in p. 8A is transformed by integration by parts: 


ftp say dV a= ih[ Y*V(3A.¥) dV 
= ih J SA. LV E* dV 
(the integral over an infinitely distant surface vanishing in the usual way). 


The integration by parts is also used in the last term in (114.3), together 
with the well-known formula of vector analysis 


a.curlb = —div(aXxb)+b. curla. 


The integral of the div term vanishes, so that we have 


| weep, curlSAdV = i SA. curl(¥*8¥) dV. 


The final result is 
ieh e2 
sf = dA. (VV P*—P*F VY) av+—_[ A.sAYy* dV— 
2mc mec2 


—(p/s) | SA. curl(Y*sY) dV. 


+ Lacrancer’s function for a charge in a magnetic field contains a term ev. Alc, or, if the charge is 
distributed in space, (1/c) fj. AdV. 
The change in the LAGRANGE’s function when A is varied is therefore 


8L = (1/c) [i-3a dV. 


An infinitely small change in HAMILTON’s function is, however, equal to the change in LAGRANGE’s 
function, taken with the opposite sign (see Mechanics, §40). 
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Comparing this expression with (114.1), we find the following expression 
for the current density: 


e fi 2 
ee (VEY 8) AVE (u/$)¢ curl(P*SF), (114.4) 
m mec 


We emphasise that, though this expression contains the vector potential 
explicitly, it is nevertheless one-valued, as it should be. This is easily seen 
by direct calculation, recalling that the transformation (110.7) of the vector 
potential must be accompanied by the transformation (110.8) of the wave 
function. 

The expression (114.4) is the mean value of the current. It may be 
regarded as a diagonal matrix element of the current density operator. The 
non-diagonal matrix elements of this operator can then be determined also. 
These are evidently 


. teh e “ 
Jnm = —(Ym VP nt —Pn* V¥E'm)—-—A¥ m¥n + 
2m me 


+-(u/s)c curl(Yy *8E'mn). (114.5) 


CHAPTER XVI 
NUCLEAR STRUCTURE 


§115. Isotopic invariance 


THERE is as yet no complete theory of nuclear forces—that is, the forces which 
act between nuclear particles or nucleons and hold them together in the nucleus 
of an atom. In consequence, to describe nuclear forces it is still necessary to 
rely on experiment to a much greater extent than would be needed if a con- 
sistent theory were available. 

The two types of particle which are nucleons differ mainly in their electrical 
properties, the proton (p) having a positive charge, while the neutron (#) is 
neutral. They have the same spin }, and their masses are almost equal (1836.1 
and 1838.6 electron masses respectively). This similarity isno accident. Despite 
the difference in electrical properties, the proton and the neutron are very 
similar particles, and this similarity is of fundamental importance. 

It is found that, apart from the relatively weak electric forces, the forces 
of interaction between two protons are very similar to those between two 
neutrons. This is called the charge symmetry of nuclear forces.T 

In so far as this symmetry is maintained we can, in particular, say that 
systems of two protons (pp) and two neutrons (7m) have states whose properties 
are the same. Here, of course, it is important that protons and neutrons obey 
the same statistics (namely Fermi statistics) and so only states with the same 
symmetry of the wave functions #(r1, 01; £2, 62) are permissible for the pp 
and nn systems, namely those antisymmetrical with respect to a simultaneous 
interchange of the co-ordinates and spins of the particles. 

Charge symmetry is, however, only one of the manifestations of a still more 
far-reaching physical similarity between protons and neutrons, known as 
isotopic invariance. This leads to the existence of an analogy not only between 
pp and nn systems (obtained from one other by interchanging all protons 
and neutrons), but also between these and the pn system, which consists of 
different particles. ‘There cannot be a complete analogy here, of course, 
since the possible states of the pu system, in which the particles are non- 
identical, are certainly not restricted to those with antisymmetrical wave 
functions. It is found, however, that among the possible states of the pn 
system there are some whose properties are almost exactly the same as 
those of systems of two identical nucleons}; these states are, of course, 
described by antisymmetrical wave functions (the remaining states of the 


+ It appears, in particular, in the similarity of the properties (binding energy, energy spectrum, etc.) 
of what are called mirror nuclei, i.e. those which differ in that the numbers of protons and neutrons are 
interchanged. 

t This was first shown from an analysis of experimental data on the scattering of neutrons and 
protons by protons (G. Breit, E. U. Conpon and R. D. PRESENT 1936). 
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pn system are described by symmetrical wave functions and do not occur in 
the pp and mm systems). 

Isotopic invariance, like charge symmetry, is valid only if electromagnetic 
interactions are neglected. Another reason why isotopic invariance is only 
approximately true is the slight mass difference between the neutron and the 
proton; if there were exact symmetry between neutrons and protons, their 
masses would of course be identical also. Isotopic invariance is in practice 
valid to a high degree of accuracy for fairly light nuclei, while for heavier 
nuclei the accuracy diminishes owing to the greater relative importance of 
the Coulomb interaction of the protons in the nucleus (which increases 
as the square of the atomic number). 

A convenient formalism may be used to describe the isotopic invariance. 
It follows naturally from the fact that isotopic invariance is equivalent to 
the possibility of classifying the states of a system of nucleons with respect 
to the symmetry of its co-ordinate-spin wave functions %, independent of the 
types of nucleons concerned. The required formalism must therefore enable 
us to define for the description of the states of the system a new quantum 
number which uniquely determines the symmetry of the functions %. A 
similar situation has already been encountered in connection with the pro- 
perties of a system of particles with spin 3. We have seen in §63 that, if the 
total spin S of such a system is specified, then the symmetry of its co-ordinate 
wave function ¢ is uniquely determined, regardless of which of the two possible 
values ( + 4) is taken by the component o of the spin of each particle. 

It is therefore reasonable that, for a formal description of isotopic in- 
variance, the neutron and the proton should be regarded as two different 
“charge states” of one particle, the nucleon, differing in the value of the 
component of a new vector t, whose formal properties are analogous to those 
of the vector of spin 4. This new quantity, which is usually called the 
isotopic spin,t is a vector in ‘‘isotopic space” £, 7, ¢ (which, of course, is not 
related in any way to real space). Its physical meaning is not yet clear, 
however, and will become evident only when a consistent theory has been 
created. 

The component of the isotopic spin of a nucleon along the ¢-axis can take 
only the two values tr; = +4. The value +} is arbitrarily assigned to the 
proton and —# to the neutron. The isotopic spins of several nucleons add 
to give the total isotopic spin of the system in accordance with the same 
rules as for the addition of ordinary spins. The ¢-component of the total 
isotopic spin of the system is equal to the sum of the values of zz for the 
component particles. For a nucleus in which the number of protons (i.e. the 
atomic number) is Z, the number of neutrons N and the atomic weight 
A = Z+N we have 

Ty = X1y = 4(Z—N) = Z-}4A, (115.1) 


+ In reality this mass difference between the neutron and the proton is probably also electro- 
magnetic in origin. 

} First used by W. HEISENBERG (1932), and applied to the description of isotopic invariance by B. 
CassEN and E. U. Conpon (1936). 
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i.e. Tz gives the total charge of the system if the number of nucleons is fixed. 
It is therefore clear that there is a strict conservation of the quantity T;, 
which simply expresses the conservation of charge. 


The absolute magnitude T of the isotopic spin of the system determines 
the symmetry of the “charge part’’ w of the wave function of the system, just 
as the total spin S determines the symmetry of the spin wave function. It 
therefore determines also the symmetry of the co-ordinate-spin (i.e. the 
ordinary) wave function #, since the total wave function of a system of 
nucleons (i.e. the product %w) must have a definite symmetry; as for all 
fermions, it must be antisymmetrical with respect to simultaneous inter- 
change of the co-ordinates, spins and ‘‘charge variables’”’ rz of the particles. 
The existence of a definite symmetry of the wave functions ¢ of any system of 
nucleons is therefore expressed, in this treatment, by the conservation of the 
quantity T. 

We can say, in other words, that isotopic invariance signifies the invariance 
of the properties of the system with respect to rotations in isotopic space. 
States differing only in the value of Tz (with T and the remaining quantum 
numbers having given values) have identical properties. In particular, charge 
symmetry—the invariance of the properties of the system with respect to the 
replacement of neutrons by protons and vice versa—, being a particular case 
of isotopic invariance, is described as invariance with respect to a simultan- 
eous change of sign of all the zz, i.e. with respect to rotation in isotopic 
space through an angle of 180° about an axis lying in the &y-plane. 


It may be noted that the obvious violation of isotopic invariance by the 
Coulomb interaction is also formally evident from this treatment. The 
Coulomb interaction depends on the charge, i.e. on the €-components of 
the isotopic spin, which are not invariant with respect to rotations in &n{- 
space. 


Let us consider, for example, a system of two nucleons. Its total isotopic 
spin can take the values J = 1 and T = 0. For T = 1, the possible values 
of the component JT; are 1,0, —1. According to (115.1), the corresponding 
charge values are 2, 1, 0, i.e. a system with T = 1 may be pp, pm or nn. The 
charge part w of the wave function with T = 1 is symmetrical (just as a 
symmetrical spin function corresponds to a spin S = 1; cf. §62). Hence 
states with antisymmetrical ordinary wave functions % correspond to the 
value T = 1. For T = 0 we can only have JT; = 0, and the corresponding 
function w is antisymmetrical; this therefore relates to states of the pn 
system with symmetrical wave functions ¢. 


The isotopic spin corresponds to an operator t which acts on the charge 
variable rz in the wave function, just as the spin operator § acts on the spin 
variable co. By virtue of the complete formal analogy between the two, 
the operators 7;,7,,7¢ are given by the same Pauli matrices (55.6) as the oper- 
ators Sz, Sy, Sz. 

Here we may note some combinations of these operators which have a 
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simple and evident meaning. The sum 


70 1 
r= tetity=(( - 


is an operator which, acting on a neutron wave function, converts it into a 
proton wave function, and acting on a proton wave function gives zero. 


Similarly, the operator 
: 6 ) 
- = Fr—-1l7, = 
T TE Ty 1 0 


converts a proton into a neutron and “annihilates” a neutron. Finally, the 


operator 
} (; ) 
+7 = 
~~ \o 0 


leaves a proton wave function unchanged and annihilates a neutron; on 
multiplication by e, it may be called the nucleon charge operator. 

We shall also show that the operator P of the > interchange of two particles 
may be expressed in terms of the operators 71, t2 of their isotopic spins. 
By definition, the result of the action of the interchange operator on the wave 
function (11, 61; Fz, 62) of the system of two particles consists in interchang- 
ing their co-ordinates and spins, i.e. interchanging the variables r1, 01 and 
Ye, 62. The eigenvalues of this operator are + 1, and occur when it acts on a 
symmetrical or antisymmetrical function #: 


Pyhoym = Ysym3 Pant = —Yant- (115.2) 


We have seen above that the functions sym and fant correspond to charge 
functions wr with values of the total isotopic spin T = 0 and T = 1. Hence, 
in order to put the operator P in a form in which it acts on charge variables, 
it must have the properties 


Pwo = 9, Po. = — 0. (115.3) 


These conditions are satisfied by the operator 1-T?, as is easily seen by 
noting that wr is the eigenfunction of the operator T? corresponding to the 
eigenvalue 7(T+1). Finally, writing T = Ti+. and using the fact that «1 
and = have the same definite values 7(7+1) = 3, we find the required ex- 
pressiont 


P =1—T? = —4-24). 42. (115.4) 
For the matrix elements of different physical quantities in a system of 


nucleons there are certain selection rules for the isotopic spin (L.A. RADICATI 
1952). Let - be some quantity (of any tensor rank) having the property of 


+ An operator of this form derived from the ordinary spins of the particles has already been met 
in §62, Problems. 
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additivity, in the sense that its value for the system is equal to the sum of its 
values for the individual nucleons. We write the operator of such a quantity 
as 


P= Zn Zhns 


where the summations are over all protons and all neutrons in the system. 
This expression can be written in the identical form 


F = 2a+A)fot a—*)fn 
=4$2(fotfn)t+ Ufo—fnig : (115.5) 


where the summation in each term is over all nucleons (both protons and 
neutrons). The first term in (115.5) is a scalar; the second is the {-component 
of a vector in isotopic space. The same selection rules therefore apply to them, 
with respect to the isotopic spin, as to scalars and vectors in ordinary space 
with respect to the orbital angular momentum (see §29): the isotopic scalar 
allows only transitions without change of 7; the ¢-component of the isotopic 
vector has matrix elements only for transitions in which AT = 0 or +1, 
and in addition transitions with AT = 0 are forbidden between states with 
T, = 0, i.e. systems with the same number of neutrons and protons; the 
latter rule follows from the fact that the matrix element of a transition with 
AT = 0 is proportional to T; (see (29.7)). 

For example, for the dipole moment of the nucleus the quantities fp are 
the products er, and fy = 0. The first term in (115.5) is then 


deXr = (e/2m) Xmr, 


is therefore proportional to the radius vector of the centre of mass, and can 
be made to vanish by a suitable choice of the origin. Thus the dipole moment 
of the nucleus reduces to the -component of the isotopic vector. 


§116. Nuclear forces 


The principal characteristic of the specifically nuclear forces which act 
between nucleons is their short range of action: they decrease exponentially 
at distances of the order of 1-5 x 10-18 cm. 

In the non-relativistic limit we can say that nuclear forces are independent 
of the velocities of the nucleons and have a potential. It must be borne in 
mind, however, that for actual nuclei the accuracy of the non-relativistic 
approximation is relatively low, since the velocities of the nucleons in the 
nucleus are about one-quarter of the velocity of light (see below). 

The potential energy U of the interaction of two nucleons depends not 
only on the distance r between them but also quite strongly on their spins.f 
The precise dependence on 7 could, of course, be established only by a 


t In this respect the interaction of nucleons differs considerably from the interaction of electrons, 
for which the spin-spin interaction is purely relativistic and is small (in atoms). 
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consistent theory of nuclear forces. The nature of the spin dependence, 
however, can be found from simple considerations based on the properties of 
spin operators. 

We have at our disposal only three vectors on which the interaction energy 
U can depend: the unit vector n in the direction of the radius vector between 
the two nucleons, and their spins s; and sz. According to the general proper- 
ties of an operator of spin }, any function of it reduces to a linear function 
(§55). It must also be taken into account that the product n,s is not a true 
scalar but a pseudo-scalar (since n is a polar vector and s an axial vector). 
Thus it is evident that only two independent scalar quantities linear in each 
of the spins can be constructed from the three vectors n, $i, S2, namely 
S}.S2 and (n.s;) (n.sz). 

Consequently, the operator of the interaction of two nucleons, as regards 
its dependence on the spins, can be written as the sum of three independent 
terms: 


U ora = Uy(r) + Uo(r) (81-82) + Ua(r)[3(81.n)(82.m) — 81.82], (116.1) 


of which two depend on the spins and one does not. The third term is here 
written in a form which gives zero on averaging over the directions of n. 
The forces described by this term are usually called tensor forces. 

In (116.1) we have used the suffix ord (for “ordinary’’) in order to emphasise 
the fact that this operator does not affect the charge state of the nucleons. 
There is another possible interaction which converts a proton into a neutron 
and vice versa. The operator of this “exchange’’ interaction differs in form 
from (116.1) by the presence of the particle interchange operator (115.4): 


U excn= {Ua(r) + Us(r)(81.82) + Us(r)[3(81-)(82.m) — 81.8 ]}P. (116.2) 
The total interaction operator is the sum 


U = Uora + Uexen- (116.3) 


Thus the interaction of two nucleons is described by six different functions 
of the distance between them. All these terms are in general of the same 
order of magnitude. 

The spin operators appearing in (116.1) and (116.2) can be expressed in 
terms of the total-spin operator S. By squaring the Sauations § = +8 
and S.n = §).n+§2.n and using the results sf = s = 3, (81.n)? = (Se.n)? 
= } (see (55.10) and (55.11)), we find 


$1.82 = 4(S2—8), (81.n)(8e.n) = 4[(S.n)?—-4]. (116.4) 


The operator 82 commutes with the operator §, and so the interactions 
described by the first two terms in (116.1) and (116.2) conserve the total 
spin vector of the system. The tensor interaction contains the operator 
(S.n)2, which commutes with the square §? but not with the vector § itself. 
In consequence, only the magnitude of the total spin is conserved, not its 
direction. | 
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The total spin S of a system of two nucleons can take the values 0 and 1, 
as can the total isotopic spin T. Hence all possible states of this system fall 
into four groups with various pairs of values of S and T. For states in each 
of these groups there is an interaction operator of the form A(r) (for S = 0) 
or A(r)+B(r) [(S.n)2— 3] (for S = 1), to which the general operator (116.3) 
reduces in these cases (see Problem 1).t 

For given values of S and T the states of the system are classified with 
respect to the values of the total angular momentum J and the parity. As 
we know, the values J = 0 and T = 1 correspond to the states with sym- 
metrical and antisymmetrical wave functions % respectively. Since, on the 
other hand, the value of S determines the symmetry of the wave function 
with respect to the spin variables (symmetrical for S = 1 and antisymmetrical 
for S = 0), it is clear that, if the two numbers S and T are specified, the 
symmetry of the wave function with respect to the space variables (i.e. the 
parity of the state) is also determined. Evidently the states of the system with 
isotopic spin JT = 0 can only be even triplets (S = 1) or odd singlets (S = 0), 
while those with isotopic spin T = 1 are odd triplets or even singlets. 

Since the spin, as a vector, is not conserved, the orbital angular momentum 
also need not in general be conserved; only the sum J = L+S is conserved. 
Nevertheless, the magnitude L may be conserved simply because specified 
values of J, S and the parity (or J, S and T) may be compatible with only 
one particular value of L (the parity of a system of two particles, it will be 
remembered, is (—1)#). For example, an odd state with S = 1, J = 1 can 
only have L = 1, ie. it is 3P;. In other cases two different values of Z may 
correspond to given values of J, S and the parity, so that L is not conserved. 
For example, in an odd state with S = 1, J = 2 we can have L = 1 or 
L = 3, ie. it is a superposition 3P2+3F2. 

Thus we arrive at the following possible states of a system of two nucleons 
(the signs + indicating the parity): 


for T = 1: 3Po-,3P1-, (?P2 +3F. 2)~> 3F3-, ... ; 
1So*, 1D>*, 1G4", wee y 

for T = 0: (2S1+3Dj)*, 3Dot, (83D3+2G3)*, “arg 
1P,-, 1F3-, eevee 


Nuclear forces are not in general additive. This means that the interaction 
in a system of more than two nucleons does not reduce to a sum of inter- 
actions between each pair of particles. It seems, however, that ternary and 
higher interactions are relatively unimportant in comparison with binary 


+ The experimental data concerning the properties of the deuteron show that for T=0,S =1 
the nucleon interaction involves a strong attraction with a deep “potential well” (the presence of 
tensor forces makes it difficult to formulate this fact in terms of properties of the functions A(r) and 
B(r)); in addition, it follows from the sign of the observed quadrupole moment of the deuteron 
that in this state the coefficient B(r) in the tensor forces is negative. From nucleon scattering data it 
follows that for T = 1, S = 0 there is also an attraction, but one which is weaker and, in particu- 
lar, does not lead to the formation of a stable system of two particles. 
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interactions, and so, in discussing the properties of complex nuclei, we can 
to a considerable extent take as basis the properties of binary interactions. 

Experimental data on nuclei show that, as the number A of particles in- 
creases, the system of nucleons begins to behave like a macroscopic “nuclear 
matter’’, whose volume and energy increase in proportion to A (apart from 
effects due to the Coulomb interaction of protons and the existence of a free 
surface of the nucleus). The property of nuclear forces which gives rise to 
this phenomenon is called saturation. 

The existence of this property imposes certain restrictions on the functions 
U;,...,U6 which determine the binary interactions of nucleons. Let us 
suppose that all the particles are concentrated in a volume whose dimensions 
are of the order of the radius of action of nuclear forces. ‘Then every pair of 
particles interact. If there is a configuration of certain nucleons (and an 
orientation of their spins) for which attractive forces act between every 
pair, then the potential energy of such a system is negative and proportional 
to A2; the kinetic energy is positive and proportional to 45/3, a smaller 
power of A.t It is clear that under such conditions a sufficiently large 
number of nucleons will in fact be concentrated in a small volume independ- 
ent of A, i.e. will not form nuclear matter. The condition for saturation of 
nuclear forces must therefore be expressed as the conditions for the absence 
of configurations leading to a negative interaction energy proportional to 
A? (see Problem 2). 

The proportionality between the volume of nuclear matter and the number 
of particles is expressed by a relation of the form 


R= Aus, (116.5) 


which connects the radius R of the nucleus and the number A of particles 
in it. Experimental data} lead to the value ro = 1-1 x 10-13 cm. 

We may determine the limiting momentum of nucleons in nuclear matter 
(cf. §70). The volume of phase space corresponding to particles in unit 
volume of physical space and with momenta p< po is 47p3/3. Dividing by 
(2h)?, we obtain the number of “‘cells”’ in each of which two protons and 
two neutrons can be simultaneously. Putting the number of protons equal 
to the number of neutrons, we obtain 4(47/3)(po/27h)® = A/V, where V is 
the volume of the nucleus. Substitution of (116.5) gives 


po =(372A/2V)V 3K 
= 1:3 x 10-14 g.cm/sec. 


The corresponding energy p?/2m,, where mp is the nucleon mass, is ~ 40 
MeV, and the velocity po/my ~ fc. 


+ The density m at which the particles are concentrated in a given volume is proportional to their 
number A, and the kinetic energy of each particle is proportional to n2/8 (cf. (70.1)). The total kinetic 
energy is therefore ~ 4.A%/8, 

{ On the scattering of electrons by nuclei. 
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PROBLEMS 


PROBLEM 1. Find the operators of the interaction of two nucleons in states with definite 
values of S and T. 


SOLUTION. The required operators Usr are obtained from the general expression (116.1) 
—(116.3), using (115.3) and (116.4): 


Uoo = U1— 3U2+ Us—2Us, 

Uo1 = U1 — 3U2— Us4 3Us, 

U9 = U1 + $U2+ Ust+4U5+ 
+4(Us+ Us)[3(S.n)?—2], 

U1 = U,+4U2—Us—4U5+ 
+4(U3— U¢)[3(S.n)2—2]. 


PROBLEM 2. Find the conditions for the saturation of nuclear forces, assuming tensor 
forces absent. The radii of action of forces of all other types are supposed equal. 


SoLuTION. Let us consider some extreme cases (between which lie all other possible 
cases) for the state of a system of A nucleons, and write down the conditions for the inter- 
action energy of an “‘average’’ pair of nucleons in this system to be positive. 

Let the total spin and the isotopic spin of the nucleus have the greatest possible values: 
Snue = Tnauc = $A (when all the particles in the system are protons with their spins parallel). 
Then for each pair of nucleons we have S = T = 1, and the condition is 


Uy > 0. (1) 


Next, let Thue = 4A, Snuc = 0. Then for each pair of nucleons T = 1, and the mean value 
of sz for an individual nucleon is zero. The latter result means that the nucleon can have 
Sz = 4 and sz = —4 with equal probability; under these conditions the probabilities that a 
pair of nucleons are in states with S = 0 or 1 are respectively + and 2? (being proportional to 
the number 2,8+1 of possible values of Sz). The condition for the mean energy of the pair 
to be positive is therefore 


4U01 + 2Un > 0. (2) 
Similarly, a discussion of the state with Tnuc = 0, Snuc = 4A gives the condition 
4U 39+ 2U11 > 0. (3) 


In a state with Thuc = Snue = 0, the probability for a pair of nucleons to have S = T = 1 
is 2. 3, that for T = 1, S = Ois }.4, and soon. Hence we find the condition 


9 3 1 
— Uio+ Uo1)+—Uoo > 0. 4 
i uta 10+ Uo1) rade (4) 


Finally, let the system consist of 44 protons and $A neutrons, with the spins of all the 
protons in one direction and the spins of all the neutrons in the other direction. An individual 
nucleon can with equal probability be p or n, i.e. have tz = 4 or t¢- = —4; the probability 
for a pair of nucleons to have T = 0 is 4. Here one of the pair of nucleons is p and the other 
n, and hence Sz; = 0. This value of Sz can occur with equal probability from states with 
S = Oand S = 1. Consequently the probabilities for the pair to be in the states with T = 0, 
S =0 and T=0, S =1 are each + .4 =}. The probability of the state with T = 1, 
S' = 0 is the same, and the remaining § relates to the state with T = S = 1. Thus we have 
the condition 


4(Uo0+ Uoit+ Ui0o)+3U11 > 0. (5) 


The inequalities (1)—(5) form the required set of conditions for the saturation of nuclear 
forces. 
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§117. The shell model 

Many properties of nuclei can be well described by means of the shell 
model, which is basically similar to the structure of the electron shells of an 
atom. In this model each nucleon in the nucleus is regarded as moving in 
a self-consistent field due to all the other nucleons; owing to the small radius 
of action of nuclear forces, this field decreases rapidly outside the volume 
bounded by the “‘surface’’ of the nucleus. Accordingly the state of the nucleus 
as a whole is described by specifying the states of the individual nucleons. 

The self-consistent field is spherically symmetrical, and the centre of 
symmetry is, of course, the centre of mass of the nucleus. The following 
difficulty arises here, however. In the self-consistent field method, the wave 
function of the system is constructed as the product (or the appropriately 
symmetrised sum of the products) of the wave functions of the individual 
particles. Such a function, however, does not keep the centre of mass fixed: 
although the mean velocity of the centre of mass calculated from this function 
is zero, it gives a finite probability of non-zero values of the velocity.t 

The difficulty can be avoided by first eliminating the motion of the centre 
of mass in calculating any physical quantity by means of the wave functions 
(11, ..., £4) of the self-consistent field method. Let f(ri,pi) be some physical 
quantity, a function of the co-ordinates and momenta of the nucleons. Then, 
in calculating its matrix elements by means of the functions %, we must, 
without changing #(r;), alter the arguments of the function f as follows: 


r,>1,—R, pi>pi—P/A, (117.1) 


where R is the radius vector of the centre of mass of the nucleus, A the 
number of particles in it, P the momentum of its motion as a whole (the 
second change in (117.1) corresponds to subtracting the velocity V of the 
centre of mass from the velocities vj of the nucleons, the momentum P 
being related to V by P = AmpV).t 

For example, the dipole moment operator of the nucleus is d = erp, 
where the summation is over all protons in the nucleus. To calculate its 
matrix elements in the self-consistent field method, this operator must be 
replaced by eX(rp)—R). The co-ordinates of the centre of mass of the nucleus 
are 


1 
R= aeee Urn), 


where the summation is over all protons and neutrons. Since the number of 
protons in the nucleus is Z, the dipole moment operator must finally be 
changed thus: 


= 1 2 p> 25 117.2 
eLtp > e( = 4? a ae ea (117.2) 


+ For electrons in an atom this difficulty did not arise, because the centre of mass coincided in 
position with the fixed heavy nucleus, and was therefore necessarily at rest. 

t A rigorous justification of this procedure is given by S. GarTENHAUs and C. SCHWARTZ, Physical 
Review 108, 482, 1957. 
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The protons appear here with an “effective charge’ e(1—Z/A) and the 
neutrons with a “‘charge”” —eZ/A. It may be noted that the relative order of 
magnitude of the resulting correction terms in the calculation of the dipole 
moment is seen from (117.2) to be unity. The corrections in the calculation 
of the magnetic and higher electric multipole moments are easily found to be 
of relative order 1/A. 

In the non-relativistic approximation the interaction of a nucleon with the 
self-consistent field is independent of the spin of the nucleon: such a depend- 
ence can be given only by a term proportional to 8.n, where n is a unit 
vector in the direction of the radius vector r of the nucleon, and this product 
is a pseudo-scalar, not a true scalar. 

A dependence of the nucleon energy on the spin appears, however, when 
relativistic terms depending on the velocity of the particle are taken into 
account. The largest of these is the term linear in the velocity. From the 
three vectors s, n and v a true scalar n x v.s can be formed. The “‘spin-orbit 
coupling” operator of the nucleon in the nucleus is therefore 


Va = —d(r)nx¥.8, (117.3) 


where ¢ (7) is some function of r. Since mpr x v is the orbital angular momen- 
tum fil of the particle, the expression (117.3) can also be written as 


Pa= —f(yls, (117.4) 


where f = fid/rmy. It should be emphasised that this interaction is of the 
first order in v/c, whereas the spin-orbit coupling of an electron in an atom 
is a second-order effect (§72). This difference is due to the fact that nuclear 
forces depend on the spin even in the non-relativistic approximation, whereas 
the non-relativistic interaction of electrons (Coulomb forces) is not spin- 
dependent. 

The energy of the spin-orbit interaction is mainly concentrated near the 
surface of the nucleus, i.e. the function f(r) decreases inside the nucleus. 
This is because, in infinite nuclear matter, there would be no such interaction 
at all, as is clear from the fact that, the system being homogeneous, there is 
no preferred direction in it which could be that of the vector n. 

The interaction (117.4) brings about a splitting of the nucleon level with 
orbital angular momentum / into two levels with angular momenta j = /+ 4. 

Since 

ls = 4 for j = 1+4, 


= —}(1+1) forj =1-} 


(117.5) 


(according to formula (31.2)), the amount of this splitting is 
AE — Ey-4— Ey 
= f(r\(I+}). (117.6) 
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Experiment shows that the level with j = 144 (the vectors 1 and s parallel) 
is below the level with j = J— 4; this means that f(r) > 0. 

The averaging of the function f(r) in (117.6) is with respect to the radial 
part of the wave function of the nucleon. Since f(r) decreases rapidly inside 
the nucleus, the main contribution tof comes from the region near the surface. 
The quantity f(R) is inversely proportional to the radius R of the nucleus 
(the factor 1/R appearing in the derivation of (117.4) from (117.3)), and a 
further factor 1/R in f is given by the fraction of the volume of the nucleus 
which is in a layer near the surface. The amount of the splitting (117.6) 
increases with J, not only on account of the factor /+4 but also because of 
the increased probability of finding the nucleon near the surface of the 
nucleus. 

The spin-orbit coupling of a nucleon in the nucleus is relatively weak in 
comparison with its interaction in the self-consistent field. It is, nevertheless, 
in general large compared with the energy of the direct interaction of two 
nucleons in the nucleus, on account of the more rapid decrease of the latter 
with increasing atomic weight. 

This relation between the energies of the various interactions has the 
result that the classification of the nuclear levels must be of the jj coupling 
type:} the spins and orbital angular momenta of the various nucleons are 
added to give the total angular momenta j = 1+s, which are definite 
quantities, since the relation between 1 and s is not affected by the direct 
interaction between the particles. The vectors j of the individual nucleons 
are then added to give the total angular momentum J of the nucleus (usually 
called simply the nuclear spin, as if the nucleus were an elementary particle). 

In this respect the classification of nuclear levels differs essentially from 
that of atomic levels: in the electron shells of the atom, the relativistic 
spin-orbit coupling is in general small in comparison with the direct electric 
and exchange interactions, and so the level classification is usually based 
on LS coupling. 

The state of each nucleon in a nucleus, however, is described by its angular 
momentum j and its parity. Although the vectors 1 and s are not separately 
conserved, the absolute magnitude of the orbital angular momentum of the 
nucleon is nevertheless definite. For the angular momentum j can arise 
either from a state with / = j—} or from one with / =j +4. For a given 
(half-integral) j, these two states have different parities (—1)!, and so, if 
j and the parity are specified, the quantum number / is determined also. 

The states of nucleons with given / and j are customarily numbered (in 
order of increasing energy) by the “principal quantum number’’ n, which 
takes integral values starting from 1.{ The various states are denoted by the 
symbols 15;, 1p;, 1p4, etc., where the figure before the letter is the principal 


+ This has been established from an analysis of experimental data by M. GOprERT-MAYER (1949) 
and O. Haxzt, J. H. D. Jensen and H. E. Sugss (1949). 

+t Unlike the usual procedure for electron levels in an atom, where the number n takes values 
starting from /-+1. 
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quantum number, the letters s, p, d, ... indicate as usual the value of J, and the 
suffix is the value of 7. Not more than 2+ 1 neutrons and the same number 
of protons can simultaneously be in a state with given values of n, J and j. 

The states of the nucleus as a whole (in a given configuration) are 
customarily described by a figure giving the value of J and the sign + or — 
indicating the parity of the state (the latter being determined in the shell 
model by the parity of the algebraic sum of the values of J for all the nucleons). 

From an analysis of experimental data concerning the properties of nuclei 
it is possible to derive a number of regularities in the positions of the nuclear 
levels. First of all, it is found that the energy of the nucleon increases with 
the orbital angular momentum /. This rule arises because, when / increases, 
so does the centrifugal energy of the particle, and its binding energy is there- 
fore reduced. 

Next, for a given value of / the level with 7 = 1+ 4 (i.e. that which corres- 
ponds to parallel vectors 1 and s) lies below the level with j = 1-4. This 
rule has already been mentioned in connection with the properties of the 
spin-orbit coupling of the nucleon in the nucleus. 

The following rule relates to the isotopic spin of nuclei. The component 
Tz of the isotopic spin is known to be determined by the atomic weight and 
atomic number of the nucleus (see (115.1)). For a given value of Tz, the 
absolute magnitude of the isotopic spin can take any value such that 
T > | Tz|. It is found that the ground state of the nucleus has the smallest 
of these possible values of the isotopic spin, i.e. 


Ter =|T;| =1(N-Z). (117.7) 


This rule applies, of course, only to nuclei which are not too heavy, where 
the Coulomb interaction is not so important as to infringe the conservation of 
isotopic spin. It is due to a property of the neutron-proton interaction, 
namely that in the mp system the state with isotopic spin 7’ = 0 (the deuteron 
state) has a greater binding energy than the state with 7 = 1; see the second 
footnote to §116. 

We can also formulate certain rules relating to the spins of the ground 
states of nuclei. These rules determine the way in which the angular momenta 
j of the individual nucleons add to give the total spin of the nucleus. They 
represent the tendency of protons or neutrons in like states in the nucleus 
to “pair off” with opposite angular momenta; the binding energy of such 
pp and nn pairs is of the order of 1 or 2 MeV. 

This phenomenon has, in particular, the result that, if the nucleus contains 
even numbers of both protons and neutrons (an “‘even-even’’ nucleus), then 
the angular momenta of all the nucleons balance in pairs, so that the total 
angular momentum of the nucleus is zero. 

If the nucleus contains an odd number of protons or neutrons, however, 
with all nucleons outside closed shells being in like states, the total angular 
momentum of the nucleus is usually equal to that of one nucleon, as if a 
single nucleon were left over after the “pairing’’ of all possible pairs of 
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protons and of neutrons (the total angular momenta of complete shells being 
automatically zero). 

Finally, if both Z and WN are odd, and all nucleons outside closed shells 
are again in like states, J is usually equal to twice the angular momentum of 
one nucleon, as if one proton and one neutron were left over after pairing, 
with their angular momenta parallel, so that, from the properties of nuclear 
forces (see the second footnote to §116), the binding energy is increased in 
comparison with the case of antiparallel angular momenta. 

A discussion of the actual manner in which the shells are filled in nuclei 
would require a detailed analysis of the available experimental data and is 
outside the scope of this book. Here we shall add only some general remarks. 

In studying the properties of atoms we have seen that their electron states 
can be divided into groups such that the binding energy of the electron 
decreases as each group is completed and the next is begun. A similar 
situation occurs for nuclei, the nucleon states being distributed among the 
following groups:T 


Nucleons 
1s1/2 2 
I ps2, Ip1j2 6 
1d5,2, 1d3/2, 2s1j2, 1fzj2 20 (1178) 
2psj2, Ifsj2, 2prj2, 1goje 22 
2d5)2, 17/2, Ihi1j2, 2d3/2, 351/2 32 
22/2, 1ho/2, 2013/2, 2fs/2, 3psy2, 3p1/2 44 


For each group the total number of proton or neutron vacancies is shown. 
According to these numbers the occupation of a group is completed when the 
total number Z of protons or N of neutrons in the nucleus is equal to one of 
the numbers 

2, 8, 28, 50, 82, 126. 


These are commonly called magic numbers.t 

The various states in each of the groups (117.8) are listed in approximate 
order of successive occupation in the series of nuclei. In reality, however, 
considerable irregularities are observed in the occupation process. Moreover, 
it must be borne in mind that, in heavy nuclei, the distances between the 
various levels may be comparable with the “pairing energy”’, and the concept 
of individual states of components of a pair is then itself largely meaningless. 

We may make some comments regarding the calculation of the magnetic 
moment of the nucleus in the shell model. By this we mean, of course, the 


+t The states 1f7/2 (8 vacancies) are usually placed in a separate group. 

t The “doubly magic” nuclei, in which both Z and N are magic numbers, are particularly stable 
(aHez, sO; asPbiee) In comparison with adjacent nuclei they have an unusually small affinity for a 
further nucleon (the nucleus He? is incapable of adding another nucleon), and their first excited states 
are unusually high. 
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magnetic moment averaged with respect to the motion of the particles in the 
nucleus. This mean magnetic moment p is evidently in the direction of the 
nuclear spin J, which is the only preferred direction in the nucleus; its 
operator is therefore 


& = pos), (117.9) 


where po is the nuclear magneton and g the gyromagnetic factor. The 
eigenvalue of the projection of this moment is pz = pogMy. Usually 
(cf. (110.2)) the magnetic moment p of the nucleus is taken to be simply 
the maximum value of its projection, i.e. 4 = wogJ. In this notation 


i. = pj/J. (117.10) 


The magnetic moment of the nucleus is composed of the magnetic moments 
of the nucleons outside closed shells, since the moments of nucleons in 
completed shells cancel out. Each nucleon produces in the nucleus a magnetic 
moment which consists of two parts: a spin part and (in the case of the 
proton) an orbital part, ie. is represented by the sum g,8+ gil. (Here and 
henceforward we omit the factor jo, assuming, as is usual, that magnetic 
moments are measured in units of the nuclear magneton.) The spin and 
orbital gyromagnetic factors are g; = 1, gs = 5-586 for the proton and g; = 0, 
2s = —3-826 for the neutron. 

After averaging with respect to the motion of the nucleon in the nucleus, 
its magnetic moment becomes proportional to j; writing it in the form g,j, 
we have 


gi =e8+ad 
= Heit-gs)f +4(e—gs)(l—8). 


Multiplying both sides of this equation by j = 1+ and taking eigenvalues, 
we obtain 


gi(j+1) =Kertas)(Gt 1) +Her—gs) [E+ 1)—s(s+1)], 
and, putting’s = 4, j =7+4, 


&s 
2l 


With the above values of the gyromagnetic factors, this gives for the magnetic 
moment of the proton py = gy . 


(1 —); forsiek 
= —— re or =f ’ 
Ep j+l J J 

(117.12) 
Pp =j+2-29 for j = 1+4, 
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and for that of the neutron 


1:91. ee 
=> or =t—s, 
Pn j+0 J 
(117.13) 
un = —1-91 for j = 1+. 


If there is only one nucleon outside the closed shells, formulae (117.12) 
and (117.13) give directly the magnetic moment of the nucleus. For two 
nucleons, the addition of their magnetic moments is also elementary (see 
Problem 1). When the number of nucleons exceeds two, the averaging of the 
magnetic moment must be effected by means of the wave function of the 
system, constructed in the appropriate manner from the wave functions of 
the individual nucleons. If the nucleon configuration and the state of the 
nucleus as a whole are given, the wave function can be constructed uniquely 
in cases where only one state of the system with the given values of J and T 
can correspond to the given configuration (see, for example, Problem 3); 
otherwise, the state of the nucleus is a ‘“‘mixture’’ of several independent 
states (with the same J and 7), and in general the coefficients in the linear 
combination which gives the wave function of the nucleus remain unknown. 

Finally, we may mention that the existence of spin-orbit coupling of 
nucleons in the nucleus leads to the appearance of a certain magnetic moment 
of the protons in the nucleus, additional to (117.9) (M. G6prerT-MayeEr and 
J. H. D. Jensen 1952). The reason is that, when the interaction operator 
depends explicitly on the velocity of the particle, the case where an external 
field is present is obtained by replacing the momentum operator p by p—eA/c. 
Carrying out this replacement in (117.3) and using the expression (110.6) 
for the vector potential, we find that the Hamiltonian of the proton contains 
an additional term 
é 


2ch 
e 
2ch 


$(r)——nx A.B =f(r)——1 x (Hx) 8 
cMp 


= f(r) 


rx (8x1). 
This term is equivalent to the appearance of an additional magnetic moment 
whose operator is 


aie — Se x (8x4) 
— Stes @nyn}. (117.14) 


PROBLEMS 


PrRoBLEM 1. Determine the magnetic moment of a system of two nucleons (with total 
angular momentum J = ji +je), expressing it in terms of the magnetic moments jp and pe 
of the two nucleons. 
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SOLUTION. Similarly to the derivation of formula (117.11) we obtain 
Be i(2 “) m (2 : ae nee 
JOON il Ni fat I+1) 


PROBLEM 2. Find the possible states of a system of three nucleons with angular momenta 
j = 3/2 (and the same principal quantum numbers). 

SOLUTION. We proceed as in §67 when finding the possible states of a system of equivalent 
electrons. Each nucleon can be in one of eight states with the following pairs of values 
of (mj, Tz): 

(3/2, 1/2), (1/2, 1/2), (—1/2, 1/2), (—3/2, 1/2), 
Combining these states in groups of three different ones, we find the following pairs of 
values of (Mz, Tz) for the system of three nucleons: 
(7/2, 1/2), 2(5/2, 1/2), (3/2, 3/2), 4(3/2, 1/2), (1/2, 3/2), 5(1/2, 1/2). 
(The number before the parenthesis indicates the number of such states; states with negative 
values of My and T¢ need not be written out.) These correspond to states of the system with 
the following values of (J,T): 
(7/2, 1/2), (5/2, 1/2), (3/2, 3/2), (3/2, 1/2), (1/2, 1/2). 


PRoBLEM 3. Determine the magnetic moment of the ground state of a configuration of 
two neutrons and one proton in p3/2 states (with sii same n), taking account of isotopic 
invariance.t 

SoLution. The ground state of such a configuration has J = 3/2, and from the rule 
given in the text its isotopic spin has the minimum possible value T = T, = 4. 

Let us determine the wave function of the system corresponding to the greatest possible 
value My = 3/2. This value can occur (when Pautt’s principle for two like nucleons is applied) 
for the following sets of values of m; for the nucleons p,n,n respectively: 


Hence the required wave function vor? is a linear combination of the form 
3/2,3/2 — /2, —3/2 /2,,1/2 f-1/2 
Fiera ft tot a alt OH Poy lt 


3/2 f1/2,f,-1/2 3/2 yf1/ —1/2 
+ eT Metal + a oH it qb (1) 
where [...] denotes the normalised antisymmetrised product (i.e. a determinant of the form 
(61.2)) of the wave functions ¥%” of the individual nucleons. 

The function (1) must eaten under the action of the operators 


T_ 2S and h=> fs 


i=1 


see §67, Problem. The operators 7) convert the proton function of the ith nucleon to the 
neutron function, and the latter to zero. It is therefore easily seen that the operator T_ reduces 
the first term in (1) to a determinant with two identical rows, i.e. to zero, while the deter- 
minants in the three remaining terms become equal; thus we have the condition 
b+c+d=0. 

Next, for a single nucleon with 7 = 3/2 and various values of mj we have, according to 
(27.12), 


Jy? = 0, Fy fll? = 4/343/2, frp U2 = 2ypli2, Fr 3l2 = 4/312, 


t The nucleus Li’ has this configuration (outside the closed shell (151/2)*). 
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Hence we see that the action of the operator J; on the function (1) gives 


7 .3/2,3/2 — i 3/2f,3/2 »f—1/2 
J erie ie V3(a+b OE ae ale 


+ 2(e— a) M/s a ali 


the change in sign of some terms is due to interchanging the rows of the determinant. The 
conditions for this expression to vanish are 


a+b—c=0, c—d=0. 
Together with the normalisation condition for the function (1), these relations give 
a=3//15, b= —2)/15, c=d=1/r/15. 


Since the mean value of the magnetic moment component of the proton (or neutron) in 
a state with given mj is upmj/7 (or nmj/j), we find that the mean value of the angular momen- 
tum of the system calculated by means of the wave function (1) is 


9 4 1 
B= Pz 1 5)? 1 5h? isch ) 


1 4 1 
+—(—$ppt+—pn) = —(13ppt2pn). 
15 3p 3 en) 1 st Upt2pun) 


From formulae (117.12), (117.13) it follows that, for a nucleon in the 3/2 state, un = —1-91 
and pp = 3-79. Thus p = 3-03. 


PROBLEM 4. Determine the magnetic moment of a nucleus in which all nucleons outside 
closed shells are in like states and the number of protons is equal to the number of neutrons. 


SOLUTION. Since, for N = Z, the component Tx of the isotopic spin is zero, diagonal 
matrix elements occur only for the isotopic-scalar part of the operator 


= > 8njn+ > gui 
n D 


see the end of §115. Separating this part in accordance with formula (115.5), we find that 
it is 


2(En +80) > = (gn+gp)J. 


n,p 


The total mean magnetic moment of the nucleus is therefore $(gn+gp)J. 


PROBLEM 5. Calculate the additional magnetic moment of 2 nucleon with angular momen- 
tum j, expressing it in terms of the spin-orbit splitting (117.6) (M. G6OpPERT-MAYER and 
J. H. D. JENSEN 1952). 


SOLUTION. The averaging of the angular part of the operator (117.14) (the expression in 
braces in that formula, which we denote by @) is effected by means of the formula derived 
in §29, Problem 2. The result is 


(s.1)l—ics.i) — 21/4. 1)8 : 
 (21-1)(214+3) ) 
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After complete averaging with respect to the motion of the nucleon, the mean value of 6 
can only be in the direction of j, ic. ¢ = aj, whence a = 6-9/j?. Taking the component of 


Aw 
the vector (2) in the direction of j (noting that the operator} commutes with 1.8), and taking 
eigenvalues of the quantities 1.s, 12 etc., we easily find the following expression for the addi- 
tional magnetic moment of the nucleon (in units of the nuclear magneton): 


_— tttpR? 2541 
pat +i) Tray 


where mp is the nucleon mass and R the radius of the nucleus. In the averaging of r?/, the 
factor r? is replaced by R2 owing to the rapid decrease of f(r) inside the nucleus. The mean 


for j = 1+, (3) 


value f in (3) can be expressed in terms of the spin-orbit splitting by means of (117.6). 
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A system of particles in a spherically symmetric field cannot have a 
rotational energy spectrum; in quantum mechanics, the concept of rotation 
has no meaning for such a system. This applies to the shell model of the 
nucleus with a spherically symmetric self-consistent field considered in 
§117. 

The division of the energy of the system into “‘internal’’ and “rotational? 
parts has no precise meaning in quantum mechanics. It can only be approxi- 
mate and is possible where, for physical reasons, the consideration of the 
system as an assembly of particles, moving in a given field which is not spheri- 
cally symmetric, is a good approximation. The rotational structure of the 
levels is then a consequence of taking into account the possibility of rotating 
this field with respect to a fixed system of co-ordinates. Such a case occurred, 
for example, in molecules, whose electron terms can be determined as the 
energy levels of a system of electrons moving in a given field of fixed nuclei. 

Experiment shows that the majority of nuclei in fact have no rotational 
structure. This means that the spherically symmetric self-consistent field 
is a good approximation for such nuclei, i.e. they are spherical in shape 
apart from quantum fluctuations. 

There exists also, however, a class of nuclei which have an energy spectrum 
of the rotational type; they lie approximately in the ranges of atomic weight 
150 < A < 190 and A > 220. This property means that the approximation 
of the spherically symmetric self-consistent field is entirely inapplicable to 
such nuclei, and for them the self-consistent field must in principle be sought 
without any initial assumptions regarding its symmetry, in order that the 
shape of the nucleus should also be “‘self-consistently” determined. Experi- 
ment shows that a correct model for nuclei of this type is given by a self- 
consistent field having an axis of symmetry and a plane of symmetry per- 
pendicular to it (i.e. having the symmetry of a spheroid).f The concept of 
non-spherical nuclei: has been most extensively developed in the work of 
A. Bour and B. R. Morretson (1952-53). 

+ At the present time there appear to be no entirely reliable conclusions regarding the existence of 


non-axial nuclei, which have the symmetry of an ellipsoid. The theory of such nuclei is due to A. S. 
Davypov. 
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It should be emphasised that we are concerned here with two qualitatively 
different classes of nuclei. This is seen, in particular, from the fact that 
nuclei are either spherical or else non-spherical with a ‘“‘degree of deforma- 
tion”’ that is not small. There is no continuous transition between these two 
classes. 

The occurrence of non-sphericity is favoured by the presence of incomplete 
shells in the nucleus, and the phenomenon of nucleon pairing also appears to 
be of considerable importance here. Closed shells, on the other hand, tend 
to give spherical nuclei. A characteristic example is the doubly magic nucleus 
g2Pb2°8: owing to the marked completeness of its nucleon configuration, this 
nucleus (and also those adjoining it) is spherical, and this brings about 
a gap in the sequence of non-spherical heavy nuclei. 

The energy levels of a non-spherical nucleus consist of two parts: the levels 
of the “fixed” nucleus and the energy of its rotation as a whole. The intervals 
of the rotational structure of the levels are small in comparison with the 
distances between the levels of the “‘fixed’’ nucleus. 

The classification of the levels of a non-spherical nucleus is in many ways 
similar to that for a diatomic molecule consisting of like atoms, since the 
symmetry of the field in which the particles (nucleons or electrons) move is 
the same in each case. We can therefore apply directly a number of the results 
obtained in Chapter XI. 

Let us first consider the classification of states of the “‘fixed’’ nucleus. 
Ina field with axial symmetry, only the component of the angular momentum 
along the axis of symmetry is conserved. Each state of the nucleus is there- 
fore described first of all by the value Q of the component of its total angular 
momentum,t which can be either integral or half-integral. The levels are 
described as even (g) or odd (u) according to the behaviour of the wave 
function when the co-ordinates of all the nucleons (with respect to the 
centre of the nucleus) change sign. 

In addition, for Q = 0 positive and negative states are distinguished, 
according to the behaviour of the wave function on reflection in a plane 
passing through the axis of the nucleus (see §78). 

The ground states of even-even non-spherical nuclei are 03 (the zero 
indicating the value of Q), corresponding to zero angular momentum and the 
highest symmetry of the wave function. This is a result of the pairing of all 
the neutrons and protons. If the nucleus contains an odd number of protons 
or neutrons, however, we can consider the state of the ‘‘odd”’ nucleon in the 
self-consistent field of the even-even remainder of the nucleus. Here the 
value of Q is determined by the component w of theangular momentum of this 
nucleon. Similarly, in an odd-odd nucleus the value of Qis obtained from the 
angular momentum components of the odd neutron and proton: 

Q = | wp—wnl - 


+ By definition, Q > 0 (just as the quantum number A is positive for diatomic molecules). It may 
be recalled that negative values of Q for diatomic molecules could arise only because Q was defined 
as the sum A-+ &, and & can be either positive or negative, depending on the relative directions of the 
orbital angular momentum and the spin. 
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It should be emphasised at the same time that we cannot speak of definite 
values of the components of the orbital angular momentum and spin of the 
nucleon. The reason is that, although the spin-orbit coupling of the nucleon 
is small in comparison with the energy of its interaction with the self- 
consistent field of the remainder of the nucleus, it is not in general small 
compared with the distances between adjoining energy levels of the nucleon 
in that field, as it would have to be for perturbation theory to be applicable, 
so that the orbital angular momentum and the spin of the nucleon could, 
to a good approximation, be considered separately.t 

Let us now consider the rotational structure of a non-spherical nucleus. 
The intervals in this structure are small compared with the spin-orbit 
interaction of the nucleons in the nucleus. This corresponds to case a in 
the theory of diatomic molecules (§83). 

The total angular momentum J of a rotating nucleus is, of course, con- 
served. For given Q its magnitude J takes values from Q upwards: 


J=Q, 241,042,...; (118.1) 


see (83.2). An additional restriction on the possible values of J occurs for 
nuclei with Q = 0: in states 0g and Ou the number J takes only even values, 
and in states Og and 0x only odd values (see §86). In particular, in the rota- 
tional levels of the ground term for even-even nuclei (0g) the number J 
takes the values 0, 2, 4, .... 

The rotational energy of the nucleus is given by the formula 


2 
Exot = —JJ+1), (118.2) 


where I is the moment of inertia of the nucleus (about an axis perpendicular 
to its axis of symmetry); this formula corresponds to the similar expression 
in the theory of diatomic molecules (the term depending on J in (83.6)). 
The lowest level corresponds to the least possible value of J, i.e. J = Q. 

On account of (118.2) the rotational structure of the levels is described by 
certain interval rules which do not depend on the other characteristics of 
the level (for given ©). For instance, the components of the rotational 
structure of the ground term of an even-even nucleus (with J =2, 4, 6, 8, ...) 
are at distances in the ratio 1:3-3:7:12... from the lowest level (J = 0). 

Formula (118.2), however, is insufficient for states with Q = 1, which 
can occur in nuclei with an odd number of nucleons. In this case there is a 
contribution to the energy, comparable with (118.2), due to the interaction 
of the odd nucleon with the centrifugal field of the rotating nucleus. Its 
dependence on J can be found as follows. 

It is known from mechanics} that the energy of a particle in a rotating 


+ In spherical nuclei this was still possible, owing to the simultaneous conservation of parity and 


angular momentum. 
t See Mechanics, §39. 
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co-ordinate system contains an additional term equal to the product of the 
angular velocity of rotation and the angular momentum of the particle. The 
corresponding term in the Hamiltonian of the nucleus can be written in the 
form 2bK.6, where b is some constant, K the angular momentum of the 
remainder of the nucleus (excluding the last nucleon), and o the angular 
momentum of that nucleon. Here the latter must be understood in a purely 
formal sense; in reality, the angular momentum vector of the nucleon does 
not exist in the axial field of the nucleus. This sense is that of an operator 
analogous to the operator of spin 4, which gives transitions between states 
with values of the angular momentum component + 4, in accordance with the 
value Q = 4.¢ Since we are concerned only with the dependence of the 
energy of the nucleus on J, we can consider instead of 2bK.6 the operator 
2bj.6, the difference between these being merely an additive constant 
independent of J (since J = K+o). The eigenvalues of this operator are 


2bJ.0 = b[J(J-+1)—K(K+1)+ 3). 


Subtracting for convenience the constant 4), we find that this quantity equals 
+b(J+4) when J = K+}. 

This expression can be written (— 1)4—? b(J +4) if we use the fact that the 
angular momentum K of the even-even remainder of the nucleus is even. 
Thus we have finally the following expression for the rotational energy of 
the nucleus with Q = 3: 


Brot = I+ 1)+(—1)7-1/2b(J +4) (118.3) 


(A. Bonr and B. R. Motretson 1953). We may note that, if the constant b 
is positive and sufficiently large, the level with J = 3/2 may lie below that 
with J = }, i.e. the normal order of rotational levels (where the lowest level 
corresponds to the smallest possible value of J) will be altered. 

The moment of inertia of a non-spherical nucleus cannot be calculated as 
that of a solid of given shape. Such a calculation would be possible only if 
the nucleons moving in the self-consistent field of the nucleus could be 
regarded as not directly interacting. In reality, the pairing effect leads to a 
reduction by a considerable factor in the moment of inertia, in comparison 
with the value for a rigid body. 

The magnetic moment yp. of a non-spherical nucleus consists of the magnetic 
moment of the “‘fixed’’ nucleus and that due to the rotation of the nucleus. 
The former (after averaging over the motion of the nucleons in the nucleus) 
is along the axis of the nucleus; denoting its value by p’, and the unit vector 


+ The specific property of the case Q = 4 consists precisely in the existence of matrix elements 
of the energy perturbation for transitions between states differing only in the sign of the angular 
momentum component and therefore belonging to the same energy. This brings about a shift in 
energy even in the first approximation of perturbation theory. 

The phenomenon concerned is analogous to the A-doubling of the levels of a diatomic molecule 
with Q = $ (§88). 
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along the axis of the nucleus by n, we can write it in the form p’n. The mag- 
netic moment due to the rotation is (after the same averaging) along the 
vector J —Qn, the total angular momentum of the nucleus minus that of the 
nucleons in the “fixed nucleus’’.t Thus 


pe = p’n+g(J—Qn). (118.4) 


Here g, is the gyromagnetic factor for the rotation of the nucleus. Since the 
contribution to the magnetic moment in rotation comes only from the protons, 
we have 


8r = Ip|(Ipt+ In); (118.5) 


where I, and I are the neutron and proton parts of the moment of inertia 
of the nucleus; for a system of protons only, g, = 1 simply. The ratio 
(118.5) is in general not the same as the ratio Z/A of the number of protons 
to the total number of nucleons. 

After averaging over the rotation of the nucleus, the magnetic moment 
is in the direction of the conserved vector J: 


f= pJ/J = (u'-Og, ite). 


As usual, we multiply both sides of this equation by J and take eigenvalues. 
In the ground state of the nucleus Q = J, and so 


= (a +8)I(I+1). (118.6) 


PROBLEMS 


PROBLEM 1. Express the quadrupole moment Q of a rotating nucleus in terms of the 
quadrupole moment Qo relative to axes fixed to the nucleus (A. Bour 1951). 


SOLUTION. The operator of the quadrupole moment tensor of a rotating nucleus is given 


in terms of Qo by 
Oiz = 2Qo(ming — 45:x); 


this is a symmetrical tensor with zero trace, formed from the components of the unit vector 
n along the axis of the nucleus, and Qzz = Qo. The averaging with respect to the rotational 
state of the nucleus is effected similarly to the solution in §29, Problem 2 (with the difference 
that mJ; = Q, not zero), and leads to an expression of the form (75.2) with 


302—J(J+1) 
2 = 0o-— 
(2F+3)(J+1) 
For the ground state of a nucleus with Q = J we obtain 
ae (2J—-1)J 
— 0—-—_-——_—_——.. 
(2I-+3)(J+1) 


As J increases, the ratio Q/Qo tends to 1, but only slowly. 


PROBLEM 2. Determine the magnetic moment in the ground state of a nucleus with 
Q = 4. 


t This formulation can be used only if Q 4 3 (see Problem 2). 
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SoLuTion. In this case the magnetic moment operator can be written by means of the 
operator @ introduced in the text, in the form 


i = 2w'é+2,K, K = j—é. 


The subsequent calculation is similar to that in the text. If the value J = 4 corresponds to 
the ground level of the nucleus (and K = J—}4 = 0), we have wu = yp’; if in the ground state 
J = 3/2 (and K = J+} = 2), then w = (9gr —3p’)/5. 


PROBLEM 3. Determine the energies of the first few levels of the rotational structure of 
the ground state of an even-even nucleus having ellipsoidal symmetry. 


SoLUTION. The ground state of an even-even nucleus corresponds to the most symmetrical 
wave function of the “fixed’’ nucleus, i.e. the function whose symmetry corresponds to the 
representation A of the group Dg. There are therefore altogether 4J+1 (for even J) or 
3(J —1) (for odd J) different levels for a given value of J. For J = 2 they are given by formula 
(7) in §103, Problem 3, and for J = 3 by formula (8) in §103, Problem 4. 


§119. Isotopic shift 


The specific properties of the nucleus (finite mass, dimensions, spin) 
which distinguish it from a fixed point centre of a Coulomb field have a 
certain influence on the electron energy levels of the atom. 

One such effect is called the isotopic shift of levels, that is, a change in the 
energy of a level from one isotope of an element to another. In practice, 
of course, what is of interest is not the change in energy of one level but the 
change in the distance between two levels observed as a spectral line. For 
this reason we must in practice consider not the energy of the entire electron 
envelope of the atom but only the part due to the electron involved in the 
transition in question. 

In light atoms the isotopic shift is due mainly to the finite mass of the 
nucleus. When the motion of the nucleus is taken into account a term 


1 a 2 
an (2*) 


appears in the Hamiltonian, where M is the mass of the nucleus and the p; 
are the momenta of the electrons.t The isotopic shift due to this effect is 
therefore given by the mean value 


1 1 2 
ieee 119.1 
(az an) (2) ow 
calculated from the wave function of the relevant state of the atom (Mj and 


Mz being the masses of the nuclei of the isotopes). 


+ In the centre-of-mass system of the atom, the sum of the momenta of the nucleus and the electrons 
is zero: Pauct Up: = 0. Their total kinetic energy is therefore 


bik. 4 1 ( ) 1 
+—— > p? = —— +—— > pi?. 
2M 2m 2P "OM 2? 2m >? 
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In heavy atoms the main contribution to the isotopic shift comes from the 
finite size of the nucleus. This effect is in practice appreciable only for the 
levels of an outer electron in the s state, since the wave function of the s state 
(unlike those of states with J 4 0) does not vanish as r +0, and so the 
probability of finding the electron “within the nucleus” is comparatively 
large. We shall calculate the isotopic shift for this case.+ 

Let ¢(r) be the true electrostatic potential of the field of the nucleus, as 
opposed to the potential Ze/r of the Coulomb field of a point charge Ze. 
Then the change in the electron energy in comparison with its value in a 
purely Coulomb field Ze/r is given by the integral 


AE = —e | (b—Zelry2(r)dV, (119.2) 


where y(r) is the electron wave function; in the s state this function is 
spherically symmetric and real. Although the integration here is formally 
extended to all space, in practice the difference ¢— Ze/r in the integrand is 
zero except within the nucleus. The wave function of the s state tends to a 
constant limit as r > 0 (see §32), and this constant value is practically reached 
even outside the nucleus. We can therefore take 4? outside the integral and 
replace ¥(r) by its value at r = 0, calculated for the Coulomb field of a point 
charge. 

For a further transformation of the integral we use the identity Ar? = 6 
and write (119.2) as 


AE = —}er2(0) | (¢—Ze|r)Ar2.dV 


= -46(0) [PAG—Zeinav; 


in transforming the volume integral we have used the fact that the resulting 
integral over an infinitely remote surface is zero. But A(1/r) = —478(r), 
and r?6(r) = 0 for all r. According to the electrostatic Poisson’s equation, 
A¢ = —4np, and in this case p is the density of the electric charge distribu- 
tion in the nucleus. The final result is 


AE = 2m2(0)Ze2r?, (119.3) 
where 


72 = (1/Ze) i pred 


is the proton mean square radius of the nucleus; for a uniform distribution 
of protons in the nucleus, 72 = 3R2/5, where R is the geometrical radius of 
the nucleus. The isotopic shift of the level is given by the difference of the 
expressions (119.3) for the two isotopes. 


+ The calculation given below does not take account of relativistic effects in the motion of the 
electron near the nucleus, and can be shown to be valid only if the condition Ze?/he < 1 holds. 
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In §71 an estimate has been given of ¥(0), and it was shown to depend on 
the atomic number (assumed large) as ,/Z. Hence the splitting (119.3) is 
proportional to Z?. 


§120. Hyperfine structure of atomic levels 


Another effect in atoms due to the properties of the nucleus is the splitting 
of atomic energy levels as a result of the interaction of electrons with the 
spin of the nucleus. This is called the hyperfine structure of the levels. On 
account of the weakness of this interaction the intervals in the hyperfine 
structure are very small, even in comparison with those in the fine structure. 
Hence the hyperfine structure must be considered separately for each com- 
ponent of the fine structure. 

The spin of the nucleus will be denoted in this section (in accordance with 
the notation usual in atomic spectroscopy) by i, the notation J being retained 
for the total angular momentum of the electron envelope of the atom. ‘The 
total angular momentum of the atom (including the nucleus) is denoted 
by F = J+i. Each component of the hyperfine structure is described by a 
definite value of this angular momentum. According to the general rules for 
addition of angular momenta, the quantum number F takes the values 


BRegee repels IJ—i, (120.1) 


so that each level with given J is split into a total of 27+ 1 components if 
i<J, or 2J+1 ifi> J. 

Since the mean distances 7 between the electrons in the atom are large 
compared with the radius R of the nucleus, an important part in the hyperfine 
splitting is played by the interaction of the electrons with the lowest-order 
multipole moments of the nucleus. These are the magnetic dipole and electric 
quadrupole moments; the mean dipole moment is zero (see §75). 

The magnetic moment of the nucleus is of the order of unuc ~ eRUnuc/¢, 
where Unuc are the velocities of the nucleons in the nucleus. The energy of 
its interaction with the magnetic moment of the electron (1e1 ~ ef/mc) is of 
the order of | 


Enucfel eh Rvnue 
OS ee . 


(120.2) 


r mez 3 


The quadrupole moment Q ~ eR?; the energy of interaction of the field 
which it produces with the charge on the electron is of the order of 


eQ|r3 ~ 2R2/r3, (120.3) 


Comparison of (120.2) and (120.3) shows that the magnetic interaction (and 
therefore the resulting splitting of the levels) is (Unuc/¢) (2/mcR) ~ 15 times 
greater than the quadrupole interaction; although the ratio Unuc/c is 
relatively small, the ratio h/mcR is large. 
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The operator of the magnetic interaction of the electrons with the nucleus 
is of the form 


Vis =ai J (120.4) 


(similarly to the spin-orbit interaction of the electrons (72.4)). The depend- 
ence of the resulting splitting of the levels on F is therefore given by 


jaF(F+1); (120.5) 
cf. (72.5). 

The operator of the quadrupole interaction of the electrons with the nucleus 
is constructed from the operator Qiz of the quadrupole moment tensor of 
the nucleus and the components of the angular momentum vector J of the 
electrons. It is proportional to the scalar Oi, J;J; formed from these operators, 
i.e. has the form 


bltite + teti—Fi(i + Se Te: (120.6) 


here we have used the fact that Qj is given in terms of the nuclear spin 
operator by a formula of the type (75.2). On calculating the eigenvalues of 
the operator (120.6) (in a manner entirely similar to the calculations in §84, 
Problem 1), we find that the dependence of the quadrupole hyperfine splitting 
of the levels on the quantum number F is given by the expression 


4bFF+1)2-+4bF(F+1)[1 —2I(J+1)—2i(¢+1)]. (120.7) 


The magnetic hyperfine splitting effect is especially noticeable for levels 
due to an outer electron in the s state, owing to the comparatively high 
probability that such an electron will be near the nucleus. 

Let us calculate the hyperfine splitting for an atom containing one outer s 
electron (E. Fermi 1930). This electron is described by the spherically 
symmetric wave function (7) of its motion in the self-consistent field of the 
other electrons and the nucleus. 

We shall seek the operator of the interaction with the nucleus as the operator 
— pA of the energy of the magnetic moment # = pi/i of the nucleus in the 
magnetic field # created (at the origin) by the electron.t According to a 
well-known formula of electrodynamics,|| this field is 


~ prxj lpr 1 
H = — [Sar =— fj x VAY, (120.8) 
cJ r c r 


+ The following calculation assumes that the condition Ze?/fic € 1 is satisfied (cf. the second foot- 
note to §119). 

t A more direct method would be to calculate the splitting energy immediately as the mean value 
of the energy of the interaction of the magnetic moments of the electron and the nucleus. For an s 
electron, however, this method is not convenient, since it leads to a sum of integrals each of which 
diverges when taken alone (cf. Problem 1). 

|| See The Classical Theory of Fields, formula (43.7). It should be noted that in that formula the 
vector R is from dV to the point considered, whereas in (120.8) the vector r is in the opposite direction, 
from the centre to the point. 
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where j = —2yo c curl ($28) is the spin operator of the current density due to 
the moving electron spin (cf. (114.4); ois the Bohr magneton). First removing 
from the region of integration in (120.8) a small sphere of radius 79 round the 
origin, and transforming the integral by means of well-known formulae of 
vector analysis, we have (with the notation f = — 20xb?(r)8) 


“ 1 
SH = feust fx V—dV 
r 


1 1 
= [aevv—ar+ [ve x (nx f)dS. 
r r 


The integral over an infinitely remote surface vanishes, so that the second 
integral on the right is taken only over the surface of the small sphere (n 
being a unit vector along the outward normal to this sphere). The first 
integral is easily seen to give zero on integration with respect to the directions 
of r. The result is (putting dS = ro? do and taking the limit as 79 > 0) 


He = — [nx (nx £(0))do 


= 8r(0)/3, 
and so the interaction operator is 
Vis — — pS 
= (1677/31) 20¥2(0)1.8. (120.9) 


If the total angular momentum of the atom J = S = 3, the hyperfine 
splitting leads to the appearance of a doublet (F = i+4); according to 
(120.5) and (120.9) we find for the distance between the two levels 


Exyy — Ex = (87/3i)ppo(2i+ 1)¥2(0). (120.10) 


Since the value of (0) is proportional to »/Z (see §71), the magnitude of 
this splitting is proportional to the atomic number. 


PROBLEMS 


PROBLEM 1. Calculate the hyperfine splitting (due to magnetic interaction) for an atom 
containing (outside closed shells) one electron with orbital angular momentum 7 (E. FERMI 
1930). 


SOLUTION. ‘The vector potential and the magnetic field strength due to the magnetic 
moment p of the nucleus are 


oe ae Sipe 3n(u..n)— p 
r2 r3 


(div A = 0). Using these expressions, we can write the interaction operator in the form 


e  . eh a 2u0 » 
A.p+—_8 = ——..[I+ 3(8.n)n—8]. 
mc 73 


me 
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After averaging over a state with a given value of j, the expression in the brackets is in the 
direction of j. We can therefore write 


Vij = 2poQ-j [1.9 + 3(8.n)(n.f) —8.f Jr. 


The mean value of niny has been calculated in §29, Problem 2. Using this and taking eigen- 
values, we find 


> 


2uot [ _ 2-+1)s.j-6(s.)G.)7_, 
e ° r~ 
(21—1)(21-+3) 
whence, after a simple calculation, we have finally 
vow Ul+1) 
t j(7+1) 


where F = j+i, andj = 1+4. The averaging of r-3 is with respect to the radial part of the 
electron wave function. 


F(F+1)r-3, 


PROBLEM 2. Determine the Zeeman splitting of the components of the hyperfine structure 
of an atomic level (S. A. Goupsmrr and R. F. BACHER 1930). 


SoLuTIon. In formula (112.3) (the field being assumed so weak that the splitting which 
it causes is small in comparison with the hyperfine structure intervals), the averaging must 
be effected not only with respect to the electron state but also with respect to the directions 
of the nuclear spin. From the first averaging we get AE = poguJz-#, with the same gy 
(112.6). The second averaging gives, analogously to (112.4), 


Jz =(J.F)Mp/F2. 
Thus we have finally AE = pogr #Mr, where 


FF +1)+I+1)—i +1) 
eo ee 2F(F +1) : 


$121. Hyperfine structure of molecular levels 


The hyperfine structure of the energy levels of molecules is similar to that 
of the atomic levels. 

In the great majority of molecules the total electron spin is zero. The main 
source of the hyperfine splitting of the levels is then the quadrupole inter- 
action of the nuclei and the electrons; here, of course, only those nuclei 
participate in the interaction whose spin 7 is neither 0 nor 4, since otherwise 
their quadrupole moment is zero. 

On account of the comparative slowness of the motion of the nuclei in the 
molecule, the averaging of the quadrupole interaction operator with respect 
to the state of the molecule is effected in two stages: first we must average 
with respect to the electron state for fixed nuclei, and then with respect to 
the rotation of the molecule. 

Let us first consider the diatomic molecule. The first averaging gives an 
interaction of each nucleus with the electrons that is expressed by an operator 
proportional to the scalar Ojinz formed from the operator of the quad- 
rupole moment tensor of the nucleus and the unit vector n along the axis of 
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the molecule—the only quantity which determines the orientation of the 
molecule with respect to the direction of the nuclear spin. Since Oy = 0, 
this operator can be written in the form 


bist (ning — 404k) ; (121 1 ) 


for a given value of the component i; of the nuclear spin along the axis of the 
molecule, this quantity is b[2,2— 44(¢+ 1)]. 

When the operator (121.1) is averaged with respect to the rotation of the 
molecule, it is expressed in terms of the operator K of the conserved rotational 
angular momentum. The averaging of the product mjnx is effected by means 
of the formula derived in §29, Problem 2 (with the vector K in place of 1), 
and the result is 


b 


~— ——____— ip [ Ki Ry + KiKi — 38 K(K + 1)]. 121.2 
OK —DoK13)"" Ki t+ Ki Ky—38nK( )] ( ) 
The eigenvalues of this operator are found in the same way as for (120.6). 

For a polyatomic molecule we obtain in general, instead of (121.1), an 
operator of the form 


bixtite, (121.3) 


where b;, is a tensor with zero trace which is a certain characteristic of the 
electron state of the molecule. After averaging with respect to the rotation of 
the molecule, this tensor is given in terms of the total rotational angular 
momentum J by a formula of the type 


bin = OLS Set Su Ji—2I(IT+ Six]. (121.4) 


The coefficient 5 can in principle be expressed in terms of the components 
of the tensor bj, relative to the principal axes of inertia of the molecule 
&,7,¢; since these axes are fixed in the molecule, the components b,; etc. 
are a property of the molecule and unaffected by the averaging. Let us con- 


sider the scalar bj,J;J;. A calculation using (121.4) gives 
buTiIe = b+ 1[4(J+1) +1]; (121.5) 


the method is similar to that used in §29, Problem 2. Expanding the tensor 
product in components along the axes £,7,¢, we obtain 


bin Tie = dee I 2+ Vang? + bee JE, (121.6) 


where we have used the fact that the mean values of the products J,J; etc. 
are zero.t| The mean values of the squares J? etc. are found, in principle, 


+ For in a representation where the matrix of one component of J (Jz, say) is diagonal, the matrices 
of the products JeJ¢, J,J¢ have non-zero elements only when the quantum number & changes by 1, 
whereas the wave functions of stationary states of an asymmetrical top include functions yyx with 
values of & differing by an even number (see §103). 


16 
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from the wave functions of the corresponding rotational states of the top. 
In particular, for a symmetrical top we have simply 


Fe =; J, 2 = YIJt1)-P]. 


If the spins of the nuclei are $, the quadrupole interaction is absent. In 
this case one of the main sources of hyperfine splitting is the direct magnetic 
interaction between the nuclear magnetic moments. The operator of the 
interaction of two magnetic moments wy = p1i1/11, pe = Heig/te is given by 

at (ito — 3(inen)(iz.n)). 

iytor® 
To calculate the splitting energy, this must be averaged with respect to the 
state of the molecule, as described above. 

When the molecule contains heavy atoms, comparable contributions to the 
hyperfine splitting are given by the direct interaction and by the indirect 
interaction of the nuclear moments through the electron envelope. Formally, 
this interaction is an effect in the second approximation of perturbation 
theory with respect to the interaction of the nuclear spin with the electrons. 
By means of the results of §120 we easily find that the ratio of this effect to 
the direct interaction of the nuclear moments is of the order (Ze?/hc)?, and is 
comparable with unity for large Z. 

Finally, some contribution to the hyperfine splitting of molecular levels 
comes from the interaction of the nuclear magnetic moment with the rotation 
of the molecule. The rotating molecule, being a moving system of charges, 
creates a certain magnetic field, which may be calculated, using the formulae 
of electrodynamics, from the given current density j = p&xr, where p is 
the charge density (of electrons and nuclei) in the molecule at rest, and Q its 
angular velocity of rotation. The magnitude of the level splitting is found as 
the energy of the magnetic moment of the nucleus in this field; the com- 
ponents of the angular velocity of the molecule must be expressed in terms 
of those of its angular momentum (cf. §103). 


CHAPTER XVII 


THE THEORY OF ELASTIC COLLISIONS 


§122. The general theory of scattering 


IN classical mechanics, collisions of two particles are entirely determined 
by their velocities and impact parameter (i.e. the distance at which they would 
pass if they did not interact). In quantum mechanics the very wording of the 
problem must be changed, since in motion with definite velocities the concept 
of the path is meaningless, and therefore so is the impact parameter. The 
purpose of the theory is here only to calculate the probability that, as a result 
of the collision, the particles will deviate (or, as we say, be scattered) through 
any given angle. We are speaking here of what are called elastic collisions, 
in which the particles, or the internal state of the colliding particles if these 
are complex, are left unchanged. 

The problem of an elastic collision, like any problem of two bodies, amounts 
to a problem of the scattering of a single particle, with the reduced mass, in 
the field U(r) of a fixed centre of force.t This simplification is effected by 
changing to a system of co-ordinates in which the centre of mass of the two 
particles is at rest. The scattering angle in this system we denote by 0. 
It is simply related to the angles 9, and 9, giving the deviations of the two 
particles in a system of co-ordinates in which the second particle (say) was 
at rest before the collision :{ 


tan 9;= me sin 6/(m,+m2cos8), %2 =3(7—4), (122.1) 


where m,, m, are the masses of the particles. In particular, if the masses 
of the two particles are the same (m, = m,), we have simply 


91 = 48, 92 = Ha—8); (122.2) 


the sum $,+9, = 42, ie. the particles diverge at right angles. 

In what follows, we shall always use (unless the contrary is specifically 
stated) a system of co-ordinates in which the centre of mass is at rest. 

A free particle moving in the positive direction of the z-axis is described 
by a plane wave, which we take in the form ¢ = e*, i.e. we normalise so that 
the current density in the wave is equal to the particle velocity v. The 
scattered particles must be described, at a great distance from the scattering 
centre, by an outgoing spherical wave of the form f(@)e"/r, where (6) is 
some function of the scattering angle 6 (the angle between the z-axis and the 


+ Here we neglect the spin-orbit interaction of the particles (if they have spin). By assuming the 
field to be centrally symmetric, we exclude from consideration also processes such as the scattering 
of electrons by molecules. 

t See Mechanics, §17. 
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direction of the scattered particle). This function is called the scattering 
amplitude. 'Thus the exact wave function, which is a solution of SCHRODINGER’s 
equation with potential energy U(r), must have at large distances the asymp- 
totic form 


b wm etke 4 f(B)etkr/y, (122.3) 


The probability per unit time that the scattered particle will pass through 
a surface element dS = r*do (where do is an element of solid angle) is 
(v/r?) |f|? dS = v|f|? do.f Its ratio to the current density in the incident 
wave is 


do =| f(0)|2 do. (122 4) 


This quantity has the dimensions of area, and is called the effective cross- 
section, or simply the cross-section, for scattering into the solid angle do. 
If we put do = 27 sin @ dé, we obtain for the cross-section 


do = 2nsin 6 | f(0)|2 dé (122.5) 
for scattering through angles in the range from 6 to 6+d6. 
Every solution of SCHRODINGER’s equation in a central field can be written 


as a sum of products of spherical harmonics with radial functions R,(r) that 
satisfy the oe 


2° = a("5-)+ + [eS alae <7 Ur 7) | =0. (122.6) 


r2 dr 
The asymptotic form of the function R; is the stationary wave 


sin(kr—tlr+5 
R, & iad i adel (122.7) 


r 


see (33.18). We shall show how the scattering amplitude can be expressed 
in terms of the phases 6; of these functions. The general axially symmetric 
(about the z-axis) solution of SCHRODINGER’s equation is a sum of products 
Ri(r)P;(cos @), and the solution describing the scattering must therefore 
be of this form. Accordingly, the general asymptotic form of the solution is 


= sin(kr —4ln +51) 
bw Ss (21+ 1)A:Pi(cos 8) > 
i=0 


= > (21+ 1) ArPi(cos®)-—fexp| —i(kr — 41a + 8))|— exp[2(kr — $17 + 57) j}. 
i=0 


} It is supposed that the incident beam of particles i is defined by a wide (to avoid diffraction effects) 
but finite diaphragm, as happens in actual experiments on scattering. There is therefore no inter- 
ference between the two terms of the expression (122.3); the squared modulus ||? is taken at points 
where there is no incident wave. 
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We have to choose the coefficients A, such that this function has the form 
(122.3). To do this, we use the expansion of a plane wave in terms of spherical 
waves, obtained in §34. The asymptotic form of this expansion is (34.2): 


elkz > i(21+ 1)P)(cos a)-—fexp| — i(kr —}$l)] — exp{i(kr —4$lx)]}. 
v 
t=0 


The difference s— ez must represent an outgoing wave, i.e. must contain 
no term in e~#7r; thus 


Ay = iets, 
The wave function is therefore 
no) 
t : 
bm —— > (21+ 1)P(cos6)[(—1}e#r — Sie], (122.8) 
2kr = 
with the notation 
Sy = e201, (122.9) 


For the coefficient of e*/r in the difference — e**2, i.e. the scattering ampli- 
tude, we obtain 


1 [o2) 
f(0) = 2 (21+ 1)[S;—1]P;(cos 6). (122.10) 


The formula solves the problem of expressing the scattering amplitude in 
terms of the 8; (H. Faxén and J. HoLtrsmark 1927).f 

If we integrate do over all angles, we obtain the total effective scattering 
cross-section o, which is the ratio of the total probability (per unit time) 
that the particle will be scattered to the probability current density in the 
incident wave. Substituting (122.10) in the integral 


T 
o = 2m { |f(6)|2 sin 0 40, 
0 


+ The problem of recovering the form of the scattering potential from the phases 8: (assumed 
known) is of fundamental interest. This has been solved by I. M. Get’ranp, B. M. Levitan and 
V. A. Marcuenxo. It is found that, to determine U(r), it is in principle sufficient to know 50(A) as 
a function of the wave number throughout the range from k = 0 to k = ©, together with the co- 
efficients an in the asymptotic expressions (for r—>00)Rno & (an/r)e*™" (kn = -V/ (2m| En|)/f) of the 
wave functions of states corresponding to the discrete (negative) energy levels En (if any). The 
determination of U(r) from these data requires the solution of a certain linear integral equation; see 
V. A. Marcuenko, Doklady Akademii Nauk SSSR 104, 695, 1955. 
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and recalling that the Legendre polynomials with different / are orthogonal, 
while 


7 
J P?(cos 0) sin@ dd = 2/(21+1), 
0 


we have for the total effective cross-section 
re foo} 
reas : 2 
o=5 > +1) sin? 6. (122.11) 
1=0 


Each of the terms in this sum is a “partial’’ effective cross-section o7 for 
the scattering of particles with given orbital angular momentum /. It may 
be noted that the maximum possible value of this cross-section is 


ot.max = (42/k2)(21+ 1). (122.12) 


Comparing this with formula (34.4), we see that the number of particles 
scattered with angular momentum / may be four times the number of such 
particles in the incident flux. This is a purely quantum effect due to inter- 
ference between the scattered and unscattered particles. 

It will be useful later to employ also the “partial scattering amplitudes” 
fi, which we define as the coefficients in the expansion 


#8) = % (21+ 1)f:Pi(cos 6). (122.13) 
According to (122.10) these ara related to the phases 6; by 
1 1 
as S)—1) = —~(e2#e:—1), 122.14 
SS ate ae ) ( ) 


and the partial cross-sections are 


6 = 4n(21+1)| fil2. (122.15) 


§123. An investigation of the general formula 


The formulae which we have obtained are in principle applicable to 
scattering in any field U(r) which vanishes at infinity. The use of these 
formulae involves only an examination of the properties of the phases 6; 
which appear in them. 

To estimate the order of magnitude of the phases 8, for large values of 1, 
we use the fact that the motion is quasi-classical for large J (see §49). Hence 
the phase of the wave function is determined by the integral 


[Je 227 
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where r, is a zero of the expression under the radical (r > 79 being the classi- 
cally accessible region of motion). Subtracting from this the phase 


f JS} 


of the wave function of free motion, and letting r > oo, we obtain, by 
definition, the quantity 8, For large values of J, the value of ry also becomes 
large; U(r) is therefore small throughout the range of integration, and we 
have approximately 


3 = — | mU(r) dr|fe |e =}: (123.1) 


r2 


Tr. 
In order of magnitude this integral (if convergent) is 
8, ~ mU(ro)ro[kh?. (123.2) 


The order of magnitude of 79 is 7) ~ //k. 

If U(r) vanishes at infinity as 1/r* with n > 1, the integral (123.1) converges, 
and the phases 54, are finite. On the other hand, for m < 1 the integral 
diverges, so that the phases 4, are infinite. This holds for any /, since the 
convergence or divergence of the integral (123.1) depends on the behaviour 
of U(r) for large r, while at large distances (where the field U(r) is weak) 
the radial motion is quasi-classical for all J. We shall show below how the 
formulae (122.10), (122.11) are to be interpreted when 4, is infinite. 

Let us first consider the convergence of the series (122.11) which gives the 
total effective cross-section. For large /, the phases 6, < 1, as is seen from 
(123.1) if we take into account the fact that U(r) decreases more rapidly 
than 1/r. Hence we can put sin®6, ~ 87, and so the sum of the high terms 
in the series (122.11) will be of the order of, & 8?. From the well-known 


S 
integral test for the convergence of series, we conclude that the series in 


question converges if the integral f 182dl does so. Substituting here (123.2) 
and replacing / by kro, we obtain the integral 


io.8) 
J U(ro)ro? dro. 


If U(r) decreases at infinity as 1/r* with nm > 2, this integral converges, 
and the total effective cross-section is finite. If, on the other hand, the 
field U(r) decreases not more rapidly than 1/r?, the total effective cross- 
section appears to be infinite. The physical reason for this is that, when the 
field falls off only slowly with distance, the probability of scattering through 
small angles becomes extremely large. In this connection we may recall that, 
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in classical mechanics, in any field which vanishes only as r -> 00, a particle 
passing at any finite impact parameter p, however large, always undergoes 
a deviation through some angle which, though small, is not zero; hence the 
total effective scattering cross-section is infinite for any law of decrease of 
U(r).t In quantum mechanics, this argument is invalid, since we can speak of 
scattering through a certain angle only if this angle is large compared with the 
indeterminacy in the direction of motion of the particle. If the impact 
parameter is known to within Ap, an indeterminacy h/Ap is caused in the 
transverse component of momentum, i.e. an indeterminacy ~ hi/mvAp in 
the angle. 

In view of the important part played by small-angle scattering when U(r) 
decreases only slowly, the question naturally arises whether the scattering 
amplitude f(@) diverges for 9 = 0, even when U(r) decreases more rapidly 
than 1/7?, Putting 6 = 0 in (122.10), we obtain for the high terms in the sum 
an expression proportional to 2/6 » Arguing as in the previous case, our 


search for the criterion of the convergence of the sum leads us to the integral 


ioe) 


| U(ro)ro? dro, 


which diverges for U(r) ~ 1/r” with n < 3. Thus the scattering amplitude 
becomes infinite at 9 = 0 for fields which decrease not more rapidly than 
1/73. 

Finally, let us consider the case where the phase §, itself is infinite, as hap- 
pens when U(r) ~ 1/r" with n < 1. It is evident from the results obtained 
above that, when the field decreases so slowly, both the total effective 
cross-section and the scattering amplitude for 6 = 0 will be infinite. There 
remains, however, the problem of calculating /(6) for 6 4 0. First of all, 
we notice that the formulat 


> (2+1)Fi(cos 6) = 48(1—cos 6) (123.3) 
7=0 


holds. In other words, the sum vanishes for all 6 4 0. Hence, in the 
expression (122.10) for the scattering amplitude, we can omit unity in the 


+ This is seen from the divergence of the integral [ 27p dp which gives the total cross-section in 
classical mechanics. 

t This formula is the expansion of the delta function in Legendre polynomials, and can be immedi- 
ately verified by multiplying both sides by sin @ P; (cos @) and integrating over 9. Here the integral 


i 8(x) dx 
0 


of the even function 8(x) is taken to be 4. 
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square brackets in each term of the sum when @ # 0, leaving 


f(0) = me (21-+-1)P;(cos 6) e281, (123.4) 


If we multiply the right-hand side of the equation by the constant factor 
e-*t5o the effective cross-section will be unchanged, since it is determined 
by the squared modulus |f(@)|?, while the phase of the complex function /(6) 
is changed only by an unimportant constant. On the other hand, the diver- 
gent integral of U(r) cancels in the difference 5,—5) of expressions such as 
(123.1), and a finite quantity remains. Thus, to calculate the scattering 
amplitude in the case considered, we can use the formula 


1 co 
f(9) = ok > (21+-1)P;(cos Berer-F0, (123.5) 
1=0 


§124. The unitarity condition for scattering 


The scattering amplitude in an arbitrary (not necessarily central) field 
satisfies certain relations which follow from very general physical require- 
ments. 

The asymptotic form of the wave function at large distances for elastic 
scattering in an arbitrary field is 


1 
me etka’ 4. f (nyn’Jeikr, (124.1) 
r 


This expression differs from (122.3) in that the scattering amplitude depends 
on the directions of two unit vectors, one (n) in the direction of incidence of 
the particles and the other (n’) along the direction of scattering, and not only 
on the angle between them. 

Any linear combination of functions of the form (124.1) with different 
directions of incidence n also represents a possible scattering process. 
Multiplying the functions (124.1) by an arbitrary coefficient F(n) and inte- 
grating over all directions n (solid angle element do), we can write such a linear 
combination as the integral 


etkr 
i F(n)et#rm! do+ — ) F(n)f(n,n’) do. (124.2) 


Since the distance r is arbitrarily large, the factor e*#™-n’ in the first integral 
is a rapidly oscillating function of the direction of the variable vector n. 
The value of the integral is therefore determined mainly by the regions near 
those values of n for which the exponent has an extremum (n = +n’). In 
each of these regions the factor F(m) ~ F(+n’) can be taken outside the 
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integral, and the integration then givest 


—tkr etkr — etkr 
— 277i F (n')— + — | F(n,n’)F(n) do. 
r 


2riF(~—n’ 
( ) kr kr 


This expression can be written in a concise operator form, omitting the 
common factor 277/k: 


e-ikr etkr 
: F(—n’')— —SF(n’), (124.3) 
. r 
where 

S = 1+2ikf (124.4) 

and f is the integral operator defined by 

1 

fF(n’) = ri | f(n,n’)F(n) do. (124.5) 


The operator S is called the scattering operator, the scattering matrix, or simply 
the S-matrix; it was first used by W. HEISENBERG (1943). 

The first term in (124.3) represents a wave going in to the centre, and the 
second a wave going out from the centre. The conservation of the number of 
particles in elastic scattering is expressed by the equality of the total fluxes 
of particles in the ingoing and outgoing waves. In other words, these two 
waves must have the same normalisation. To achieve this, the scattering 
operator S must be unitary (§12), i.e. we must have 


SS8+ =1, (124.6) 


or, substituting (124.4) and carrying out the multiplication, 
f—ft = 2ikfft. (124.7) 


Finally, using the definition (124.5), we can write the unitarity condition for 
scattering in the form 


ik 
fan’) — f*(n'sn) = 5 | f(n,n")f*(n',n") do”. (124.8) 


For n = n’ the integral on the right-hand side of the equation is just the 
total effective scattering cross-section o = f |f(n,n”)|? do”. The difference 
on the left-hand side of the equation reduces in this case to the imaginary 
part of the amplitude f(n,n). Thus we obtain the following general relation 
between the total elastic scattering cross-section and the imaginary part of 
the amplitude of scattering through an angle zero: 


imf(n,n) = ko/4r. (124.9) 


This is called the optical theorem for scattering. 


+ To calculate the integral, we displace the path of integration with respect to the variable 4 = cos @ 
(8 being the angle between n and n’) in the complex y-plane in such a way that it bends into the upper 
half-plane, the end points 4 = +1 being kept fixed. Then the function ef*"4 decreases rapidly as we 
move away from these end points. 
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Another general property of the scattering amplitude can be derived from 
the requirement of symmetry with respect to time reversal. In quantum 
mechanics this symmetry is expressed by the fact that, if a function ¥ describes 
any possible state, then the complex conjugate function %* also corresponds 
to a possible state (§18). Hence the wave function 

etkr etkr 
——F*(—n’)— —S*F*(n’), 
r r 
which is the complex conjugate of (124.3), also describes some possible 
scattering process. We define a new arbitrary function by putting 
_ §*F*(n’) = ©(—n’). Using the unitarity of the operator S, we then have 


Fa(n’) = —($*)10(—n') = —S0(-n); 
using the operator Jf of inversion of the co-ordinates, which changes the sign 
of the vectors n and n’, we can write 
F*(—n’) = fF*(n’) = —15f0(n’). 
Thus we obtain the time-reversed wave function in the form 


e~tkr 


etkr eo 
0(—n’)— —ISfo(n’). 
r rT 
This must be essentially the same as the original wave function (124.3). 
Comparison shows that this implies the condition 


1Sf = §; (124.10) 


then the two functions differ only in the notation for the arbitrary function. 

The corresponding relation for the scattering amplitude is found by 
changing from the operator equation (124.10) to a matrix equation. ‘T'rans- 
position interchanges the initial and final vectors n and n’, while inversion 
changes their sign. Hence we have 


S(n,n’) = S(—n’, —n), (124.11) 
or, what is the same thing, 
f(n.n’) = f(—n', —n). (124.12) 


This relation (called the reciprocity theorem) expresses the obvious result that 
the amplitudes are the same for two scattering processes such that each is the 
time reversal of the other. Time reversal interchanges the initial and final 
states and reverses the direction of motion of the particles in those states. 
For scattering in a central field, the general relations obtained above can be 
simplified. In this case the amplitude f(n,n’) depends only on the angle @ 
between n and n’. The equation (124.12) therefore becomes an identity. 
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The unitarity condition (124.8) becomes 


R 
im (6) = = | FON) do, (124.13) 


where y, y’ are the angles between n, n’ and some direction fixed in space. 
If we use the expansion (122.13) for f(@), the addition theorem (c.8) for 
spherical harmonics gives from (124.13) the following relation for the partial 
amplitudes: 
im f; = A fil2. (124.14) 
This formula can also be derived directly from the expression (122.14), 
according to which |2zkf,+1|2 = 1. The optical theorem (124.9) is also easily 
deduced directly from formulae (122.10) and (122.11) for the case of scatter- 
ing in a central field. 
Rewriting (124.14) as im(1/f,) = —k, we see that the amplitude /; must have 


the form 
fi = 1/(gi—7k), (124.15) 


where g; = gi(k) is a real quantity.| We shall several times make use of this 
formula for the amplitude. 

Let us examine (for scattering in a central field) the relation between the 
scattering operator defined above and the quantities which appear in the 
theory given in §122. 

Since the orbital angular momentum is conserved in a central field, the 
scattering operator § commutes with the operator 1. In other words, the S 
matrix is diagonal in the J representation, and since the operator S is unitary its 
eigenvalues must have unit modulus, i.e. must be of the form e2%% with real 
5;. It is easy to see that these quantities are the same as the phase shifts of the 
wave functions, so that the eigenvalues of the S matrix are the quantities S; 
defined in (122.9). The eigenvalues of the operator f = (S—1)/2ik are the 
partial amplitudes (122.14). For, if we take P;(cos @) as the function F(n) 
(so that F(—n) = P)(—cos 8) = (—1)!P)(cos @)), the wave function (124.3) . 
must be the solution of SCHRODINGER’s equation represented by a term in 
the sum (122.8). Thus SP;(cos 6) = S;P;(cos 8). 

For a plane wave incident along the z-axis, the function F(m) in (124.2) is 
the delta function F = 48(1—cos 6), where @ is the angle between n and the 
z-axis, the delta function is defined as indicated in the second footnote to §123, 
and the coefficient of it is so chosen as to give simply (6) on substitution on 
the right-hand side of the definition (124.5); @ is now the angle between n’ 
and the z-axis. Writing the delta function in the form (123.3): 


F = 48(1—cos6) = > (21+1)P,(cos6), (124.16) 
1=0 


+ It is related to the phase 3: by 
fr = k cotd;. (124.15a) 


§125 Born’s formula 479 


and applying the operator / to it, we find that the scattering amplitude has the 
form (122.13), as it should. 

Finally, we may add the following remark. Mathematically, the unitarity 
condition (124.8) signifies that not every specified function f(n,n’) can be the 
scattering amplitude in some field. In particular, not every function f(@) can 
be the scattering amplitude in some central field. From (124.13), a certain 
relation must hold between its real and imaginary parts. If we write 
f(6) = | f |e, then, when the modulus | f | is given for all angles, (124.13) 
gives an integral equation from which the unknown phase «(6) can in principle 
be determined. In other words, from a scattering cross-section (i.e. | f |?) 
known for all angles we can in principle recover the amplitude. This process 
is, however, not completely unique and determines the amplitude only to 
within the alternative 


S(9) > —Ff*(4), (124.17) 


which leaves the equation (124.13) unchanged (and of course does not alter 
the cross-section | f |?).¢ This non-uniqueness is, however, removed if the 
scattering amplitude is regarded as a function of energy as well as angle. We 
shall see below (§§128, 129) that the analytical properties of the amplitude 
as a function of energy are not invariant under the transformation (124.17). 


§125. Born’s formula 


The effective scattering cross-section can be calculated in a general form 
in a very important case, namely that where the scattering field may be 
regarded as a perturbation.t It has been shown in §45 that this is possible 
when either of the two conditions 


|U] < h2/ma? | (125.1) 
or 
|U| <hvla = (i2/ma®)ka (125.2) 


holds, a being the range of action of the field U(r) and U the order of magni- 
tude of the field in the range where it is significant. When the first condition 
is satisfied, the approximation is valid for all velocities; the second condition 
shows that it is always applicable for sufficiently fast particles. 

In accordance with §45, we seek the wave function in the form ¢ = 
7) 440), where ©) = e** corresponds to an incident particle having 
wave vector k=p/f. From formula (45.3) we then have 


7 


dV 
8,992) = 5 | Ully aaa (125.3) 


2h? 

+ The transformation (124.17) is equivalent to a simultaneous change of sign of all the phases 6: 
in (122.10). 

+ In the general theory derived in §122 this approximation corresponds to the case where all the 


phases 8: are small; it is also necessary that these phases can be calculated from SCHRODINGER’s 
equation with the potential energy regarded as a perturbation (see Problem 4). 
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Taking the origin at the scattering centre, we introduce the radius vector 
R, from the origin to the point where the value of 4 is required, and 
denote by n’ a unit vector along Ry. Let the radius vector of a volume 
element dV’ be r’; then R = R,—r’. At large distances from the centre, 
Ry > 1’, so that 


R = |Ro—r'| & Ro—r’.n’. 


Substituting this in (125.3), we have the following asymptotic expression for 
yi); 
m etkR, 


Dy ——_ 
v 27h? Ro 


| U(r’ etek’) AV’ 


(where k’ = kn’ is the wave vector of the particle after scattering). Compar- 
ing this with the scattering amplitude given by formula (122.3), we find for 
the latter the expression 


m 
fi | Ue-ta dV, (125.4) 
where we have renamed the variable of integration and introduced the vector 
q =k’-k, (125.5) 
whose absolute magnitude is 
q = 2ksin}0, (125.6) 


6 being the angle between k and k’, i.e. the scattering angle. 

Finally, squaring the modulus of the scattering amplitude, we have the 
following expression for the effective cross-section for scattering into the 
solid angle element do: 


m2 
~~ 4n2hit 


2 
i Ue-tard V| do. (125.7) 


We see that the scattering with a momentum change fq is determined by the 
squared modulus of the corresponding Fourier component of the field U. 
Formula (125.7) was first obtained by M. Born (1926). In the theory of 
collisions, the approximation considered here is often called the Born approxi- 


mation. 
It may be noted that, in this approximation, the relation 


f(k,k’)=f*(k',k) (125.8) 


holds between the amplitudes of the direct and inverse scattering processes, 
i.e. processes differing by the interchange of the initial and final momenta, 
without the change of sign such as occurs in time reversal. Thus another 
symmetry property, in addition to the reciprocity theorem (124.12), appears 


§125 Born’s formula 481 


in scattering. This property is closely related to the smallness of the scatter- 
ing amplitudes in perturbation theory, and follows immediately from the 
unitarity condition (124.8) if we neglect the integral term quadratic in f-t 
Formula (125.7) can also be obtained by another method (which, however, 
does not determine the phase of the scattering amplitude). We can start 
from the general formula (43.1), according to which the transition probability 
between states of the continuous spectrum is given by the expression 


dw, y = (2n/h)|U,,,\2 (E,—E,,)dv. 


In the case under consideration, we have to apply this formula to a transition 
from the state of the incident particle with a given initial momentum p to 
the state of the particle, with momentum p’, scattered into the element of 
solid angle do’. As the “interval” of states dv we can take the volume element 
dp’ , dp’,, dp’, in momentum space. Substituting for Z,—E,, the difference 
(p’2—p?)/2m of the energies of the free particles with momenta p’ and p, 
we obtain 

dtdpy: = (4nm|h)| Upy|?8(p'>—p?) dp’ dp’ y dpe. (125.9) 


The wave functions of the incident and scattered particles are the functions 
for free motion, i.e. plane waves: 


ty = constant x efp.r/h, Pp =: constant x e!p’-r/?, 


Since we have taken as the “interval” dv’ an element of momentum space, the 
wave function ys, must be normalised by the delta function in momentum 
space: 

ip = elt Mn’ |(2nrf)8/2. (125.10) 


We normalise the function ¥, to unit current density: 


bp = J (mpc, (125.11) 


Then the probability (125.9) will have the dimensions of area, and is the 
differential effective scattering cross-section. 

The presence of the delta function in formula (125.9) means that p’ = p, 
i.e. the absolute magnitude of the momentum is unchanged, as it should 
be in elastic scattering. We can remove the delta function by changing to 
“spherical co-ordinates” in momentum space (i.€. by replacing dp’, dp’, dp’, 
by p’2dp’ do’ = 4p’d(p’")do’) and integrating over p’. The integration 
amounts to replacing p’ by in the integrand, and we obtain 


do = (2nmp|h)| [Y¥p*UpydV Pde’. 


+ Hence it is clear that this property no longer holds in even the second approximation of perturba- 
tion theory. At first sight it may seem that the formula in the second approximation (see Problem 6) 
is also symmetrical with respect to interchange of the initial and final states. In reality this symmetry 
does not exist, because when the complex conjugate formula is taken the contour of integration is 
altered, the direction of passage round the singular point being reversed. 
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Substituting the functions (125.10), (125.11), we reach once more the final 
expression (125.7). 

In the form (125.7), this formula is applicable to scattering in a field 
U(x, y, 2) which is any function of the co-ordinates, and not only a function of 
r. In the case U = U(r), however, this formula can be further transformed. 
In the integral 


| U(r)e-tax dV 
we use spherical space co-ordinates r,9, 4, with the polar axis in the direction 


of the vector q, denoting the polar angle by 9 to distinguish it from the 
scattering angle 8. The integration over 9 and¢ can be effected, and we obtain 


Qn 2 00 
r . sin gr 
| | | U(r)etat <8 972 sin§ dddddr = 42 i} U(r) r dr. 
q 
000 0 


Substituting this expression in (125.4), we obtain the following formula 
for the scattering amplitude in a centrally symmetric field: 


jo -B fo 


sin gr 
r dr. (125.12) 
q 


h 


For 6 = 0 (i.e. g = 0), the integral diverges when U(r) decreases at infinity 
not more rapidly than 1/r® (in accordance with the general results of §123). 

We may call attention to the following interesting fact. The momentum p 
of the particle and the scattering angle @ enter (125.12) only through gq. Thus, 
in the Born approximation, the effective cross-section depends on p and 6 
only in the combination p sin 40. 

Returning to the case of arbitrary fields U(x, y, 2), let us consider the 
limiting cases of small velocities (ka < 1) and large velocities (ka > 1). For 
small velocities, we can put e~*a* ~ 1 in (125.4), so that 


See ay (125.13) 
Oni 
while if U = U(r), 
2m P 
f--= | U(r)r2 dr. (125.14) 
0 


Here the scattering is isotropic and independent of the velocity, in accord- 
ance with the general results of §130. 

In the opposite limiting case of high velocities, the scattering is markedly 
anisotropic and mainly forward in a narrow cone of angle A@ ~ 1/ka; since 
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outside this cone the quantity q is large, the factor e~4 is a rapidly oscillating 
function, and the integral of its product with the slowly varying function 
U is almost zero. 

The law of decrease for large g is not universal and depends on the specific 
form of the field. If the field U = U(r) has a singularity at r = 0 or at any 
other real value of 7, the integral (125.12) is mainly determined by the range 
near the singular point, and the cross-section decreases according to a power 
law. The same applies to the case where the function U(r) has no singularity 
but is not an even function; here the region near 7 = 0 is the most important 
in the integral. If U(r) is an even function of 7, however, the integration may 
be formally extended to negative values of 7, i.e. taken along the whole of the 
real axis of the variable 7, after which (if U(r) has no singularity on the real 
axis) the path of integration may be moved into the complex plane until it 
meets the nearest complex singularity. Then, for large q, the integral will 
decrease exponentially. It should be borne in mind, however, that the Born 
approximation is in general inadequate to calculate this exponentially small 
quantity (see also §127). 

Although the value of the differential scattering cross-section within the 
cone A@ ~ 1/ka does not depend greatly on the velocity, the total scattering 
cross-section (assuming that the integral [ do does converge) decreases at high 
energies owing to the decreasing angle of the cone, in proportion to the solid 
angle of the cone, i.e. as (AQ)? ~ 1/k2a?, or inversely as the energy. 

In many physical applications of collision theory the quantity which 
describes the scattering is the integral 


ctr = [ (1—cos8) do, (125.15) 


often called the transport cross-section. Arguments similar to those given above 
show that at high velocities this quantity is inversely proportional to the square 
of the energy. 


PROBLEMS 


PROBLEM 1. Determine, in the Born approximation, the effective scattering cross-section 
for a spherical potential well: U = —Uoforr <a, U =O forr >a. 


SoLuTIon. The calculation of the integral in (125.12) gives 


do = 4 


0. 


F mUpa? \2 (sin ga— ga cos ga)? d 
Ce) (qa) 


The integration over all angles (which is conveniently effected by using the variable 
q =[2k sin 46 and replacing do by 27g dq/k?) gives the total scattering cross-section 


1———_- + —-_ — 
(2ka)2 (2ka)8  (2ka)4 


2a ( mUpa2 i: [ 1 sin4ka sin? ~| 
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In the limiting cases this formula gives 


16zra2 / mUpa2 \2 
G = ( ) for ka <1, 
9 he 
2 mUpa2 2 
o= =() for ka> 1. 
k2 he 


PROBLEM 2. The same as Problem 1, but in a field U = Upe-??/e?. 


SoLuTion. The calculation is conveniently effected from formula (125.7), taking the 
direction of q along one of the co-ordinate axes. The result is 


and the total cross-section is 
2 
a) (1—e-2k°a2), 


The condition for these formulae to be applicable is given by the inequalities (125.1), (125.2) 
with Uo in place of U. The formula for de is also inapplicable if the exponent is large. 


PROBLEM 3. The same as Problem 1, but in a field U = (a/r)e-*/e, 
SoLuTION. The calculation of the integral in (125.12) gives 


ama \2 do 
fee 4a2/ ) ete 
hi2 (qa + 1)2 
The total cross-section is 
ama \2 1 
o= 16nae( ) ee 
he ) 4ka2+1 


The condition for these formulae to be applicable is found from (125.1) and (125.2) with 
a/a instead of U: ama/h? <1 ora/liv <1. 

PROBLEM 4. Determine the phases 5; for scattering in a centrally symmetric field for the 
case corresponding to the Born approximation. 


SOLUTION. For the radial wave function x = rR for motion in the field U(r), and for the 
function x‘ for free motion, we have the equations (see (32.10)) 


“4[e W(l+1) 2m 


7r2 h2 
+1 
yr" [ #e— Ket 2 0 = 
7 


Multiplying the first equation by x(), the second by x, and subtracting, followed by integra- 
tion with respect to 7 (using the boundary condition x = 0 at r = 0), we obtain 


2m 
XOXOXO") = | Uyy dr, 
0 


+ The inapplicability of perturbation theory in this case is easily seen by calculating the scattering 
amplitude in the second approximation (see Problem 5); although the coefficient of the exponential 
is small in comparison with the coefficient in the first-approximation term, the negative exponent is 


only half as great. 
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Regarding U as a perturbation, we can put x & x!) on the right-hand side. For r > 0 
the asymptotic expressions (33.10), (33.18) can be used on the left-hand side, while in the 
integral we substitute the exact expression (33.9a). The result is 


; nit 
sings = 8; = — > | U(r) Jussyo(kr) Pr dr. 
0 


This formula could also be derived by a direct expansion of the Born scattering amplitude 
(125.4) in Legendre polynomials in accordance with (122.10) (for small 62). 


ProsLeM 5. Determine the scattering amplitude in the second approximation of pertur- 
bation theory. 


SOLUTION. From a comparison of formulae (43.1) and (43.5) we conclude that the change 
from the first-approximation to the second-approximation formulae is effected by replacing 
the integral 


Ung = i Ue-tk’-k)-r dV 
by 


Uy-1«+ ——— 


2 Uyr—4" Uy" 
m le k/—k” Uk K 3p” (1) 


(2m)sh2 J k2—k'2+78 
(with 6 — +0 after the integration). It may be noted that, owing to the method of integration, 
the second term already lacks the property (125.8). 


PROBLEM 6. Determine, in the second approximation of perturbation theory, the scatter- 
ing amplitude in the limit of low energies (I. Ya. PoMERANCHUK 1948). 


SoLuTion. For k > 0 the integral in the second term of formula (1) becomes 


d8k" 
~ i | | Ue) U(e" ete" VV" 


= —2n »| [== COE) av av’; 


jr—r"| 


here we have used the formula f 


dk 1 
| etk.(r_r’) = ‘ 
2n2k2 |r—r'| 


Thus the scattering amplitude is 


~~ a J Pare) [Peete 


For a central field, this formula gives 


2m 8m? 
== =| Ur2 dr+ 7 | | U(r) U(r')r2 dr. 7’ dr’. 
r’>r 


+ See The Classical Theory‘of Fields, §51. 
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The second term in formula (2) is always positive (as is evident from the original form 
of the integral in k-space). Hence it follows that, in a repulsive field (U > 0) the first Born 
approximation always gives too high a value, and in an attractive field (U <0) too low a 
value, for the scattering cross-section at low energies. 


§126. The quasi-classical case 


It is of interest to investigate the manner in which the passage occurs from 
the quantum-mechanical theory of scattering to the limit of the classical 
theory. 

Omitting from consideration a scattering angle 6 of zero, we can write 
the scattering amplitude given by the exact quantum-mechanical theory in 
the form (123.4): 


f(0) = (1/2ik) 3 (21+1)P;(cos6)e2#31, (126.1) 


We know that the quasi-classical wave functions are characterised by having 
large phases. It is therefore natural to suppose that large phases 6, 
correspond to the passage to the limit of the classical theory of scattering. 
The value of the sum (126.1) is mainly determined by the terms with large J. 
Hence we can replace P, (cos @) by the asymptotic expression (49.7), which 
we write in the form 


P,(cos 0) = — 5 pettrs2yo4t0 4 e-Ul+1/2)6 47/4), 
/(2zl sin 8) 


Substituting this expression in (126.1), we obtain 


2m sin 8 


f (8) = : > y gto, 141) 2)6 -1/4)__. eAl28,+(1+-1/ 2)0+0/4) 
(126.2) 


The exponential factors, regarded as functions of J, are rapidly oscillating 
functions, since their phases are large. The majority of the terms in the 
sum in (126.2) therefore cancel. The sum is mainly determined by the range 
of values of J near that for which one of the exponents has an extremum, 
i.e. near the root of the equation 


2 d3/d/-0 = 0. (126.3) 


In this region there are a large number of terms in the series for which the 
exponential factors have almost the same value (since the exponents vary 
slowly near the extremum), and which therefore will not cancel. 

The phases 6, in the quasi-classical case can be written (see §123) as the 
limit to which the difference between the phase 


iets J veemue— veya ayer) a 
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of the quasi-classical wave function in the field U(r) and the phase 
kr—4ln 
(see §33) of the wave function of free motion tends as r + oo. Thus 


oe) 


1 
8) = { [evi2m(E— U)—n(L+4)%42}—H} dr+-4n(l+3)—kro. (126.4) 


ur 


This expression is to be substituted in equation (126.3). In finding the 
derivative of the integral, it must be remembered that the limit of integration 
r, also depends on /; the term k dr,/dl arising from this, however, cancels 
with the derivative of the term —hrp in 6). 

h(1+4) is the angular momentum of the particle. In classical mechanics, 
it can be written in the form mpv, where p is the impact parameter, and v 
is the velocity of the particle at infinity. We make this substitution ; equation 
(126.3) then takes the final form 


coe) 


se 0 126.5 

J r24/[2m(E—U)—(mop/r)?] oi en 
T> 

In a repulsive field this equation has a root (for p) only for a minus sign in 

front of @ on the right-hand side, and in an attractive field only for a plus 

sign. 

Equation (126.5) is exactly the same as the classical equation which deter- 
mines the scattering angle from the impact parameter.t It is easy to see 
that the classical expression for the effective cross-section is in fact obtained. 

The derivation given above shows that the conditions for classical scattering 
through a given angle @ are that the value of J for which (126.3) holds should 
be large, and that 8, should also be large for this value of /. This latter 
condition has a simple physical interpretation. If we can speak of classical 
scattering through an angle 6 when the particle is incident at an impact 
parameter p, it is necessary that the quantum-mechanical indeterminacies 
of these two quantities should be relatively small: Ap < p, A0 < 4. The 
indeterminacy in the scattering angle is of the order of magnitude AO ~ Ap/p, 
where p is the momentum of the particle and Ap is the indeterminacy in its 
transverse component. Since Ap ~ h/Ap > h/p, we have A@ > ii/pp, and 
thus 

6 > hipmv. (126.6) 


Replacing the angular momentum mpv by fil, we obtain 61 > 1, which is 
the same as 5, > 1 (since 5; ~ 10, as we see from (126.3)). 


+ See Mechanics, §18. 


£ The calculation is effected by replacing the summation over / in (126.2) by an integration over a 
region round the extremum point of the exponent. 
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The classical angle of deviation of the particle can be estimated as the 
ratio of the transverse momentum increment Ap during the ‘“‘collision time’’ 
t ~ p/v and the original momentum mv. The force acting on the particle at a 
distance p is U'(p); hence Ap ~ |U(p)|p/v, so that 6 ~ |U'(p)|p/mv?. This 
estimate is strictly valid only if 6 < 1, but it can be applied to give an order 
of magnitude even if @ ~ 1. Substitution in (126.6) gives the condition for 
quasi-classical scattering in the form 


|U(p)|p? > hho. (126.7) 


This inequality must hold for all values of p such that |U(p)| < E. 

From this we can draw a number of conclusions. If the field U(r) decreases 
more rapidly than 1/r, the condition (126.7) always ceases to be satisfied for 
sufficiently large p. Small 6, however, correspond to large p; thus scattering 
through sufficiently small angles is never classical. If, on the other hand, 
the field decreases less rapidly than 1/r, the scattering through small angles 
is classical; whether the scattering through large angles is classical in this 
case depends on the behaviour of the field at small distances. 

For a Coulomb field, U = «/r, the condition (126.7) is satisfied if « > hv. 
This is the opposite condition to that for which the Coulomb field can be 
regarded as a perturbation. We shall see, however, that the quantum theory of 
scattering in a Coulomb field leads to a result which, as it happens, is always 
in agreement with the classical result. 


PROBLEM 
Find the total effective cross-section for quasi-classical scattering in a field which has the 
form U = a/r® (n> 2) at sufficiently large distances. 
SOLUTION. Bearing in mind that the phases 6; with large J are the most important, we 
calculate them from (123.1): 
ro) 


ma dr 
i: =—-— | ———.. (1) 
J m/(P—P hr) 


Making the substitution /?/k?r? = €, we reduce the integral to EuULER’s well-known form, 


obtaining 
— _ make? DG)PGn—}) (2) 
ORIN Gn) 


Replacing the summation in (122.11) by an integration, we write 
4ar ; 
o =— | 21 sind, dl. 
R2 


To integrate, we substitute 6; = u and integrate once by parts with respect to u, reducing 
the integral to a gamma function. The result is 


o = 2nnin-2) sin| Jr. lr (— ee 2/n—1) ( . ae 
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The chief condition for the applicability of this formula is that / > 1 for 8; ~ 1; this gives 
the inequality 


mak"-2[h2 > 1, 
The field U(r) must have the form in question from distances 


rw Ik ~ (a/fiv)i/n-D 


outwards (I being obtained from 8; ~ 1), these distances playing the principal part in the 
integral (1). 


§127. Scattering at high energies 


If |U| is not small compared with h?/ma?, a situation can occur where 
the energy of the particles undergoing scattering is so large that 


|U| < E ~ (h2/ma®)(ka)?, (127.1) 
yet the condition 
|U| = (h2/ma®)ka = hivia 


holds. In this case we have scattering of fast particles to which the Born 
approximation is not applicable; neither of the conditions (125.1), (125.2) 
is satisfied. 

To examine this case, we can use the expression for the wave function 
obtained in §45, in the form 


~ 2 
i = ofthe exp(— =e | u dz) (127.2) 
ho J 


(see (45.9)). As has been mentioned in §45, this expression is valid only 
for x < ka?, and so it can not be immediately extended to distances beyond the 
centre of scattering where the asymptotic expression (122.3) holds. ‘This is not 
necessary, however; to calculate the scattering cross-section, it is sufficient 
to know the wave function at distances z such that a < z < ka, and the 
integral in the exponent in (127.2) can be extended to infinity. 

Let us consider scattering through small angles, with a small change in 
the momentum /iq; in view of the smallness of the absolute magnitude of the 
vector q (g < R), it can be regarded as being perpendicular to the wave vector 
k of the incident particle, i.e. as lying in the xy-plane. The wave scattered 
with wave vector k’ = k+q is obtained by separating from the wave function 
the appropriate Fourier component, and the scattering amplitude is pro- 
portional to the amplitude of that component :T 


fr J eth’ AV, 


+ This method of determining the scattering amplitude is analogous to that used in the treatmen 
of Fraunhofer diffraction (see The Classical Theory of Fields, §61). 
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In this case the integration with respect to V reduces to an integration in the 
xy-plane: 


; 00 
f= c [ exp(- =| U dz—iq. e) dx dy, (127.3) 
v 


where p is the radius vector in the xy-plane. The proportionality coefficient 
may be found by taking the limit of high energies, where 


17 Ua 
— | Vae~— <1, 
vd. hv 


so that the Born approximation is valid. By carrying out the appropriate 
expansion of the integrand in (127.3), we find 


i 
f= -c— [ emer ar. 
U 


A comparison with the Born approximation (125.4) shows thatt 
C = —tk/2z. (127.4) 


It has already been mentioned in §125 that the Born approximation is not 
applicable to the scattering of fast particles through large angles if the cross- 
section is exponentially small. The method given here is also inapplicable 
under these conditions. Such cases are actually quasi-classical, and pertur- 
bation theory cannot be used. 

In accordance with the general rules of the quasi-classical approximation 
(cf. §§52, 53), the exponent in the exponential law of decrease of the scattering 
cross-sections can be determined by considering “‘complex paths’’ in the 
classically inaccessible region of motion.{ 


+ Formulae (127.3), (127.4) can also be obtained directly from the general formula (122.10) if 
we use the fact that in the case considered 


17 

28 = - — | Ude 
hv 
—00 


(as follows, for example, from (123.1) with ro ~ I/k, r  +/[z?-+-(I/R)*]), and also use formula (49.6) 
for the Legendre polynomials when / is large and 9 is small. The latter formula must be put in the 
form 

2a 


1 
P,(cos 6) = oe { el(l+1/2)0c089 df 
i 


by means of the well-known expression for the Bessel function, and the summation over J in (122.10) 


must be replaced by an integration. 
t A discussion of the coefficient of the exponential is given by A. Z. PATASHINSKIT, V. L. PoKrovsxit 


and I. M.{Kuaratnixov, Soviet Physics JETP 18, 683, 1964. 
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In the classical scattering problem the relation between the angle of devia- 
tion @ of the particle in a field U(r) and the impact parameter p is given by 


co 


r6) = | 


To 


p dr 


—_—__—_____——., (127.5) 
Pa/(1—p?/72— U]E) 


where 7 is the minimum distance from the centre, a root of the equation 
1—p?/r?—U/E = 0; (127.6) 


see (126.5). The case of interest to us corresponds to the range of angles 
which cannot occur in the scattering of a classical particle.t These angles 
therefore correspond to complex solutions p(@) of equation (127.5) (with 
corresponding complex values of ro). From the function p(@) thus found and 
the classical orbital angular momentum mzp of the particle we calculate the 
action 


S(6) = mv | (8) d8, (127.7) 

where v is the velocity of the particle at infinity. The scattering amplitude is 
1 

f~ exp(- A im s()). (127.8) 


Equation (127.6) has in general more than one complex root. The value of ro 
in (127.5) must be taken as that root which gives the smallest positive 
imaginary part im S. In addition, if the function U(r) has complex singu- 
larities, they must also be considered as possible values of 79. 

The region r ~ ro is the most important in the integral (127.5). For large 
energies E, the term U/E under the radical can be omitted. Carrying out the 
integration, we then have 


p = 7% cos46. (127.9) 
If ro is a singular point of the function U(r), it depends only on the pro- 


perties of the field, but not on p or E. Calculating S from (127.7), we find 
in this case that the scattering amplitude is 


2mv 
fr exp(— sin $0 imro). (127.10) 


If, however, 79 has to be taken as a root of equation (127.6), the form of the 
exponent depends on the particular properties of the field. For example, 


+ The method described here is valid not only for large E but generally for all cases of exponentially 
smal] scattering. 

+ It may be recalled (see §125) that, if U(r) has a singularity for real r, the decrease of the cross- 
section is not exponential. 
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with the function 
U = Upe-(r/a)? 


(which has no singularity at a finite distance) we obtain from the equation 


U/E = 1—p2/r2 ~ sin?46 
the result 
ro = 1av/ log([E/Up] sin? 46). (127.11) 


Owing to the very slight dependence on 6, r9 may be regarded as constant in 
the integration in (127.7), and we find for the scattering amplitude the formula 
(127.10) with 79 given by (127.11). 


§128. Analytical properties of the scattering amplitude 


A number of important properties of the scattering amplitude can be 
established by considering it as a function of the energy E of the particle 
undergoing scattering, this energy being formally regarded as a complex 
variable. 

Let us consider the motion of a particle in a field U(r) which vanishes 
sufficiently rapidly at infinity (the necessary degree of rapidity will be specified 
later). To simplify the discussion we shall first suppose that the orbital 
angular momentum / of the particle is zero. We can write down the asymp- 
totic form of the wave function (the solution of ScHRGDINGER’s equation with 
1 = 0 for any given value of E) as 


x=nb= AE) exp( = eo) + B(E) exp(“—), (128.1) 


and regard Eas a complex variable, defining \/ — E as being positive when F is 
real and negative. The wave function is assumed normalised by some definite 
condition, say %(0) = 1. 

On the left half of the real axis (E < 0) the exponential factors in the two 
terms in (128.1) are real; one decreases and the other increases as r > 00. 
From the condition that y is real it follows that the functions A(E) and B(E) 
are real for E < 0, and from this in turn it follows that these functions have 
complex conjugate values at any two points lying symmetrically about the 
real axis: 

A(E*) = A*(E), —_B(E*) = B*(E). (128.2) 


On going from the left half to the right half of the real axis through the 
upper half-plane we obtain an asymptotic expression for the wave function 
for E > 0 in the form 


x = A(E)ettr + B(E)e-thr, bk = 4/(2mE)/h. (128.3) 
If a path through the lower half-plane is used, however, the result is 
xX = A*( E)e~tkr + B* E)etkr, 
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Since x must be a single-valued function of E, this means that 
A(E) = BE) for E> 0; (128.4) 


this relation also follows directly from the fact that x is real for E > 0. 
Nevertheless, because the root +/—£ in (128.1) is not single-valued, the co- 
efficients A(E) and B(E) themselves are not single-valued. To avoid this, we 
cut the complex plane along the right half of the real axis. The cut makes 
4/ —E single-valued, and so the functions A(E) and B(E) are uniquely 
determined. They have complex conjugate values on the upper and lower 
edges of the cut (in (128.3), A(E) and B(E) are taken on the upper edge). 
The complex plane cut in the manner described above will be called a 
physical sheet of the Riemann surface. According to our definition we have 

everywhere on this sheet 
re «/—E > 0. (128.5) 


In particular, on the upper edge of the cut ./—£ thus defined becomes 
—14/E.t 

In (128.3) the factors er and er, and so also the two terms in x, are 
quantities of the same order of magnitude; an asymptotic expression of the 
form (128.3) is therefore always legitimate. Everywhere else on the physical 
sheet the first term in (128.1) decreases exponentially, and the second term 
increases exponentially, as 7 > 00 (because of (128.5)). Hence the two terms 
in (128.1) are of different orders of magnitude, and this expression may not 
be legitimate as the asymptotic form of the wave function: the small term 
compared with the large one may represent an unjustified exaggeration of 
accuracy. For the expression (128.1) to be legitimate the ratio of the small 
and large terms must not be less than the relative order of magnitude of the 
potential energy U/E, which is neglected in SCHRODINGER’s equation on going 
to the asymptotic region. In other words, the field U(r) must be such that 


24/ (2m) 
h 


U(r) decreases more rapidly than exp( rre/ -F) asr —> oo. (128.6) 


When this condition is satisfied, the asymptotic expression of the form 
(128.1) is valid everywhere on the physical sheet. Being a solution of an 
equation with finite coefficients, it has no singularity with respect to E. 
This means that the functions A(E) and B(E) are regular everywhere on the 
physical sheet except the point E = 0, which, being the point where the cut 
begins, is a branch point of these functions. 

+ In the rest of this section we shall be considering the properties of the scattering amplitude on 


the physical sheet. Later, however, it will sometimes be necessary to consider another ‘‘non-physical”’ 
sheet of the Riemann surface (see §132). On this sheet 


re4/—-E <0. (128.5a) 


The passage from the right half of the axis to the non-physical sheet is made directly down “through 
the cut’. 
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The bound states of a particle in the field U(r) correspond to wave functions 
which vanish as r > oo. This means that the second term in (128.1) cannot 
appear, i.e. the discrete energy levels correspond to zeros of the function 
B(E). Since ScHROpINGER’s equation has only real eigenvalues, all the 
zeros of B(E) on the physical sheet are real (and lie on the left half of the real 
axis). 

The functions A(E) and B(E) for E > 0 are directly related to the scattering 
amplitude in the field U(r): comparing (128.3) with the asymptotic expression 
for x written in the form (122.7), 


X = constant x [ef(4r+d0) — e-tlkr+do)], (128.7) 
we see that 
— A(E)/B(E) = e2#80(B), (128.8) 


The scattering amplitude with angular momentum / = 0 is, according to 
(122.14), 


1 A 
=p ae ( pete 1). ett): 128.9 
fo rr ) B ( ) 


imi 
24/(—2mE) 
here A and B are taken on the upper edge of the cut. 

Considering now the scattering amplitude as a function of E over the whole 
physical sheet, we see that the discrete energy levels are simple poles of this 
function. If the field U (r) satisfies the condition (128.6), the above discussion 
shows that the scattering amplitude has no other singular points. 

Let us calculate the residue of the scattering amplitude at its pole for some 
discrete level E = Ey < 0. To do so, we write down the equations satisfied 
by the function y and its derivative with respect to energy: 

addy 0 oy \" ait ap ok 2m 
” ae -_ = 0, et dn he eee _ sc SS es a 
x4 UNx (=) pe VE i 
Multiplying the first by @y/2E, the second by yx, subtracting, and integrating 
with respect to r, we obtain 


r 
, ox (=) 2m od 
Es —_—— = —- T. 
x x oE ‘ x 


We apply this relation for E = Ey and r > o. The integral on the right- 
hand side becomes unity for r -> oo if the wave function of the bound state is 
normalised by the usual condition f y2dr = 1. On the left-hand side we 
substitute y from (128.1), using the fact that, near the point E = Eo, 


A(E) = A(Eo) = Ao, — B(E) © (E+|Eo))[4B/4E]z-2, = B(E+|Eo)- 


+ Except the point E = 0, which is singular, because of the singularity of A(E) and B(E) previously 
mentioned. The scattering amplitude, however, remains finite as E —> 0 (see §130). 
In future we shall, for brevity, omit this qualification. 


§128 Analytical properties of the scattering amplitude 495 


The result is 


B 1 m 

7 a 2|Eo| 

By means of these expressions we find that, near the point E = Eo, the prin- 
cipal term in the scattering amplitude (i.e. the amplitude for J = 0) has the 


form 


h2Ao? 1 
fos (128.10) 


Thus the residue of the scattering amplitude at the discrete level is deter- 
mined by the coefficient Ag in the asymptotic expression 


call) 


128.11 
; ( ) 


x = Ao exp( 
of the normalised wave function of the corresponding stationary state. 

Returning to the examination of the analytical properties of the scattering 
amplitude, let us consider cases where the condition (128.6) is not satisfied. 
In such fields only the increasing term in (128.1) is the correct part of the 
asymptotic form of the solution of SCHRGDINGER’s equation over the whole 
of the physical sheet. Accordingly, we can, as before, assert that the function 
B(E) has no singularity. 

The function A(Z) under these conditions can be determined in the complex 
plane only as an analytical continuation of the function which is the coefficient 
in the asymptotic expression for y on the right half of the real axis, where the 
two terms in y are both legitimate. In general, however, such a continuation 
now gives different results according as it is carried out from the upper or the 
lower side of the cut. To obtain a single-valued function, we shall agree to 
define A(E) in the upper and lower half-planes as the analytical continuation 
from the upper and lower sides of the right half of the real axis respectively ; 
the cut must then in general be extended to the whole of the real axis. The 
function thus defined has as before the property A(Z*) = A*(E), but in 
general is not real either on the right or on the left half of the real axis. It 
may also, in principle, possess singularities. 

We shall show, however, that there is nevertheless a class of fields for 
which the function A(EZ) has no singularity on the physical sheet, although 
the condition (128.6) is not satisfied. 

To do so, we regard yx as a function of a complex variable 7 for a given 
(complex) value of FE. Here we need only consider values of E in the upper 
half-plane, since the values of the function A(£) in the two half-planes are 
complex conjugates. For values of r such that Er? is real and positive, the 
two terms in the wave function (128.1) are of the same order, i.e. we return 
to the situation which occurs when E > 0 and, is real, when both terms in the 
asymptotic expression for y are legitimate for any field U(r) which tends to 
zero at infinity. We can therefore say that A(Z) cannot have singular points 
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for values of E such that U(r) > 0 whenr > oo along a line on which Ey? > 0. 
When E takes all values in the upper half-plane, the condition Er? > 0 
selects the lower right quadrant in the complex 7-plane. Thus we conclude 
that A(E) also has no singularity on the physical sheet when U(r) satisfies the 
condition} 


U(r) -> 0 when r — oo in the right half-plane. (128.12) 


The conditions (128.6) and (128.12) cover a very wide class of fields. We 
can therefore say that the scattering amplitude usually has no singularity in 
the two half-planes. On the left half of the axis (which is part of the physical 
sheet if not cut) the scattering amplitude has poles corresponding to the 
energies of the bound states; when the cut exists, there may be other singu- 
larities also. 

This happens, in particular, in fields of the form 


U = constant x rte-t/a (128.13) 


with any 2. On the segment 0 < —E < h2/8ma? of the left half of the axis, 
the condition (128.6) holds, and so there need not be a cut; the scattering 
amplitude has only poles corresponding to the bound states. On the remainder 
of the left half of the axis there may be “redundant” poles and other singu- 
larities.{ The appearance of these is due to the fact that the function (128.13) 
no longer tends to zero when 7 -> © along a line on which Er? > 0, as soon 
as E moves below the left half of the axis (i.e. this line falls to the left of the 
imaginary axis in the complex r-plane). 

Next, let us consider the analytical properties of the scattering amplitude 
as |E| -> oo. When E -> + along the real axis, the Born approximation is 
valid and the scattering amplitude tends to zero. According to the above 
discussion, this situation also occurs when E tends to infinity in the complex 
plane along any line arg E = constant, if we consider complex values of r 
for which Er? > 0. If U ->0 when r > o along a line argr = —4arg E, 
and U(r) has no singular point on this line, then the condition for the Born 
approximation to be valid is satisfied and the scattering amplitude again tends 
to zero. When arg E takes all values from 0 to z, argr takes values from 
0 to —4r. 

We therefore conclude that the scattering amplitude tends to zero at 
infinity in all directions in the E-plane if the function U(r) has no singular 
point in the right half-plane of r and tends to zero at infinity. 

Although we have have spoken throughout of scattering with angular 
momentum / = 0, all the above results are in fact valid for the partial scatter- 
ing amplitudes with any non-zero angular momentum. The only difference 


} Since U(r) is real on the real axis U(r*) = U*(r); thus the condition (128.10) is satisfied through- 
out the right half-plane if it is satisfied in the lower right quadrant. 

+ The possibility of the existence of such “redundant” poles for E< 0 was first indicated by 
S. T. Ma (1946). 
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in the derivations is that, instead of the factors e+**r in the asymptotic expres- 
sions for y, we should have to use the exact radial wave functions for free 
motion (33.14). 

Some changes are needed in formulae (128.9) and (128.10) when / # 0. 
Instead of (128.7) we now have 


x1 = rR; = constant x {exp[i(kr — lr +. 8;)] — exp[—i(kr —41r+6))]}, (128.14) 
and for the partial amplitude f; (defined according to (122.14)) we obtain 


h A 
a = ~ +1). 128.15 
f ere ( "3 ( ) 
The principal term in the scattering amplitude near the level E = Eo with 
angular momentum / is given by the formula 
Ff = (214+ 1)fiP;(cos 6) 


= (—1)H1 


instead of (128.10). 


§129. The dispersion relation 


In the previous section we have studied the analytical properties of the 
partial scattering amplitudes with given values of /, and have seen that these 
properties are complicated by the possible appearance of “redundant’’ 
singularities and non-regularity at infinity. The total amplitude, regarded as 
a function of energy for given values of the scattering angle, evidently has 
similar properties. The scattering amplitude for scattering angle zero forms 
an exception, however: as we shall now show, its analytical properties are 
considerably simpler. 

Writing ScHRODINGER’s equation for the wave function of the particle 
undergoing scattering as 

Abt Re = (2mU/h2)f, (129.1) 


we may formally regard it as a wave equation with a non-zero right-hand side, 
i.e. as the equation of “retarded potentials” well known in electrodynamics. 

The solution of this equation which describes the ‘“‘emission’’ in some 
direction k’ at large distances Ro from the centre has the form} 


’ 1 etkRo { 2mU is dV 
= SS ——i —tk 
sc — e ‘ ‘ 
477 Ro he 

+ The limiting form (33.15) of these functions can be used only for E >0; in the rest of the 
E-plane, where the two terms in x are of different orders of magnitude, the use of these limiting 
expressions would involve an error in x which is in general greater than that which arises from 
neglecting U in SCHRODINGER’s equation. 

t See The Classical Theory of Fields, §66. 
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In the present case this represents the wave function of the scattered particle, 
and the coefficient of e"#/Ro gives the scattering amplitude (6,E). In 
particular, putting k’ = k (where k is the wave vector of the incident particle), 
we obtain the scattering amplitude for scattering angle zero: 


m 
HOEY = = | Usbe-tke dV (129.2) 


(the z-axis being taken in the direction of k). This expression has, of course, 
only formal significance, since the integrand again involves the unknown wave 
function. However, it allows certain conclusions to be drawn concerning the 
analytical properties of the quantity f(0,£) as a function of the energy E.+ 

The function ¢ in the integrand consists of two parts when 7 is large, the 
incident wave and the outgoing wave. The latter is proportional to er, so 
that the corresponding part of the integral contains e“*(-2) in the integrand. 
On the other hand, in the complex plane (going from the upper edge of the cut 
along the right half of the real axis) ik is replaced by ~ +/ (—2mE)/h, and 
re\/—E > 0 everywhere on the physical sheet. Since r > 2, re[ik(r—z)] < 0, 
and the integral converges for any complex E. For the incident wave in ¢, 
proportional to e*2, the exponential factors cancel in the corresponding part 
of the integral, so that this part also converges. 

The function % in the integral (129.2) is uniquely defined for all complex 
fas the solution of SCHRODINGER’s equation which contains, in addition to the 
plane wave, only a part which is damped as r > oo. The whole of the con- 
vergent integral (129.2) is therefore uniquely determined also, and so its 
singularities can arise only through #’s becoming infinite. This occurs at 
discrete energy levels.} 

It is also easy to see that f(0,Z) remains finite as |E| > oo. For large 
|Z| the term in U can be neglected in ScHRGDINGER’s equation (129.1), so that 
only the plane wave remains in ¢: ¢% ~ ek2, Thus the integral (129.2) 
becomes 


m 
0,00) = ——— | Udy, 
F(0,00) Fhe 


} It is assumed, of course, that the field U(r) decreases, as r > oO, sufficiently rapidly for f(0,E) 
to exist (when E > 0); see §123. ; 

{ To avoid misunderstanding, we should emphasise that here we are discussing the complete 
wave function % of the system, normalised by the condition that the coefficient of the plane wave in 
its asymptotic expression should be equal to unity (cf. (122.3)). In the previous section we were 
considering the parts yu of the wave function which correspond to definite values of J, and bi was 
assumed to be normalised in some arbitrary manner. If we expand the complete function % in terms 
of the functions %:, the latter will appear in % with coefficients proportional to 1/Bi. For example, 
the function (128.3) with 1 = 0 must appear in % in the form 


constant 


1 
. al A+ B)etkr — 27B sin kr]. 


Hence y becomes infinite at the zeros of the functions Bi(E), i.e. at the discrete energy levels. 
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which agrees, as it should, with the Born amplitude (125.4) for scattering 
through zero angle (¢ = 0); we denote it by fx(0). 

Thus we conclude that the scattering amplitude for scattering angle zero is 
regular over the whole physical sheet (including infinity), except for the 
necessary poles on the left half of the real axis at the discrete energy levels.t 

Let us consider the integral 


1 0,E’)— 
J (fO2)-fe dE’, (129.3) 
Qari E'—E 
Cc 


taken along the contour shown in Fig. 46, which consists of an infinitely 
distant circle and an indentation round the cut along the right half of the 


© 


Fic. 46 


real axis. The integral along the circle is zero, since f(0,00)—fg = 0. The 
integration along the two sides of the cut gives 

1 f imf(0,E" 

- | eA ap: 

7 E'—-E 

0 

here we have used the fact that, according to the definition adopted in §128, 
the physical scattering amplitude for real positive values of E is given on 
the upper side of the cut, and has the complex conjugate value on the lower 
side. 

According to Caucuy’s theorem, the integral (129.3) is equal to the sum of 
J(0,£)—fz and the residues Ry of the integrand at all the poles E’ = Ey, of 
the function /(0,E’)/(E’—E), where Ey are the discrete energy levels. These 
residues are determined by formula (128.16), and are 

dn h2 Aon? 
= Ne A psa | 

Boe OR a, 


Rn (129.4) 


where /,, is the angular momentum of the state with energy En. Thus we find 


—, 1p imfOF) dn 
f0,E) = fa+— | —/—— dE ee (129.5) 


n 


t The idea of the foregoing proof is due to L. D. Fapprev (1958). 
17 
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This dispersion relation determines f(0,E) at any point on the physical sheet 
from the values of its imaginary part for E > 0 (D. Y. Wone 1957, N. Kuur 
1957). 

When the point E tends to the upper side of the cut, the integral along the 
real axis in (129.5) must be taken by passing below the pole E’ = E; if this is 
done along an infinitesimal semicircle (Fig. 47), the corresponding part of the 


© 
£E 
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integral gives i im {(0,E) on the right-hand side of (129.5), while the remain- 
ing integral from 0 to oo must be taken as a principal value. The result is 


1_ Pim f(0,E’) dn 
re f(0,E) = fa+ -P i op ae + > ar (129.6) 
0 n 
which, for E > 0, determines the real part of the scattering amplitude for 
scattering through angle zero from its imaginary part. It may be recalled 
that the latter, according to (124.9), is directly related to the total scattering 
cross-section. 


§130. The scattering of slow particles 


Let us consider the properties of the effective scattering cross-section in 
the limiting case where the velocities of the particles undergoing scattering 
are so small that their wavelength is large compared with the radius of action a 
of the field U(r) (i.e. Ra < 1), and their energy is small compared with the 
field within that radius. The solution of this problem requires an eludication 
of the limiting form of the dependence of the phases 5; on the wave number 
k when the latter is small. 

For r < a we can neglect only the term in k? in the exact SCHRODINGER’S 
equation (122.6): 


Ry'42Ry /r—UL4-1)Ryr? = 2mU(r)Ri|P?. (130.1) 


In the range a <r <1/k, on the other hand, we can also omit the term in 
U(r), leaving 
Ry’ +2Ry /r—I(1-41)Ri/72 = 0. (130.2) 


The general solution of this equation is 
Ry = cyr4cq/rt42. (130.3) 


The values of the constants c, and c, can in principle be determined only by 
solving equation (130.1) for a particular function U(r); they are, of course 
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different for different /. At still greater distances, r ~ 1/k, the term in 
U(r) can be omitted from ScHRODINGER’s equation, but the term in #? cannot 
be neglected, so that we have 


2 li+1 
RU +R + ws “] 1 


— |Ri = 0, (130.4) 
rT 


i.e. the equation of free motion. The solution of this equation is (see §33) 


a yet 1)!! ; d \?sin aan 
= ¢c(— rtf —— 
: 1 k2t+t (- =) r 


1)! rl d \! coskr 130.5 
ce apis) , 95) 


The constant coefficients have been chosen so that, for kr < 1, this solution 
becomes (130.3); this ensures the “joining” of the solution (130.3) in the 
region kr < 1 to the solution (130.5) in the region kr ~ 1. 
Finally, for kr > 1 the solution (130.5) takes the asymptotic form (§33) 
ee Are 1 sin(r—4/n) cok! bay 
Cn c1( + Wm temp r—} 7). 
This expression can be put in the form 
in(kr—41r+-8 
R, & constant Pica afi ai ; (130.6) 
rT 
where the phase 6, is given by the equation 
tan 8; & 8; = cok2+1/c,(21—1)!1 (2141)! (130.7) 


(since # is small, all the phases 5; are small). 
According to (122.14) the partial scattering amplitudes are 


1 
= —(62iti_1) ~ 8,)k, 
hi or e ) = bi) 


and so we conclude that in the limit of low energies 
fiw Be. (130.8) 


Thus all the partial amplitudes with / 4 0 are small compared with the 
scattering amplitude with / = 0 (called s-wave scattering). Neglecting them, 
we obtain for the total amplitude 


S(9) = fo = So/k = caer = —a, (130.9) 
so that do = «2 do, and the total cross-section is 


o = 4702, (130.10) 
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At low velocities the scattering is isotropic, and the cross-section is inde- 
pendent of the particle energy.t The scattering amplitude may be either 
positive or negative.t 

In the above discussion it has been tacitly assumed that the field U(r) 
decreases at large distances (7 > a) sufficiently rapidly for the approximations 
made to be legitimate. It is easy to see how rapidly U(r) must in fact decrease. 
For large r, the second term in the function R; (130.3) is small in comparison 
with the first. In order for the retention of this term to be nevertheless 
legitimate, the small terms ~ce/r'+1r?2 retained in equation (130.2) must 
be large compared with the term UR; ~ Ucyr! omitted in going from (130.1) 
to (130.2). Hence it follows that U(r) must decrease more rapidly than 1/r?/+8 
if the result (130.8) is to be valid for the partial amplitude f;. In particular, 
the calculation of fo, and therefore the result (130.9) of isotropic scattering 
independent of energy, are valid only when U(r) decreases at large dist- 
ances more rapidly than 1/r°. 

If the field U(r) decreases exponentially at large distances, we can draw 
certain conclusions regarding the nature of the subsequent terms in the 
expansion of the amplitudes f; in powers of k. We have seen in §128 that in 
this case the amplitude fj, regarded as a function of the complex variable 
E, is real when E is real and negative. || The same is therefore true of the 
function gi(Z) in the expression (124.15): 


fi = 1(gi—tk) 


(tk is real for E < 0). The function g;(E) is also real (by definition) when 
E > 0. Thus this function is real for all real E, and can therefore be expanded 
in integral powers of £, i.e. in even powers of k. The amplitude /;(A) itself, 
therefore, can be expanded in integral powers of 7k; all terms with even 
powers of are real, while those with odd powers of k are imaginary. Accord- 
ing to (130.8) the expression of fi(k) begins with the term ~6,/k ~ k®; 
accordingly, the expansion of g;(k) begins with a term proportional to k72!. 

When the field decreases at large distances according to a power law 
U = Br-™ with n < 3, the result (130.9) that the amplitude is constant is, 
as already stated, invalid. 

Let us now consider the situations which occur for various values of 1. 
For n < 1 and sufficiently small velocities, the condition 


pIU(p)| > he (130.11) 
is satisfied for practically all values of the impact parameter p, and so the 


+ In the scattering of electrons by atoms, the length a with which 1/k must be compared (the 
condition ka < 1) is represented by the radius of the atom, which is several times the Bohr radius 
(several times A2/me®) for complex atoms. Owing to the large value of this radius, the constancy of 
the effective cross-section actually applies here only up to energies of the order of fractions of an 
electron-volt; at greater electron energies there is a marked energy dependence of the cross-section 
(called the Ramsauer effect). 

t The quantity « is often called in the literature the scattering length. In scattering from an im- 
penetrable sphere (see Problem 1) « is equal to the radius of the sphere. 


|| For small E, the condition (128.6) is satisfied even when U decreases as el, 
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scattering is described by the classical formulae (cf. the condition (126.7)). 

For 1 < ” < 2 the inequality (130.11) is satisfied over a considerable 
range of fairly small values of p; accordingly, the scattering is classical for 
angles which are not too small. There is also, however, a range of values of 
p for which 


p|U(p)| < he, (130.12) 


i.e. the condition for perturbation theory to be valid is satisfied (cf. (125.2)). 
For 2 > 2 the inequality 


|U] < h2/mr? (130.13) 


holds at large distances, and therefore the contribution to the scattering 
which arises from interaction at these distances can be calculated by means of 
perturbation theory (whereas at smaller distances the condition for perturba- 
tion theory to be applicable may not be satisfied).| Let 79 be a value of r 
such that for r > ro the inequality (130.13) holds, while 79 < 1/k. The 
contribution to the scattering amplitude from the region r > ro is, according 
to (125.12), given by the integral 


ic,8) 


__ 2mB f 1 singr 2mpg sin £ 
—— 2dr = — -3 
pln 7 2 dr 2" in dé. (130.14) 
To aro 


For 2 < n < 3 this integral converges at the lower limit, and for low 
velocities (kro < 1) we can replace this limit by zero, so that the integral 
is proportional to g~®-”), i.e. a negative power of the velocity. This contri- 
bution to the amplitude is therefore in this case the main one, so that 


fre, %2n<3. (130.15) 


This determines the dependence of the scattering cross-section on the velocity 
of the particles and on the angle of scattering. 

For n = 3 the integral (130.14) diverges logarithmically at the lower limit. 
It is still the main part of the scattering amplitude, so that 


Ff ~ log(constant/q), n= 3. (130.16) 


For 2 > 3 the contribution from the region r > ro decreases as k > 0, 
and the scattering is determined by the constant amplitude (130.9). However, 
the contribution (130.14), despite its relative smallness, is still of some 
interest through being “anomalous”. The “normal’’ situation when U(r) 
decreases sufficiently rapidly is that f(k) can be expanded in integral powers 
of k, and all the real terms in the expansion are proportional to even powers 
of k. When the integral (130.14) is integrated several times by parts (lowering 
the power of € in the denominator), we can separate from it a part containing 


+ The scattering at low velocities is in this case nowhere quasi-classical, since the inequality 
(130.11) is incompatible with the simultaneous requirement that |U(p)| < E. 
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even powers of k and leave an integral convergent as gro —> 0 and proportional 
to k"-8, which is not in general an even power.t 


PROBLEMS 


PROBLEM 1. Determine the effective scattering cross-section for slow particles in a 
spherical potential well of depth Uo and radius a: 


U(r) = —Up for r <a, U(r) = 0 forr > a. 


SOLUTION. The wave number of the particle is assumed to satisfy the conditions ka <1 
and k <x, where « = 4/(2mUo)/h. We are interested only in the phase 50. Hence we put 
Z = 0 in equation (130.1), and obtain for the function x(r) = rRo(r) the equation 


X'+e2y = Oforr = a. 
The solution which vanishes at r = 0 (x/r must be finite at r = 0) is 
x =Asinx«r (r<a). 


For r > a, the function x satisfies the equation x”+k?x = 0 (i.e. equation (130.4) with 
I = 0), whence 


x = Bsin(kr+8o0) 3 (r > a). 
From the continuity of x’/x at r = a, we obtain the equation 
«k cotxa = k cot(ka+64o) & k/(ka+5o), 
from which we determine 59. As a result, we have for the scattering amplitudet 
tan ka— ka 


K 


For xa €1 (i.e. Uo < i?/ma?) this formula gives o = (47a?/9)(Ka)4, in accordance with 
the result of the Born approximation (see §125, Problem 1). 

If we change the sign of Uo (which means replacing « by ix), we obtain for the scattering 
amplitude for a ‘‘potential hump’’ the formula 


tanh ca— Ka 


K 
In the limit xa > 1 we have 
f= —ao>-= 4rra2, 


This corresponds to scattering from an impenetrable sphere of radius a; we note that classical 
mechanics would give a result four times smaller (¢ = za’). 


PROBLEM 2. Determine the effective scattering cross-section for particles of low energy 
in a field U = a/r®,a>0,n > 3. 


1 If is an odd integer 2p+1, then n—3 = 2p—2 is an even number. In this case also, however, 
the integral (130.14) has an “anomalous” part, which gives a contribution to the scattering amplitude 
proportional to g2?~? log g. 

+ This formula becomes inapplicable if the width and depth of the well are such that xa is close 
to an odd multiple of $7. For such values of «a the discrete spectrum of negative energy levels in- 
cludes one which is close to zero (see §33, Problem 1), and the scattering is described by formulae 
which we shall derive in the next section. 
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SOLUTION. Equation (130.1) with J = 0 is 


x"—y?x/7™ = 0, y = /(2ma)/h. 
By the substitutions 
x = ovr, r = [2y/(n—2)x]}2/(n-2) 


it can be brought to the form 
d26 1d¢ 1 
Ae Sr I SAD ——_— — }¢ =0, 
dx? ag dx a ape) 


i.e. Bessel’s equation of order 1/(n—2), with imaginary argument ix. The solution which 
vanishes at r = 0 (i.e. x = 00) is, apart from a constant factor, 


x = VrHayin-2)(2iyr--2)2|(n—2)). 


Using the well-known formulae 
Hp(z) = i[e*?7J p(z)—J_p(2)]/sin pa, 
Jo(2) = 27/2P1(p+1) (z <€}), 


we obtain for the function x at large distances (y <r <1/k) the expression 
X = constant x (cir+ca), and from the ratio ca/c, we find the scattering amplitude 


y \Pn-2PT(n—3)/(n—2)] 
f= -(5) T[(n—1)/(n—2)] 


PROBLEM 3. Determine the scattering amplitude for slow particles in a field which 
decreases at large distances as U © Br-" with 2 <n < 3. 


SoLuTION. The principal term in the scattering amplitude is given by the expression 


(130.14), in which the lower limit in the integral can be replaced by zero. The calculation 
of the integral leads to the result 


amp gn-3 
f=—————,,_ 2<2 23, (1) 
h2 I(n—1)cos4an 
and for n = 3 
2mB constant 


ei ag re (2) 


Expanding (1) in Legendre polynomials, we obtain the partial scattering amplitudes 
(defined in accordance with (122.13)): 


3 ane Rae) 
2h2 =“ V(4n)0(4n+441) ; 


For x > 3 the same formula (1) determines the “‘anomalous’’ part of the scattering amplitude. 
In the partial amplitudes the quantity (3) is always the principal part for values of J such 
that 21 > n—3, and instead of (130.8) we then have fi ~ k®-3, 


fh= (3) 


§131. Resonance scattering at low energies 


Particular consideration must be given to the scattering of slow particles 
(ka < 1) in an attractive field when the discrete spectrum of negative energy 
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levels includes an s state whose energy is small compared with the value of the 
field U within its radius of action a. We denote this level by ¢« (« < 0). The 
energy E of the particle undergoing scattering, being small, is close to e«, 
i.e. it is, as we say, almost in resonance with the level. This leads, as we shall 
see, to a considerable increase in the effective scattering cross-section. 

The existence of the shallow level can be taken into account in scattering 
theory by means of a formal method based on the following arguments. 

In SCHRODINGER’s equation 


x" + (2m/h?)[E— U(r) ]x = 0 
(x = rRo), in the region r ~ a we can neglect E (since ka < 1): 
x"—(2m|2)UNy =0, ra. (131.1) 
In the “‘outer”’ region (7 > a), on the other hand, we can neglect U: 
x" +(2m|fh2)Ey = 0, r>a. (131.2) 


The solution of equation (131.2) must be “joined”? at some 71 (such that 
1/k > 11 > a) to the solution of equation (131.1) which satisfies the boundary 
condition y(0) = 0; the joining condition is that the ratio y’/y should be 
continuous. This ratio does not depend on the normalisation factor in the 
wave function. 

However, instead of considering the motion in the region 7 ~ a, we apply 
to the solution in the outer region a suitably chosen boundary condition on 
x'/x for small 7; since the solution in the outer region varies only slowly 
as r 0, we can formally apply this condition at the point r = 0. The 
equation (131.1) for the region r ~ a does not contain FE; the boundary 
condition which replaces it must therefore also be independent of the energy 
of the particle. In other words, it must be of the form 


[x'/x}roa = —«, (131.3) 


where x is some constant. But, « being independent of F, the same condition 
(131.3) must also apply to the solution of SCHRODINGER’s equation for small 
negative energy E = —|e|, i.e. to the wave function of the corresponding 
stationary state of the particle. For E = —|e| we have from (131.2) 


xX = constant x e-TY(2mlel)/h, 
and substitution of this function in (131.3) shows that « is a positive quantity, 
= 4/(2mlel)/h. (131.4) 


Let us now apply the boundary condition (131.3) to the wave equation for 
free motion, 


x = constant x sin(kr+5p), 


which is the exact general solution of equation (131.2) for E > 0. Thus we 
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have for the required phase 8 


cotdo =e k/k 
—V (\el/£). (131.5) 


Since the energy E£ is here restricted only by the condition ka < 1, and need 
not be small compared with «, the phase 59 may not be small. 

The phases 5; with J #4 0 are again small. Hence we ean again neglect 
in the scattering amplitude all terms with / 4 0, so that the scattering remains 
isotropic. Substituting (131.5) in the formula 


1 
~ 2169 — J 
fee) 


= 1/k(cotdo—2), 
we obtain for the scattering amplitude 
f = —1](«+ik) (131.6) 
and for the total effective cross-section 


4a 27h? 1 
= —_ = —_ —_.. (131.7) 

K2+ 2 m E+|e| 
Thus the elastic scattering cross-section depends on the energy, and in the 
resonance region (E ~ |e|) is large compared with the squared radius of action 
of the field a? (since ka < 1). Formula (131.7) was first derived by E. WIGNER 
(1933); the idea of the derivation given here is due to H. A. BeTHE and 
R. E. Pererzs (1935). 

The above formula is somewhat more general than the assumption made 
in its derivation. Let the function U(r) be slightly modified; this alters also 
the value of the constant « in the boundary condition (131.3). By an appro- 
priate change in U(r), « can be made to vanish, and then to become small and 
negative. This gives the same formulae (131.6) for the scattering amplitude 
and (131.7) for the cross-section. In the latter, however, the quantity 
|<] = %2x2/2m is now simply a constant characteristic of the field U(r), and 
not an energy level in that field. In such cases the field is said to have a 
virtual level, since, although there is no actual level close to zero, a slight 
change in the field would be sufficient to cause one to appear. 

In the analytical continuation of the function (131.6) in the complex plane 
of E, tk becomes — 4/(—2mE)/h on the left half of the real axis (see §128), and 
we see that the scattering amplitude has a pole at E = —|e|, in accordance 
with the general results of §128. On the other hand, the virtual level corres- 
ponds, as we should expect, to no singularity of the scattering amplitude on 
the physical sheet. (The scattering amplitude has a pole at E = —|e| on the 
non-physical sheet; see the first footnote to §128.) 
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Formally, the expression (131.6) corresponds to the case where in the 
expression (124.15), 


1 
~~ go(k)—ik’ 


the first term in the expansion of the function go(k) is negative and anomalously 
small. To refine the formula, we can take account of the second term in the 
expansion: 


ho 


1 

fo —Ko+drok?—ik us) 
(L. D. Lanpau and Ya. A. SMoRopDINSKIi 1944); it may be recalled that, 
when the field decreases sufficiently rapidly, the functions gi(k) can be ex- 
panded in even powers of k (see §130). In (131.8) we have denoted by — xo 
the value of go(0), in order to retain the notation « for the quantity (131.4), 
which is related to the energy level «. According to the above discussion, x 
is given by the value of —zk which makes the denominator in (131.8) equal to 
zero, i.e. by the root of the equation 


Kk = Kot$rox2. (131.9) 


The correction term 379k? in the denominator in (131.8) is small compared 
with xo, since k is assumed small, but it is itself of “‘normal’’ order of magni- 
tude: the coefficient r9 ~ a and is always positive (see Problem 1). It should 
be emphasised that the inclusion of this term is a legitimate refinement in 
the formula for the scattering amplitude when contributions from angular 
momenta / # 0 are neglected; it gives a correction to f of relative order ka, 
whereas the contribution from scattering with J = 1 is of relative order 
(ha)8.+ 


For the cross-section we have, from (131.8), 


4a 
o (co— Ero) RE 


t When k — 0, the amplitude fo —> 1/ko, i.e. 1/Ko is equal to the scattering length « defined in 
§130. The coefficient 7o in the formula 


g0(k) = R cotdo 
= —1/a+4rok? (131.8a) 


is called the effective range of the interaction. 

The values of the constants « and ro may be mentioned for the important case of the interaction 
of two nucleons. For a neutron and a proton with parallel spins (isotopic state with T = 0), 
a = 5°39X10-13 cm, ro = 1°70X10-'% cm; these correspond to a true level with energy 
Je] = 2:23 MeV, the ground state of the deuteron. For a neutron and a proton with antiparallel spins 
(isotopic state with T = 1), « = —23:7X10-1%cm, ro = 2:67X10-18cm;_ these values correspond 
to a virtual level with |e| = 0-067 MeV. Owing to isotopic invariance, the latter values must apply 
also to a system of two neutrons with antiparallel spins; parallel spins of the mm system in the s state 
are prohibited by PAULI’s principle. 
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If we neglect the term in k* in the denominator (though it may legitimately 
be included), this formula can be written (using (131.9)) in the form 


4n(1+rox) 47h? 14+79K 
6 = = 


BG (131.10) 
R24 42 m E+\e| 


We shall briefly discuss resonance in scattering with non-zero orbital 
angular momenta. The expansion of the function g;(k) begins with a term 
~k~*l; retaining the first two terms in the expansion, we write the partial 
scattering amplitude as . 


1 


ee ee Sane (131.11) 
bE-(—e+E)+ik 


f= 


where b and ¢ are two constants, with b > 0 (see below). The case of resonance 
corresponds to an anomalously low value of the coefficient of E-!, i.e. an 
anomalously small «. However, since E is small, the term beZ-? may still 
be large in comparison with k. 

If e¢ < 0, the denominator in the expression (131.11) has a real root 
E ~ —|e|, so that « is a discrete energy level (with angular momentum /),t 
but in contrast to resonance in s-wave scattering the amplitude (131.11) is 
never large compared with a; the amplitude of resonance scattering with 
angular momentum /+1 is only of the same order of magnitude as that of 
non-resonance scattering with angular momentum /. 

If « > 0, however, the amplitude (131.11) becomes of the order of 1/k 
in the region E ~ ¢, i.e. large compared with a. The relative width of this 
region is small: AE/e ~ (ka)?’-1. Thus in this case there is a sharp resonance. 
This type of resonance scattering occurs because a positive level with / ¥ 0, 
though not a true discrete level, is ‘‘quasi-discrete’’: owing to the presence 
of the centrifugal potential barrier, the probability that a particle of low 
energy will escape from this state to infinity is small, so that the “‘lifetime”’ 
of the state is long (see §132).{ This is the reason why resonance scattering 
with / ¥ 0 is different in nature from that in the s state, where there is no 
centrifugal barrier. , 

Finally, we may mention an interesting property of the phases 6; which is 
easily derived from the above results. We shall regard the phases 5,(Z) as 


+ For e <0, and E close to e, 
fi = (-1)"|¢|/0(E+ |). 


A comparison with (128.16) shows that b > 0. 
¢ The denominator in (131.11) with e > 0 vanishes when E ="Eo—i. 40, where 


__ 2y/(2m) 
bh 


Exe, TF l+1/2, (131.11a) 


This pole of the scattering amplitude is, however, on the non-physical sheet. The small quantity [ 
is the width of the quasi-discrete level (see §132). 
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continuous functions of the energy, and not restrict them to the range from 
0 to w (cf. the footnote following (33.18)). We shall show that the equation 


8,(0)—8;(00) = mm (131.12) 


then holds, where 7 is the number of discrete levels with angular momentum / 
in the attractive field U(r). 

To prove this, we note that, in a field which satisfies the condition 
|U| < h?/ma?, the Born approximation is valid at all energies, so that 5;(E) < 1 
for all E, and 5;(00) = 0, since for E > oo the scattering amplitude tends 
to zero, while 5,(0) = 0 in accordance with the general results of §130. In 
such a field there are no discrete levels (see §45), and so m = 0. We now 
consider the variation of the difference 5;(A)— 5;(00), where A is some given 
small quantity, as the potential well U(r) gradually becomes deeper. As this 
occurs, the first, second etc. levels successively appear at the top of the well, 
and the phases 6,(A) are increased by a each time.t On reaching the given 
U(r) and then making A -> 0, we obtain formula (131.12). 


PROBLEMS 


PROBLEM 1. Express the coefficient ro in formula (131.8) in terms of the wave function 
of the stationary state E = ¢ in the region r ~ a (Ya. A. SMORODINSKII 1948). 


SOLUTION. Determining the residue of the function (131.8) at its pole E = e and com- 
paring with formula (128.10), we find 


1 1 


—— = —— slo, 
Aye 2K ro 


where Ao is the coefficient in the function x = Aoe—*" in the region rS> a. Let xo be the 
wave function in the region r ~ a, normalised by the condition that yo > 1 as r > ©, 
Then the square of the wave function can be written in all space in the form x2 = Ao?(e72*r + 
+ xo0?—1); this expression becomes Ao%e~2*" for xrS> 1 and Ao*xo? for cr <1. It must 
be normalised by the condition 


co foe) 

1 
[ war = 40(—— [ U-atyar) = 1, 
0 * 0 


and a comparison with the previous expression for Ao? gives 


[oe] 
1 = 2 | (net) dr. 
0 


From equation (131.1) with U(r) < 0, the solution of which is xo, it follows that xo(r) < 
Xo (©) = 1. Hence we always have ro > 0. 


+ In formula (131.5) this corresponds to a change of 80 from 0 to m when, for a given small value 
of k, the quantity x changes from a negative value (—« > k) to a positive value x > k. When 1 + 0, 
the same follows from the formula k cot 8: = —bE-'(E—e) when, for a given E = A, € varies from 


eS>Ato-eS>A 
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PRoBLEM 2. Determine the change in the phases 5; when the field U(7) is varied. 
SoLUTION. Varying U(r) in SCHRGDINGER’s equation 


1 2M HD Tg 
xi + 77) a ee |e =v, 
we obtain 
, 2m i+ 1) 2m 
OX! + ro E- 72 -u [ox = moe 


Multiplying the first equation by 5x2, the second by x1, subtracting, and integrating with 
respect to 7, we find 


: ; 2m * 
L8x1' — x1'Sxt]r40 = 7 | x25U dr. 
0 


Substituting on the left-hand side the asymptotic expressions 
xu = sin(kr —4lr —8)), 
Sy1 = 8(8;)cos(kr —4lr +8)) 


(the choice of the coefficient 1 in this expression determining the normalisation used), we 
obtain 


58 2m 'f 28U d 
(6) = - = [x U dr. 
0 


From this formula we can draw certain conclusions regarding the sign of the phases 
8:, considered as continuous functions of energy. To avoid the ambiguity in the definition 
of these functions (an additive multiple of 7) we shall normalise them by the condition 
51(0) = 0. 

Starting from U = 0, when all the 8 are zero, and gradually increasing |U]|, we find that 
in a repulsive field (U >0) all the 8: <0, and in an attractive field (U<0)8>0. In a 
repulsive field 5:(0) = 0 and therefore, for small energies, the 5; are small; the scattering 
amplitude is therefore negative: f + 50/k <0. In an attractive field the corresponding 
deduction that f is positive can be made only if there are no discrete levels. Otherwise, when 
E is small, the phases 5; are close to 7, not to zero (see (131.12)), and no conclusion can be 
drawn concerning the sign of f. 


§132. Resonance at a quasi-discrete level 


A system which can disintegrate does not, strictly speaking, have a discrete 
energy spectrum. The particle leaving it when it disintegrates recedes to 
infinity; in this sense, the motion of the system is infinite, and hence the 
energy spectrum is continuous. 

It may happen, however, that the disintegration probability of the system 
is very small, The simplest example of this kind is given by a particle sur- 
rounded by a fairly high and wide potential barrier. Another possible 
reason for metastability of a state is that the spin of the system must change 
in the disintegration, owing to a weak spin-orbit interaction. 
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For such systems with a small disintegration probability, we can introduce 
the concept of quasi-stationary states, in which the particles move “inside 
the system” for a considerable period of time, leaving it only when a fairly 
long time interval + has elapsed; + may be called the lifetime of the almost 
stationary state concerned (r ~ 1/w, where w is the disintegration prob- 
ability per unit time). The energy spectrum of these states will be quasi- 
discrete; it consists of a series of broadened levels, whose “width” is related 
to the lifetime by I’ ~ hi/r (see (44.7) ). The widths of the quasi-discrete 
levels are small compared with the distances between them. 

In discussing the quasi-stationary states, we can use the following formal 
method. Until now we have always considered solutions of SCHRODINGER’S 
equation with a boundary condition requiring the finiteness of the wave 
function at infinity. Instead of this, we shall now look for solutions which 
represent an outgoing spherical wave at infinity; this corresponds to the 
particle finally leaving the system when it disintegrates. Since such a 
boundary condition is complex, we cannot assert that the eigenvalues of 
the energy must be real. On the contrary, by solving SCHRODINGER’s equa- 
tion, we obtain a set of complex values, which we write in the form 


E = E)—-hil, (132.1) 


where E, and I are two constants, which are positive (see below). 
It is easy to see the physical significance of the complex energy values. 
The time factor in the wave function of a quasi-stationary state is of the form 


et /MEt — e-t/MEgteT /myt/2, 


Hence all the probabilities given by the squared modulus of the wave function 
decrease with time as e~(T/#.+ In particular, the probability of finding 
the particle “inside the system” decreases according to this law. Thus I° 
determines the lifetime of the state; the disintegration probability per unit 
time is 

w = Th. (132.2) 


At large distances the wave function of the quasi-stationary state (the 
outgoing wave) contains the factor 


expliry/{2m(Eo—HI)}/h), 


which increases exponentially as r -> oo (the imaginary part of the root 
im +/(Eo— 31) < 0). Hence the normalisation integral J ||? dV for these 
functions diverges. It may be noted, incidentally, that this resolves the 
apparent contradiction between the decrease with time of |:/|2 and the fact 
that the normalisation integral can be shown from the wave equation to be a 
constant. 


t We may note that this shows the physical necessity for I’ to be positive. It isin fact automatically 
positive (as may be shown from the wave equation) when the condition stated is imposed at infinity. 
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We may ascertain the form of the wave function which describes the motion 
of a particle with energy close to one of the quasi-discrete levels of the system. 

As in §128, we write down the asymptotic form (at large distances) of the 
radial part of the wave function in the form (128.1): 


R= “| a(eyexn(- or) + ByE)exp —)} (132.3) 


and regard E as a complex variable. For real positive E, 
1 
R, = -[A(Eet*r+ B(E)e*"], 9k = 4/(2mE) Ih, (132.4) 
r 


and A,(E) = By*(E) (see (128.3), (128.4)); the function B,(E) is here taken 
on the upper edge of a cut along the right half of the real axis. 

The condition which determines the complex eigenvalues of the energy 
consists in the absence of an ingoing wave from the asymptotic expression 
(132.3). This means that for = Ey—}:1 the coefficient B;(E) must vanish: 


B(Eo—}iT) = 0. (132.5) 


Thus the quasi-discrete energy levels, like the true discrete levels, are zeros 
of the function B,(E). However, unlike the zeros which correspond to true 
levels, they do not lie on the physical sheet: in writing the condition (132.5) 
we have assumed that the required wave function of the quasi-stationary 
state arises from the same term in (132.3) which is an outgoing wave (~ e*r) 
when E > 0 also (in (132.4). But the point E = Ey— 4 lies below the 
positive real axis. This point can be reached from the upper edge of the cut 
(where the coefficients in (132.4)-are defined), without leaving the physical 
sheet, only by passing round the point E = 0. Then 4/ -E changes sign, 
so that the outgoing wave becomes an ingoing one. Consequently, to pre- 
serve the outgoing wave the point must be reached by going directly across 
the cut, on to another, ‘“‘non-physical’’, sheet. 

Let us now consider real positive energy values close to the quasi-discrete 
level (assuming, of course, that I’ is small, since otherwise no such close 
values could exist). Expanding the function B;(£) in powers of the difference 
E—(Eo—}i1) and taking only the first-order term, we have 


BYE) = (E—Eo+4iT' yh, (132.6) 


where b; is a constant. Substituting in (132.4), we obtain the following 
expression for the wave function of a state close to the quasi-stationary state :T 


1 
R, = -[(E—Eo— HT )bi*et*r + (E— Eo t+ HT hye"). (132.7) 
rT 


+ For E = Eo—#iI, the function (132.7) becomes Ri = —(1/r)iTbite!*", If the wave function 
is normalised by the condition that the integral of ||? over the region “within the system” is unity, 
the total current in this outgoing wave, equal to v|iI'b:*|*, must be equal to the disintegration proba- 
bility (132.2). Hence we find 

[o)|2 = 1/he. 
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The phase 6; of this function is given by 


e2td: — xia Po— HT 
E-—£o+#T 


” iT 
— g2idy (1- enn eer ), (132.8) 
E—E)+ 40 


where 
ert) — (—1)41p,*/b,; (132.9) 


cf. (132.7) and (122.8), (122.9). For |E—Eo| > T, the phase §; is equal to 
5;), so that 8; is the value of the phase ‘‘far from the resonance’. 


In the resonance region 8; varies considerably with energy. If we rewritet 
formula (132.8) in the form 


8; = 8, + tan-1 (132.10) 


2(E— Ep)’ 
we see immediately that the phase changes by 7 ina passage through the whole 
resonance region (from E < Ey to E > Ep). 

These results enable us to determine the amplitude of elastic scattering 
of a particle with energy E close to some quasi-discrete level Ey of the 
“compound system’’ consisting of the scattering system together with the 
particle undergoing scattering. In the general formula (122.10) we must 
substitute the expression (132.8) in the term with the value of J which corres- 
ponds to the level Eo. This gives 


+1 4aP 7 
F(9) = FO) — ee hae Pi(cos 6), (132.11) 


where f (4) is the scattering amplitude far from the resonance, which is 
independent of the properties of the quasi-stationary state (it is given by 
formula (122.10) with 5; = 8;©) in each term of the sum).{ The amplitude 
f (0) is often called the potential scattering amplitude, and the second term 
in (132.11) the resonance scattering amplitude. The latter has a pole at 
E = Eo—}1', which, as shown above, is not on the physical sheet. || __ 
Formula (132.11) determines the elastic scattering near resonance at one 
of the quasi-discrete levels of the “compound system’. Its range of validity 


t Using the result 


eftan"A 14.5) 


ezitan—1A = ———- = —-__., 
e—ttan—1a 1—2\ 

{ If scattering of a charged particle by a charged system is considered, the expression (133.11) 
must be used for the phases 8;). 

|| It may be noted that formula (131.11) for resonance scattering of slow particles by a positive 
energy level € with 1 4 0, with E close to e, is in exact correspondence with the resonance term in 
(132.11). The values of Eo and I are given by formulae (131.11a), and since E is small the phase 
5:0 is small, so that e24(0) ~ 1, 
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is defined by the condition that the difference |E—Eo| should be small 
compared with the distance D to the adjoining quasi-discrete levels: 


|E—E| < D. (132.12) 


This formula is somewhat simplified if the scattering of slow particles is 
being considered, i.e. if the wavelength of the particles in the resonance 
region is large compared with the dimensions of the scattering system. Here 
only s-wave scattering is important; we shall suppose that the level Eo 
does in fact belong to motion with J = 0. The potential scattering amplitude 
then reduces to a real constant — « (see §130).t In the resonance scattering 
amplitude we put J = 0 and replace e%/%"" by unity, since 59®) = — oak <1. 
Thus we find 


iT 


10 ~~" BB+ T) 


(132.13) 


In a narrow range |E—Eo| ~ I the second term is large compared with the 
amplitude «, and the latter may be omitted. Farther from the resonance, 
however, the two terms may be comparable. 

In the above derivations it has been tacitly assumed that the value Eo of 
the level itself is not too small, and that the resonance region is not in the 
neighbourhood of the point E = 0. If resonance at the first quasi-discrete 
level of the compound system is considered, which lies at a distance from 
E = 0 small compared with the distance to the next level (Ey < D), the ex- 
pansion (132.6) may be no longer permissible. This is seen from the fact 
that the amplitude (132.13) does not tend to a constant limit as E > 0, as 
would be necessary for s-wave scattering according to the general theory. 

Let us consider the case of a quasi-discrete level close to zero, again 
assuming that in the resonance region the particles undergoing scattering are 
so slow that only s-wave scattering is of importance. 

The expansion of the coefficients B,(E) in the wave function must now be 
made in powers of the energy E itself. The point E = 0 is a branch point of 
the functions B,(E), and a passage round this point from the upper to the lower 
edge of the cut changes B,(E) into B;*(£). This means that the expansion is 
in powers of «/—E, which changes sign on the above-mentioned passage. 
We write the first terms in the expansion of the function Bo(£) for real positive 
E in the form 


Bo(E) = (E—«0+iys/E)bo(E), (132.14) 


where eg and y are real constants, and bo(E£) a function of energy, which can 
also be expanded in powers of 4/£ but has no zero near the point E = 0. 
The quasi-discrete level E = Eg—}:I corresponds to the vanishing of the 


+ It is assumed that the scattering field decreases sufficiently rapidly with increasing distance. 
In §142 the results given here will be applied to the scattering of slow neutrons by nuclei. 

{ The function bo(E) determines, according to (132.9), the phase of the potential scattering. In 
the scattering of slow particles, the first terms in its expansion are bo(E) = constant Xi(1+-7@k). 
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factor E—e9+7y+/E, continued into the lower half-plane of the non-physical 
sheet; we therefore have for the determination of Ep and I’ the equation 


Fo—#T —ec9+ty\/(Eo—#:i1) = 0 (132.15) 


(the constants «9 and y must be positive in order that Eg and TI should be 
positive). For example, a level with width I’ < Eo corresponds to the rela- 
tion €9 > y* between these constants, and from (132.15) we have Eo = eo, 
LT = 2yv/eo. 

The expression (132.14) replaces in this case formula (132.6); the subse- 
quent formulae must be correspondingly modified (everywhere replacing Eo 
by eo and I’ by 2y4/E). Hence we obtain for the scattering-amplitude, instead 
of (132.13), the expression 


hy 
*\/ (2m)(E— 0+ iy/E) 


(where we have put k = 4/(2mE)/i, m being the reduced mass of the particle 
and the scattering system). For E +0 this amplitude tends to a constant 
limit, as it should, thus confirming the form of the expansion (132.14). 

It may be noted that the expression (132.16) also covers the case of a true 
discrete level of the compound system close to zero, which is given by an 
appropriate relation between the constants «9 and y. If leo] < y?, the first 
term E may be neglected in the denominator of the resonance term for 
energies E < 2. 

Neglecting also the potential scattering amplitude «, we obtain the formula 


1 
~ ik—4/(2m)eo] hy’ 


which is the same as formula (131.6) (with « = —+/(2m)eo/fy). This corres- 
ponds to resonance at the level FE = «9?/y?, which is a true or virtual discrete 
level according as the constant « is positive or negative. 


f=- (132.16) 


f= 


§133. Rutherford’s formula 


Scattering in a Coulomb field is of particular interest from the point of 
view of physical applications. It is also of interest in that, for this case, the 
quantum-mechanical collision problem can be solved exactly. 

When there is a direction (in this case, the direction of incidence of the 
particle) which can be distinguished from the remainder, SCHRODINGER’s 
equation in the Coulomb field is conveniently solved in parabolic co-ordi- 
nates €, 7, ¢ (§37). The problem of the scattering of a particle in a central 
field is axially symmetric. Hence the wave function % is independent of the 
angle ¢. We write the particular solution of SCHRODINGER’s equation (37.6) 
in the form 


b = fil€)faln); (133.1) 
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this is (37.7) with m= 0. Accordingly, after separating the variables, we 
obtaint equations (37.8) with m = 0: 


ds dp, : 
al +(BE—Bi)fi = 0, 
(133.2) 
dfe 


— Ti +-(tk2n—Be) fo =0, Pitfe = 1. 
7 


The energy of the scattered particle is, of course, positive; we have put 
E = }k*, The signs in equations (133.2) are for the case of a repulsive field; 
exactly the same final result is obtained for the scattering cross-section in an 
attractive field. 

We have to find that solution of SCHRGDINGER’s equation which, for nega- 
tive z and large 7, has the form of a plane wave: 


py ~etk2 for—o<z<0, r>o, 


corresponding to a particle incident in the positive direction of the z-axis. 
We shall see from what follows that the condition imposed can be satisfied 
by a single particular integral (133.1); a sum of integrals with various values of 
B1, Bz is not needed. 

In parabolic co-ordinates, this condition takes the form 


yb ~ etklé-n/2 for 4 > 00 and all &. 


This can be satisfied only if 


A(é) = efh6/2 (133.3) 
and f,(7) is subject to the condition 
fon) ~ e122 for n —> 00. (133.4) 


Substituting (133.3) in the first of equations (133.2), we see that this 
function does in fact satisfy the equation, provided that the constant 8, = 4k. 
The second equation (133.2), with 8, = 1—,, then takes the form 


<(a cae +4il) fe = 0. 


Let us seek its solution in the form 
faln) = e*1/?e0(n), (133.5) 


where the function w(7) tends to a constant as 7 -> 00. For w(y) we have 
the equation 


nw’ -+(1—ikn)w’—w = 0, (133.6) 


+ In this section we use Coulomb units (see §36). 
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which, by introducing the new variable 1», = iky, can be reduced to the 
equation for a confluent hypergeometric function with parameters « = —i/k, 
y = 1. We have to choose that solution of equation (133.6) which, on being 
multiplied by f,(€), contains only an outgoing (i.e. scattered) and not an 
ingoing spherical wave. This solution is the function 


w = constant x F(—z/k, 1, ikn). 


Thus, on assembling the expressions obtained, we find the following exact 
solution of SCHRODINGER’s equation, describing the scattering: 


b = em /2RT (1 4:i/h)etke-0/2F(—i/h, 1, ikn). (133.7) 


We have chosen the normalising constant in % such that the incident plane 
wave has unit amplitude (see below). 

In order to separate the incident and scattered waves in this function, we 
must consider its form at large distances from the scattering centre. Using 
the first two terms of the asymptotic expansion (formula (d.14) in the 
Mathematical Appendices) for the confluent hypergeometric function, we 
have for large 7 


—ikn)tlk 1 ikn)-t/K etky 
F(—ifhy 1, iteq) O14. nn 
T(+a/k)\ ° ik8y J | P(—ifk) iky 
en [2k 1 (i/k)e7 [2k otk 
= —___(14 etm loge) e-(t/K) logy), 
T(1+i/k)\ ik T(1—i/k) iky 


Substituting this in (133.7) and changing to spherical polar co-ordinates 
(€-7 = 22, = r—z = r(1—cos 6)), we have the following final asymptotic 
expression for the wave function: 


xp _ E + 3 7 0) en /k) log(kr—-kr cos ost (9) etkr -G /k) log(2kr), ( 133.8) 
2k°r(1—cos r 
wheret ; 
f(9) | ogee /k) log sin6/2 RdL+ah) (133.9) 
2k? sin2h0 T'(1—z/k) 


The first term in (133.8) represents the incident wave. We see that, in 
consequence of the slow decrease of the Coulomb field, the plane wave is 
distorted even at large distances from the centre, as is shown by the presence 
of the logarithmic term in the phase and of the 1/r term in the amplitude.t 


+ The signs in the scattering amplitude (133.9) correspond to a repulsive field. In an attractive 
Coulomb field, formula (133.9) is replaced by the complex conjugate expression. f (@) then becomes 
infinite at the poles of the function I'(1—7/R), i.e. at points where the argument of the gamma function 
is a negative integer or zero (when im k > 0 and the function vis decreases at infinity). The corres- 
ponding energy values are $k? = —1/2n? (n = 1, 2, 3, ...), and coincide with the discrete energy levels 
in the Coulomb field (cf. §128). 

t The origin of this distortion may be elucidated classically. If we consider a family of classical 
Coulomb hyperbolic paths with the same direction of incidence (parallel to the z-axis), the equation 
of the surface normal to them at large distances from the scattering centre (z—> — 00) is easily shown 
to tend to z+k~? log h(r—2z) = constant, not z = constant. This is the surface of constant phase of 
the incident wave in (133.8). 
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The distorting logarithmic term in the phase is found also in the scattered 
spherical wave given by the second term in (133.8). These differences from 
the usual asymptotic form of the wave function (122.3) are unimportant, 
however, since they give a correction to the current density which tends 
to zeroas7r > ©. 

Thus we obtain for the effective scattering cross-section do = |f(8)|? do 
the formula 


do = do/4k sin*40, 
or, in ordinary units, 
do = (a/2mv?)? do/sin*30, (133.10) 


where we have introduced the velocity v = kh/m of the particle. This is the 
familiar Rutherford’s formula given by classical mechanics. Thus, for scatter- 
ing in a Coulomb field, quantum and classical mechanics give the same 
result (N. Mort, and W. Gorpon, 1928). Born’s formula (125.12) naturally 
leads to the same expression (133.10) also. 

Finally, we shall give for reference the expression for the scattering 
amplitude (133.9), written as a sum of spherical harmonics. This is obtained 
by substituting in (123.5) the phases 5, from (36.28), i.e.T 


ett, = T(14144/k)/T(l4-1—i]h). (133.11) 
Thus we find 
1 T(1-+1+7/h) 
f(0) = 35 2 (21+ aiy P,(cos 6). (133.12) 


§134. The system of wave functions of the continuous spectrum 
We have seen in §122 that functions of the form 


(oe) 


b = ce > i(214-1)e!*:P;(cos 8)Rui(r), (134.1) 
1=0 


where c, is a constant, describe a stationary state of a particle in a centrally 
symmetric field, there being at infinity a plane wave propagated in the positive 
direction of the z-axis and an outgoing spherical wave. In this formula, 
6 is the angle between the radius vector r and the z-axis, which coincides with 
the direction of the wave vector of the incident wave. If we substitute 
cos § = k.r/kr, the expression (134.1) will not involve any particular choice 
of the axes of co-ordinates. By giving the vector k all possible values, we 


+ The value of 3: in this formula differs from the true (divergent) Coulomb phase by a quantity 
which is the same for all /. 
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obtain, as we shall now show, a complete set of orthogonal wave functions of 
the continuous spectrum. We shall denote these functions by pt: 


1 co 
ve = 2 il(21+-1)et.Ryy(r) P)( kk. /kr). (134.2) 


We have chosen the constant c, in (134.1) such that the functions are nor- 
malised in the usual manner for the continuous spectrum, i.e. by the delta 
function in k-space :+ 


J Prk pe dV = 8(k’—k); (134.3) 


this will be confirmed by the subsequent calculation. Thus, together with 
the usual system of wave functions ¢ = R,,(r)V tp, (9, ¢) (corresponding to 
stationary states with definite values of the energy /?k?/2u,angular momentum 
Zand projection thereof m), we have for the continuous spectrum another 
system of functions which describe states with a definite energy (but not a 
definite angular momentum or projection thereof). In these states there is at 
infinity, besides the outgoing wave, a plane wave incident in a definite 
direction k. This system of functions is very useful in solving a number of 
problems relating to collisions. 

We now go on to prove (134.3), and denote by 6 and 6” the angles between 
the radius vector and k, k’ respectively; the angle between k and k’ is denoted 
by a. The product #+,.*y+, is expressed as a double sum (over J and l’) 
of terms containing the products Py(cos 6’)P (cos 6). Noticing that 


cos 6” = cos @ cosa+sin 6 sin« cos¢, 


where ¢ is the angle between the planes (r, k) and (k, k’), and using the 
addition theorem for spherical harmonics (formula (c.8) in the Mathematical 
Appendices), we obtain 


P,(cos 6”) P;(cos 6) = P;,(cos 6)P;.(cos )P;(cos «) + 


’—m’)! 
: a ) (Pin'(cos 6)Pm’(cos a)cos m’d. (134.4) 
m 3 


+2P;(cos 6) > 
m/=1 


We first multiply $+,.*,+, by do = sin 6 dO d¢ and integrate over all angles. 
The integration over ¢ reduces to zero all the terms in (134.4) except the first. 
The latter gives zero on integration over 6 if 1 # I’ (by the orthogonality of 
the Legendre polynomials), while for ] = I’ 


wT 
i} P;(cos 6) sin 6 d@ = 2/(2/+1). 
0 

t For this normalisation, the incident plane wave has, at infinity, the form 


(2sr)-3 /2etk. x, 
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Thus we obtain 


ie.9) 


fee) 

1 

[ beta = are > (21-4 1)et810-44NP(cos a) | Rea(r)Ria(r)r? dr. 
1=0 0 


The radial functions R,, are orthogonal, however, and are normalised by 


eo 
| ReiRu 72 dr = 8(k’—R). 
0 


Hence we can put k = k’ in the coefficients in front of the integrals; using 
also the relation (123.3), we have 


1 co 
{ uty ht, AV = reg (21-+1)P,(cos «) 


1 
= ——8(k’—k)8(1—cos «). 
ke 


The expression on the right, on being multiplied by 27k? sin « dk da 
and integrated over all k-space, gives 1; in other words, it is the delta function 
in k-space, which proves formula (134.3). 

Together with the system of functions ¢+,, we can also introduce a system 
corresponding to states in which there are at infinity a plane wave and an 
ingoing spherical wave. These functions, which we denote by ¢-,, are 
obtained directly from the ¢+,. We first take the complex conjugate, ob- 
taining from the outgoing wave an ingoing one (~ e~*""/r), while the plane 
wave takes the form: ~ e~**. In order to keep the previous definition of k 
(with the plane wave ~ e*), we must then reverse the direction of k, 
i.e. replace it by —k. Noticing that P(—cos 0) = (—1)'P,(cos 8), we obtain 
from (134.2) 


1 fo 0] 
br ag (134.5) 


the functions R;,; are supposed real. 

The case of a Coulomb field is of great importance. Here the functions 
+, (and %-,) can be written in a closed form, which is obtained directly 
from formula (133.7) (the latter must be multiplied by (27)~*”; see the first 
footnote to the present section). We express the parabolic co-ordinates by 


hk(é—y) = kz =ker, ky = R(r—2) = kr—k.r. 
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Thus we obtain for a repulsive Coulomb field} 


ty = e-72KT(14i/k)etk-F(—i/k, 1, ikr—ik.r), (134.6) 


(2n)8/2 


Prk 


= Gane 7 ME (L—ifh)et F(R, 1, —tkr—ikk.2), (134.7) 
TT 


The wave functions for an attractive Coulomb field are found by simul- 
taneously changing the signs of k and r: 


oy = 


= @ ean ee, 1, caer 2 .t), (134.8) 
T 


rk 


= Gaye ME (+i/h)e-tF(—ifk, 1, —ikr—ikex). (134.9) 

The action of the Coulomb field on the motion of the particle near the 
origin may be characterised by the ratio of the squared modulus of +, or 
#7, at the point r = 0 to the squared modulus of the wave function $= 
(27) -8/2etk-r for free motion. Using the formula 


T(1 + ak) D(1 — i/k) = (i/k) T(G/k) F(1 — 3/h) 


= m/k sinh(z/k), 
we easily find, for a repulsive field, 
WACO)? Wa(O® 2 rer 
[yr lYuc|? —R(e®/k—1)’ 
and for an attractive field, 
Wr(O)? _ |y-u(0)]? _ a (134.11) 
[ye]? lyal2 = R(1—e-2/ey , 


The functions $-, play an important part in a number of problems 
relating to the application of perturbation theory in the continuous spectrum. 
Let us suppose that, as a result of some perturbation, the particle enters a 
state of the continuous spectrum (the initial state may belong to either the 
discrete or the continuous spectrum).{ The problem then arises of calculat- 
ing the probability that the freely moving particle resulting from this tran- 
sition will have a definite direction in space. It can be shown that, for this 
to be so, we must take the function ¢-, as the wave function of the final state 
of the particle, k being the wave vector of the particle at infinity 
(A. SOMMERFELD). 

+ Using Coulomb units. 


¢ For example, an electron colliding with an atom and emitting an X-ray quantum, thereby chang- 
ing its energy and its direction of motion. 
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For let us consider the function 


Vo 2m8) 6p ty 
vx + Pr ff Bok’ uVE dE do. 


This is the function (43.3), in which the functions 7, have been taken to 
be %-,, and instead of dv we have written k? dk do = [+/(2m')/h°],/E dE do. 
It describes the state of the particle occurring as a result of a constant 
perturbation, the unperturbed wave functions being ¥~,. The integration 
over E is taken along a path which passes round the point E = Ey (in the 
plane of the complex variable E) below. Let us consider large values of r; 
we shall show that the terms in -, which contain the ingoing wave vanish 
on integration over E. To show this, it is sufficient to displace the contour 
of integration slightly into the lower half-plane. Then we have im E < 0 on 
the contour, and so imk < 0 (the root k = 4/(2mE)/h is defined so that it 
is positive on the positive real H-axis). The ingoing wave contains the 
factor e-**"; for im k < 0 and large r it can be made arbitrarily small, and 
this proves the above statement. Thus, as a result of the integration over 
E, only the plane wave remains (at infinity) from the function -,, and this 
corresponds to a particle moving in a definite direction. 


§135. Collisions of like particles 


The case where two identical particles collide requires special considera- 
tion. The identity of the particles leads in quantum mechanics, as we know, 
to the appearance of a peculiar exchange interaction between them. This 
has an important effect on scattering also (N. F. Mott 1930)t. 

The orbital wave function of a system of two particles must be symmetric 
or antisymmetric with respect to the particles, according as their total spin 
is even or odd (see §62). The wave function which describes the scattering, 
and which is obtained by solving the usual SCHRODINGER’s equation, must 
therefore be symmetrised or antisymmetrised with respect to the particles. 
An interchange of the particles is equivalent to reversing the direction of the 
radius vector joining them. In the co-ordinate system in which the centre 
of mass is at rest, this means that 7 remains unchanged, while the angle 0 
is replaced by 7—@ (and so z = r cos 6 becomes —2z). Hence, instead of the 
asymptotic expression (122.3) for the wave function, we must write 


p= chek ether ctrl f(6) 4 f(n—6)]/r (135.1) 


By virtue of the identity of the particles it is, of course, impossible to say 
which of them scatters and which is scattered. In the co-ordinate system 
in which the centre of mass is at rest, we have two equal incident plane waves, 


+ Here the direct spin-orbit interaction is again ignored. 
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propagated in opposite directions (e*** and e~*# in (135.1)). The outgoing 
spherical wave in (135.1) takes into account the scattering of both particles, 
and the probability current calculated from it gives the probability that 
either of the particles will be scattered into the element do of solid angle 
considered. The effective cross-section is the ratio of this current to the 
current density in either of the incident plane waves, i.e. it is given, as before, 
by the squared modulus of the coefficient of e**/r in the wave function 
(135.1). 

Thus, if the total spin of the colliding particles is even, the effective 
scattering cross-section is of the form 


dos = | f(0)+f(7—8)|? do, (135.2) 


while if the total spin is odd, it is 
doa =|f(6)—f(7—6)|2 do. (135.3) 


(It may be noted that the cross-section dog is zero for slow particles, when the 
amplitude f is constant.) The appearance of the “‘interference”’ term 
S(O)f*(a — 0) +f*(9)f(7—0) characterises the exchange interaction. If the 
particles were different, as they are in classical mechanics, the probability 
that either of them would be scattered into a given element of solid angle do 
would simply be equal to the sum of the probabilities that one particle is 
deviated through an angle @ and the other through 7—9; in other words, 
the effective cross-section would be 


{IF()P+|F(7—9)|?} do. 


In formulae (135.2), (135.3) it is supposed that the total spin of the col- 
liding particles has a definite value. Usually, however, we have to deal 
with the collision of particles which are not in definite spin states. To 
determine the effective cross-section in this case, it is necessary to average 
over all possible spin states, assuming them to be all equally probable. We 
have shown in §62 that, of the total number of (2s-+1)? different spin states 
of a system of two particles with spin s, s(2s+1) states correspond to an 
even total spin and (s+1)(2s+1) to an odd total spin (if s is half-integral), 
or vice versa if sis integral. Let us first suppose that the spin s of the particles 
is half-integral. Then the probability that the system of two colliding 
particles will have even S is s(2s-+1)/(2s+1)? = s/(2s+1), while the probab- 
ility of odd S is (s+1)/(2s+1). Hence the effective cross-section is 


Ee eee per ie (135.4) 
= 241 er ree) Ca: : 
Substituting here (135.2), (135.3), we obtain 
1 


Lf (0) f*(a7—0)+ f*(8) f(27—8)]} do. 


do ORT oS (135.5) 
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Similarly, we find for integral s 


do = FOP UO) 


si OF *(—8)-+ f *(8) f(a—8)]} do. 
(135.6) 


As an example, we shall write out the formulae for the collision of two 
electrons interacting by CouLomp’s law (U = e*/r). Substitution of the 
expression (133.9) in the formula (135.5) with s = 4 gives (in ordinary units), 
after a simple calculation, 


1 1 
dco = | =) Ee —____—--¢ Gane tant) | do, 
mov? intyo cost}O | sin?40 cosh hv 
(135.7) 


where we have introduced the mass my of the electron in place of the reduced 
mass m= 4m). This formula is considerably simplified if the velocity is 
so large that e? < vii; we notice that this is just the condition for perturba- 
tion theory to be applicable to a Coulomb field. Then the cosine in the third 
term can be replaced by unity, and we have 


2e2 \2 4—3 sin? 
do = ( ) ————- do. (135.8) 
Mov? sin46 


The opposite limiting case, e?>vi, corresponds to the passage to the limit 
of classical mechanics (see the end of §126). In formula (135.7) this transition 
occurs in a very curious way. For e? > vi, the cosine in the third term in the - 
square brackets is a rapidly oscillating function. For any given 6, formula 
(135.7) gives for the effective cross-section a value which in general differs 
considerably from the Rutherford value. However, on averaging over even 
a small range of values of 6, the oscillating term in (135.7) vanishes, and we 
obtain the classical formula. 

All the above formulae for the effective cross-section refer to a system of 
co-ordinates in which the centre of mass is at rest. The transition to a system 
in which one of the particles is at rest before the collision is effected (according 
to (122.2)) simply by replacing @ by 29. Thus, for a collision of electrons 
we have from (135.7) 


2e2 
ds = ( ) E COs é log tanto) | cos 3 do, 
Mov into cos! - sin cos? cos?9: 


(135.9) 


where do is the element of solid angle in the new system of co-ordinates. 
In replacing @ by 2%, the element of solid angle do must be replaced by 
4 cos $ do, since sin 0 déd¢ = 4 cos 9 sin dddd¢d. 
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PROBLEM 
Determine the effective scattering cross-section for two identical particles of spin 4, with 
definite values o = +4 of the projection of the spin on axes at an angle « with each other. 


SoLuTion. Let the spinors x# and & be the spin wave functions of the particles. The 
wave function of the system of the two colliding particles is the product x#£¥. We write it 
in the form 


XMEY = XML XEMAT(XME”— YEP). 


The first term is a symmetrical spinor of rank two, and corresponds to a state of the system 
with total spin S = 1; the second is an antisymmetrical spinor, which reduces to a scalar and 
corresponds to a state with S = 0. Hence the probabilities for the system to have spin 1 
and 0 are respectively 


wor = Exh? xrEel? = H+ |y7teP), 
woo = BIxme?—xrEM® = H(1— [yee 


summation over repeated spinor indices is understood, and it must be recalled that |x#|? 
= |é#|? = 1. The required effective cross-section is 


(1) 


do = wo dos+u] dog. (2) 


We take a system of co-ordinates with the z-axis that along which the projected spin of the 
first particle has a definite value (o = +4); then x! = 1, x2 = 0. The components of the 
spinor é" are £' = cos 4a, ¢? =isin $a (see the transformation formulae (58.10); in the 
system of co-ordinates along whose z-axis the projected spin of the second particle has a 
definite value, we should have £1 = 1, é = 0). Substituting these values in (1), we find 
the cross-section (2) in the form 


do = }(1—cos«) dos+4}(3+ cos «) dog. (3) 


§136. Resonance scattering of charged particles 


In the scattering of charged nuclear particles (e.g. of protons by protons), 
as well as the short-range nuclear forces there is the Coulomb interaction, 
which decreases only slowly. The theory of resonance scattering in this case 
is developed by the same method as that described in §131. The only differ- 
ence is that the wave function in the region outside the radius of action of the 
nuclear forces (r > a) must be, instead of the solution of the equation of free 
motion (131.2), the exact general solution of SCHRODINGER’s equation in a 
Coulomb field. Here the velocity of the particles is again assumed only so 
small that ka < 1; the relation between 1/k and the Coulomb unit of length 
ae = h?/mZ\ Ze" (where m is the reduced mass of the colliding particles) is 
left arbitrary. 

For motion with / = 0 in a repulsive Coulomb field, ScHRODINGER’s 
equation for the radial function y = rRo is 


2 
je (w- =) = 0; (136.1) 
rT 


+ The theory given below is due to L. LaNpau and Ya. SMoropinskii (1944). 
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here we use Coulomb units. In §36 the solution of this equation has been 
found, subject to the requirement that x/r is finite at r = 0. This solution, 
which we here denote by K, has the form (see (36.27) and (36.28)) 


K = AetkrkrF(iJk+1, 2, —2ikr), 


2ar|k (136.2) 


2 = er | 
e27/k—J 


The asymptotic expression for this function at large distances is 


1 
K & sin (ir = log2hr +60, cout), 


(136.3) 
80,Coul = arg iG! +i/k), 


and the leading terms of the expansion for small 7 (kr < 1, r < 1) are 


K = Akr(l-+r+ ...). (136.4) 


Now, however, with the changed boundary condition, the behaviour of the 
function at the origin becomes unimportant, and we need the general solution 
of equation (136.1), which is a linear combination of two independent integrals. 

The parameters of the confluent hypergeometric function in (136.2) are 
such (the value of y = 2 being integral) that the case described at the end 
of §d of the Mathematical Appendices occurs. In accordance with the 
discussion given there, we obtain the second integral of equation (136.1) 
by replacing the function F in (136.2) by some other linear combination of 
two terms whose sum is, according to (d.14), the confluent hypergeometric 
function. Taking the difference of these terms as the combination in question, 
we find the second independent solution of equation (136.1) (denoted by L) 
in the form 


2i alieed, 2ikr)-+i/kG(1—iJk, —i/k, —2ikr); (136.5) 
= 21m — 2ikr)- —1i/k, —1/k, —2Z1Rr); : 
T(1+3/k) 


the function K is the real part of the same expression. The asymptotic form 
at large distances is 


1 
LY cos( kr 7 log 2hr +B0,com ) (136.6) 


and the leading terms of the expansion for small r are 


1 
L = {1+ 2r[log2r + 2y—14H)]+ «35 (136.7) 
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where y = 0-577... is EuLER’s constant, and h(k) denotes the function 
h(k) = rey(—i/k)-+log k, (136.8) 


#(z) = I’(z)/T'(z) being the logarithmic derivative of the I’ function.t 
The general integral of equation (136.1) may be written as the sum 


X = constant x (K cotdp+ ZL), (136.9) 


where cot do is a constant. The notation is chosen so that the asymptotic 
form of this solution is 


1 
xX~ sin(r— ; lou2hr+-80,cou+B0). (136.10) 


Thus 8p is the additional phase shift of the wave function due to the short- 
range forces. We have to relate it to the constant appearing in the boundary 


A(x) 


Fic. 48 


+ The expansion (136.7) is obtained from (136.5) by means of the expansion (d.17) of the function 


G, using the well-known relation 
W(1+2) = ¥(2)+1/z 


(which is easily derived from I'(z+1) = 2I'(z)) and the values %(1) = —y, (2) = —y+l. 
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condition [y’/x]rs0 = constant, which replaces the treatment of the wave 
function in the region where nuclear forces act. Owing to the logarithmic 
divergence of the logarithmic derivative x'/x as r -> 0, this condition must 
be applied at some arbitrarily small but finite value 7 = p, not at r = 0. 
Calculating by means of formulae (136.4) and (136.7) the derivative x'(p)/x(p) 
and equating it to a constant, we obtain the boundary condition in the form 


kA2 cot 89 + 2[log 2p + 2y + h(k)] = constant. 


The expression on the left-hand side of the equation contains the constants 
2 log 2p and 4y, which are independent of k; we include these in the constant 
on the right, and then denote it by —«. The final expression for cot 89 is, 
in ordinary units, 


1 
cotdg = ——(e27/kae—1)[h(Rae) +4Ka¢]; (136.11 
Tv 


in the limit 1/a- —> 0, i.e. for uncharged particles, formula (136.11) becomes 
the relation cot 89 = — «/k, i.e. (131.15). 

Figure 48 shows a graph of the function A(R). 

Thus, when there is a Coulomb interaction, the “constant’’ is 


ge Ts ? Wk ) | 136.12 
—, a = —K, . 
a,(e27 kate ae 1) ac A in ( ) 


We have put the word “constant” in quotation marks, since « is actually the 
first term in an expansion in powers of the small quantity ka of some function 
which depends on the properties of the short-range forces. As stated in §131, 
resonance at low energies corresponds to the case where the value of the con- 
stant « is anomalously small. Consequently, in order to improve the accuracy, 
we must take account also of the next term (~?) in the expansion, which 


t To calculate the function h(k), we can use the formula 


Le.) 
1 
htk 4 k-2 ——_——_——_— — y+ I k, 
“ 2 n(n? + k-2) ee 


which is easily obtained by means of the formula 
rr) 


1 1 
ea yas nines): 


n=1 


see WHITTAKER and Watson, Course of Modern Analysis, Cambridge 1944, §12°16. The limiting 
expressions for h(k) are 


A(k)~ R212 for kk <1, 
A(k) = —y+ logk+1-2/k2 for k>1; 


the latter formula gives values of h(k) which are correct to within 4% even for k > 2°5. 
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contains a coefficient of “normal” magnitude, i.e. in (136.12) —« must be 
replaced by — xg+ $rok?.t 

The existence of resonance may, as stated in §131, be due to either a true 
or a virtual discrete bound state of the system. It can be shownt that the sign 
of the constant « is again the criterion which determines whether the level is 
true or virtual. 

The total phase shifts of the wave functions, according to (136.10), are 
equal to the sums 8;,cou1+ 5 of the purely Coulomb phases 8;,cou1 and the 
phases 6; due to the short-range forces. The former make a contribution 
to the scattering amplitude which is of the same order of magnitude for all 
values of J. The latter are (at low energies) small for ] 4 0 and so we can 
neglect all the 8; except 59||. Then the scattering amplitude is 


1 co 
f(6) = aa >» (21-+1)[e2#061,com+80)— 1 ]P,(cos 6) 
1=0 


1 ive) 
> GR » (27+ 1) (e248, cour —_ 1)P;(cos 6) 4+ 
1. 
=0 


1 
aaah en 2480, cou 2t50— ] ' 136.13 
+ ii (e ) ( ) 


The first term is the scattering amplitude in a purely Coulomb field, and is 
given by formula (133.9): 


22 
Soou(9) = — xp (- ee log sin40+2i8o,cou 
Cc 


1 
2h? sin? 
The second term in (136.13) may be called the scattering amplitude due to 
short-range forces. It should be emphasised, however, that this division is 
arbitrary; the presence of the Coulomb interaction has a considerable effect 
on the second term also, which is entirely different from that for the same 
short-range forces but uncharged particles. 


t+ The values of the constants « = 1/«o and ro for proton-proton scattering are « = —7:77X 
10-43 cm, ro = 2:77X 10-18 cm (the Coulomb unit of length 2/2/mpe? = 57-6X10-%3cm). These 
values relate to a pair of protons with antiparallel spins; when the spins are parallel a system of two 
protons cannot be in the s state, by PAuL!’s principle. 

t See L. Lanpau and Ya. SMoropinskii, Zhurnal éksperimental’noi i teoreticheskot fiziki 14, 269, 
1944. 

|| The expression for cot 6: when J 4 0 may be given for reference: 


Ss 


q 

1 
td; = — — (e27/kae—1){h(ka,) + > 
ae a6 | ( ae) rane s2+ (Rae)? 


Z 
+a] [+282 
p=1 


where the a: are constants. 


§137 Elastic collisions between fast electrons and atoms 531 


In the scattering cross-section the two parts of the amplitude interfere: 


a FO? = (Ae) 1 7 


2mv2 sin4$0 


(Rag)? 


sin?46 


2 
sin do cos(—— log sin 104-50) +4(ka,)? sin? |. (136.14) 
Ac 


Here it is assumed that the colliding particles are different; in the scattering 
of like particles, the scattering amplitude must be symmetrised before being 
squared (see §135). 


§137. Elastic collisions between fast electrons and atoms 


Elastic collisions between fast electrons and atoms can be treated by means 
of the Born approximation if the velocity of the incident electron is large 
compared with those of the atomic electrons. 

Owing to the large difference in mass between the electron and the atom, 
the latter may be regarded as at rest during the collision, and the system of 
co-ordinates in which the centre of mass is fixed is the same as that in which 
the atom is fixed. Then p and p’ in formula (125.7) denote the momenta of 
the electron before and after the collision, m the mass of the electron, and 
the angle @ is the same as the angle of deviation 9 of the electron. The poten- 
tial energy U(r) in formula (125.7) must be defined appropriately. 

In §125 we have calculated the matrix element U,,, of the interaction 
energy with respect to the wave functions of a free particle before and after 
the collision. In a collision with an atom it is necessary to take into account 
also the wave functions describing the internal state of the atom. In an elastic 
collision, the state of the atom is left unchanged. Hence U,,,, must be deter- 
mined as the matrix element with respect to the wave functions y, and ¥,, of 
the electron; it is diagonal with respect to the wave function of the atom. 
In other words, U(r) in formula (125.7) must be taken to be the potential 
energy of the interaction of the electron with the atom, averaged with respect 
to the wave function of the latter. It is ef(r), where ¢(r) is the potential of 
the field at the point 7 due to the mean distribution of charges in the atom. 

Denoting the density of the charge distribution in the atom by p(r), we 
have, for the potential ¢, Poisson’s equation: 


Ad = —47p(7). 


The required matrix element U,,, is essentially the Fourier component of U 
(i.e. of 6) corresponding to the wave vector q=k’—k. Applying Poisson’s 
equation to each Fourier component separately, we have 


A (Pge*4-*) = —qrdgeta-F = —Anpgett-*, 
18 
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so that 
bq = 47pq/?’, 
1.€. 


| ge-ta- dV = (4n]q?) (i pe-ta-r dV. (137.1) 


The charge density p(r) consists of the electron charges and the charge 
on the nucleus: 


p = —en(r)+ Ze&(r), 
where en(r) is the electron charge density in the atom. Multiplying by 
e~‘4« and integrating, we have 
| peta-r ay = —e | ne-ta-dV + Ze, 


Thus we obtain for the integral in question the expression 
4re2 
J Ue-ta-r dV = —[Z—F(g)], (137.2) 
q 
where F(q) is defined by the formula 
F(q) = | neta. dV (137.3) 


and is called the atomic form factor. It is a function of the scattering angle and 
of the velocity of the incident electron. . 

Finally, substituting (137.2) in (125.7), we obtain the following expression 
for the effective cross-section for the elastic scattering of fast electrons by 
an atomy: 


Am? 
do = 
hitq* 


=(-<)[z ms “sind | ae (137.4) 


Let us consider the limiting case of small g; we have in mind values of q¢ 
which are small compared with the “reciprocal atomic radius”, i.e. with 
1/ay, where ay is of the order of magnitude of the dimensions of the atom 
(qa) < 1). Small scattering angles correspond to small g:3 < v,/v, where 


“IZ-F (q)P do 


t+ We are neglecting exchange effects between the fast electron which undergoes scattering and the 
atomic electrons, i.e. we do not symmetrise the wave function of the system. The legitimacy of this 
procedure is evident: the interference between the rapidly oscillating wave function of the free 
particle and the wave function of the atomic electrons in the “exchange integral”’ has the result that 
the corresponding contribution to the scattering amplitude is small. 
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Uy ~ hi/may is of the order of magnitude of the velocities of the atomic 
electrons. 

Let us expand F(q) as a series of powers of g. The zero-order term is 
f ndV, which is the total number Z of electrons in the atom. The first- 
order term is proportional to { rn(r) dV, i.e. to the mean value of the dipole 
moment of the atom; this vanishes identically (see §75). 

We must therefore continue the expansion up to the second-order term, 
obtaining 


1 
= = 2 2 . 
Z—-F() = <4 | nr2 dV; 


substituting in (137.4), we obtain 


2 
do. (137.5) 


me2 
3h2 | nr2 dV 


Thus, in the range of small angles, the effective cross-section is independent 
of the scattering angle, and is given by the mean square distance of the 
atomic electrons from the nucleus. 

In the opposite limiting case of large q (gay > 1, i.e. 3 > v/v), the factor 
ear in the integrand in (137.3) is a rapidly oscillating function, and there- 
fore the whole integral is nearly zero. Consequently, we can neglect F(q) 
in comparison with Z, so that 


Ze\2 do 
o= ( ) ——. (137.6) 
2mv2/ sin44d 
In other words, we have Rutherford scattering at the nucleus of the atom. 
We may also calculate the transport cross-section 


Ctr = | cos 9) do. 


In the range of angles $ < vo/v we have, according to (137.5), do = constant x 
x sin $d = constant x $d9, where the constant is independent of 9. 
Hence, in this region, the integrand in the above integral is proportional 
to $8, so that the integral converges rapidly at the lower limit. In the region 
1 > 3 > w/v we have do ~ constant x d3/98; the integrand is proportional 
to 1/9, and the integral diverges logarithmically. Hence we see that this 
range of angles plays the chief part in the integral, and we need integrate 
only over this range. The lower limit of integration must be taken as of the 
order of vo/v; we shall write it in the form e2/yhv, where y is a dimensionless 
constant. As a result we have the formula 


otr = 41( Ze?/mv2)? log(yhiv/e?). (137.7) 


An exact calculation of the constant y requires a consideration of scattering 
through angles $ > vo/v, and cannot be carried out in a general form; ot; 
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depends only slightly on the choice of this constant, since it enters only in 
a logarithm, and multiplied by the large quantity fv/e?. 

For a numerical calculation of the atomic form factor for heavy atoms, we 
can use the Thomas-Fermi distribution of the density n(r). We have seen 
that, in the Thomas-Fermi model, n(r) has the form 


n(r) = Z2f(rZU8/b); 


all quantities in this and the following formulae are measured in atomic units. 
It is easy to see that the integral (137.3), when calculated with such a function 
n(r), will contain qg only in the combination qZ-V/?: 


F(q) = 24(bqZ-1/8). (137.8) 


Table 11 gives, for reference, the values of the function ¢(x), which holds 
for all atoms.t 


TABLE 11 


The atomic form factor on the Thomas-Fermi model 


x (x) x (x) x (x) 
0 1000 || 1:08 | 0-422 || 2-17 | 0-224 


0°15 0-922 1-24 0-378 2°32 0-205 
0:31 0-796 1:39 0-342 2°48 0-189 
0-46 0-684 1°55 0-309 2°64 0-175 
0°62 0-589 1-70 0:284 2°79 0-167 
0-77 0-522 1-86 0:264 2°94 0-156 
0-93 0-469 2°02 0-240 


With the atomic form factor (137.8), the effective cross-section (137.4) 
will have the form 


do = (4Z2/q4)[1 —$(bgZ-1/3)2 do = Z2/3@(Z-1/8p sin$9) do, (137.9) 


where (x) is a new function holding for all atoms. The total effective cross- 
section may be obtained by integration. The chief part in the integral is 
played by the range of small 9. Hence we can write 


do = Z280(Z-1/3y9/2)273 dd, 


+ It must be borne in mind that this formula is not applicable for small q, since the integral of nr? 
cannot in practice be calculated by the Thomas-Fermi method (see the fifth note to §112). It should 
also be mentioned that the Thomas-Fermi model does not represent the individual properties of 
atoms or their systematic variation with atomic number. 
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and extend the integration over 4 to infinity: 


© 00 
o = 2nZ2/8 | @(Z-1/309/2)9 dd = (8ar/v2)Z4/3 i (x) dx. 
0 0 
Thus o is of the form 
o = constant x Z4/3/v2, (137.10) 


Similarly, it is easy to see that the constant y in formula (137.7) will be 
proportional to 2-1/3, 


PROBLEM 


Calculate the effective cross-section for the elastic scattering of fast electrons by a hydrogen 
atom in the ground state. 


SoLution. The wave function of the normal state of the hydrogen atom is ¢ = a-1/2e-7, 
so that 2 = e~2"/m (we are using atomic units). The integration over angles in (137.3) is 
effected as in the derivation of formula (125.12); we have 


1 


: ey auava 
= — | n(r) singr.rdr = ———_.. 
q (+492)? 


Substituting in (137.4), we obtain 
4(8-+42)? 
o = ———d 
(4+0%)4 
where q = 2usin 49. The total effective cross-section is conveniently calculated by putting 
do = 2m7sin 9 d9 = (27/v*)q dq and integrating over g; here, of course, only the term of 


the lowest degree in 1/v need be retained. The result is 


o = 71/302. 


bd 


§138. Scattering with spin-orbit interaction 


Hitherto we have considered only collisions of particles whose interaction 
does not depend on their spins. Under these conditions the spins either do 
not affect the scattering process at all, or have an indirect influence due to 
exchange effects (§135). 

Let us now examine the generalisation of the theory of scattering given in 
§122 to the case where the interaction of the particles depends significantly 
on their spins, as occurs in collisions of nuclear particles. 

We shall discuss in detail the simplest case, where one of the colliding 
particles (for definiteness taken to be the particle in the incident beam) has 
spin 4, and the other (the target particle) has spin zero. 

For a given (half-integral) angular momentum j of the system, the orbital 
angular momentum can have only the two values / = 7 +4, corresponding 
to states of different parities. In this case, therefore, the conservation of the 
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absolute magnitude of the orbital angular momentum follows from that of j 
and the parity. 

The operator f (§124) now acts not only on the orbital variables but also 
on the spin variables of the wave function of the system. It must commute 
with the operator of the conserved quantity 12. The most general form of such 
an operator is 


f=4a+61.8, (138.1) 


where d and 6 are orbital operators depending only on 12. 

The S-matrix, and therefore the matrix of the operator /, are diagonal with 
respect to the wave functions of states with definite values of the conserved 
quantities / andj (and the component m of the total angular momentum), and 
the diagonal elements are expressed in terms of the phases 5 of the wave 
functions by formula (122.14). For given / and given total angular momentum 
j = 1+4 or 1—4 the eigenvalues of 1. s are 4/ and —4(/+1) respectively (see 
(117.5)). Hence, to determine the diagonal matrix elements of the operators 
G and 6 (denoted by a; and bz), we have the relations 


1 
ayt+4$lb; => rn ai 1), 
; (138.2) 
ay—¥l-+ 1h = = {ee —1), 
2. 


where the phases 6;+ and 6;- correspond to states withy = ]+4 andj = 1-4 
respectively. 

We are interested, however, not in the diagonal elements themselves of 
the operator f with respect to the states with given / and j, but in the scatter- 
ing amplitude as a function of the directions of the incident and scattered 
waves. This amplitude is still an operator, but only with respect to the spin 
variables—an operator which is non-diagonal with respect to the spin com- 
ponent g. In the rest of this section f will denote this operator. 

To derive this operator we must apply the operator (138.1) to the function 
(124.16) which corresponds to a plane wave incident along the z-axis. Thus 


f= > (21+ 1)(a,-+ bl . 8)P;(cos 6). (138.3) 
l=0 


Here we must also calculate the result of the action of the operator 1.8 on 
the function P;(cos 6). This can be done by writing 


i.s = 448 +18) +h% 


(see (29.11)) and using formulae (27.12) for the matrix elements of the oper- 
ators /,, or still more simply by using the operator expressions (26.14), 
(26.15). The result is 


i . 8P,(cos 6) = iv . §P;1(cos 6), 
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where P;! is the associated Legendre polynomial and v a unit vector in the 
direction nxn’ which is perpendicular to the plane of scattering (n being 
the direction of incidence (the z-axis) and n’ the direction of scattering, 
defined by the spherical polar angles 0, ¢). 

On determining a; and 5; from (138.2) and substituting in (138.3), we 
have finally 


f = A+2Bv.8, (138.4) 
1 cO 
nee 2td,+ 218; __ 
er 2 (+ 1)(e 1)+U(e 1)]Px(cos 6), 
(138.5) 
1 fo @] 
oe Z (e288 — e288) P,3(c08 8) 


The matrix elements of this operator give the scattering amplitude for 
definite values of the spin component in the initial (c) and final (o’) states. 
Usually, however, what is of physical interest is the effective cross-section 
summed over all possible values of o’ and averaged with respect to the 
probabilities of various values o in the initial state (in the incident beam). 
The cross-section is given by 


do = (F*f Jeo do; (138.6) 


by taking the diagonal matrix elements of the product f+/ we effect the 
summation over final states, and the bar denotes the averaging with respect 
to initial states.t If all spin directions are equally probable in the initial 
state, this averaging reduces to taking the trace of the matrix, divided by the 
number of possible values of the spin component oc: 


do = ttr(ftf) do. 


On substitution of (138.4) in (138.6) the mean value of the square (v.s)? 
is calculated as 4v’s? = 45(s+1) = 4. The result is 


de/do = |.A|2+|B|2+2 re(AB*)v. P, (138.7) 
where P = 28 is the initial polarisation of the beam, defined as the ratio 


t If the squared modulus | fon|? of the matrix element of some operator for the transition 0 > 1n 
is summed over final states , we have 


E | fonl® = E fon fon)” = E fou Fa 


= (ff *)oo. 


To avoid misunderstanding, it should be emphasised that the sign + denoting the conjugate refers 
in (138.6) and henceforward to f as a spin operator; in particular, the transposition of n and n’ is 
not implied. 
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of the mean spin in the initial state to its maximum possible value (4). 
In the case of spin 4 the vector § completely describes the spin state (§59). 

It may be pointed out that the polarisation of the incident beam leads 
to an azimuthal asymmetry of the scattering: owing to the factor v.P in 
the last term, the cross-section (138.7) depends not only on the polar angle 0 
but also on the azimuth ¢ of the vector n’ relative to n (if the polarisation 
is not perpendicular to v, so that v.P # 0). 

The polarisation of the scattered particles can be calculated from the 
formula 


PP = Uf tsf ool fT oo: (138.8) 


For example, if the initial state is unpolarised (P = 0), a simple calculation 
gives 
2 re(AB*) 


= ———Y. 
|A/?+|B/? 


f 


(138.9) 


Thus scattering leads, in general, to the appearance of a polarisation per- 
pendicular to the plane of scattering. This effect is, however, absent in the 
Born approximation: if all the phases 6 are small, the coefficient A is real 
in the first approximation with respect to the phases, and B is purely imaginary, 
so that re(AB*) = 0. 

The fact that the polarisation P’ (138.9) is in the direction of v is obvious 
a priori. P’ is an axial vector, and v is the only axial vector which can be 
constructed from the available polar vectors n and n’. It is therefore evident 
that this property will also be possessed by the polarisation resulting from the 
scattering of an unpolarised beam of particles with spin 4 by an unpolarised 
target composed of nuclei with any spin (not necessarily zero). 

In formulating the reciprocity theorem for scattering in the presence 
of spins it must be borne in mind that time reversal changes the signs not 
only of the momenta but also of the angular momenta. Hence the symmetry 
of scattering with respect to time reversal must in this case be expressed by 
the equality of amplitudes for processes which differ not only in the inter- 
change of the initial and final states and the reversal of the directions of 
motion but also in that the signs of the spin components of the particles are 
changed in both states. Here, however, the signs of these amplitudes may 
differ because, according to (60.2), time reversal introduces a factor (— 1)8~7 
in the spin wave function. This has the result that the reciprocity theorem 
must be formulated as follows:t 


f(o1, o2, Nn, o1, G2, n’) = (— 126-9 f(— 01, - Go, —n; —O1, —o2,—n). (138.10) 


+ Here we have in mind a target with a completely random distribution of spin directions. For 
s >}, it will be recalled, the mean value of the spin vector does not fully determine the spin state, 
and if this mean value is zero there is not necessarily a complete absence of ordering of the spins. 

{ The derivation of this relation is similar to that of formula (124.12). The amplitudes of the 
ingoing and outgoing waves must contain spin factors, and instead of (124.10) we have the condition 


K-$8K = 8S, where K is an operator which not only effects inversion but also changes the spin state 
in accordance with (60.2). 
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Here f(01, o2,n; 01’, o2',n’) is the amplitude of scattering with change 
in the spin components of the colliding particles from oi, og to o1', o¢’. 
The sum in the exponent is taken over both particles before and after scatter- 
ing. 

In the Born approximation, the scattering has a further symmetry; the 
probabilities of processes differing by the interchange of the initial and 
final states, without change in the signs of the momenta and spin components 
of the particles as in time reversal, are the same (see §125). Combining this 
property with the reciprocity theorem, we find that the scattering is sym- 
metrical with respect to a change in sign of all the momenta and spin com- 
ponents, without interchange. Hence we easily conclude that in the Born 
approximation there can be no polarisation in the scattering of any unpolarised 
beam by an unpolarised target. For, under the transformation mentioned, 
the polarisation vector P changes sign, while the unit vector k x k’, whose 
direction must be the same as that of P, remains unaltered. Thus the pro- 
perty noted above for the scattering of particles with spin 4 by particles with 
spin zero is actually a general one. 

In the case of arbitrary spins of the colliding particles, the general formulae 
for the angular distributions are very complicated, and we shall not pause to 
derive them here, but merely calculate the number of parameters by which 
these distributions must be determined. 

The case considered above of a collision between particles of spin 4 and 
0 has, in particular, the property that to given values of j and the parity there 
corresponds only one state of the system of two particles (apart from the 
unimportant orientation of the total angular momentum in space). Each 
such state leads to one real parameter (the phase 5) in the scattering ampli- 
tude. For other spins there are in general several different states with the 
same total angular momentum J and parity; these states differ in the 
values of the total spin S of the particles and the orbital angular momentum 
l of their relative motion. Let the number of such states be 7. It is easy to 
see that each such group of states contributes 42(m+1) real parameters in 
the scattering amplitude. For the S-matrix is, with respect to these states, 
a matrix having unitary symmetry (owing to the reciprocity theorem), with 
n.ncomplex elements. ‘The number of independent quantities in this matrix 
is conveniently calculated by noting that, if the operator § is written in the 
form 

1+iR 

1—-iR’ 
the unitarity condition is automatically satisfied when R is any Hermitian 
operator. If the matrix § is symmetrical, so is the matrix R, which, being 
Hermitian, is therefore real, and a real symmetrical matrix has 4n(m+1) 
independent components. 

As an example, for two particles with spins 4 the number m = 2: for 
given J there are in all four states, two with /] = J and total spin S = 0 or 


S= 


(138.11) 
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1, and two with / = J+1, S = 1. It is evident that two of these states are 
even (/ is even) and two are odd (/ is odd). 

The general form of the scattering amplitude for particles with spin 3, 
as an operator relating to the spin variables of the two particles, is easily 
written down from the necessary invariance conditions: it must be a scalar 
invariant under time reversal. To construct this expression we have the 
two axial vectors s1 and seg of the particle spins and two ordinary (polar) 
vectors n and n’. Each of the operators 8; and §2 must appear linearly in the 
amplitude, since any function of an operator of spin 4 can be reduced to a 
linear function. The most general form of operator satisfying these condi- 
tions can be written as 


f =A +Bi.A)(Se- A)+C(8i - (Se. w) + 
+ D(81 .v)(82 -v) + E(si+ S2) .v-+ F(si1—S2) -v. (138.12) 


The coefficients A, B, ... are scalar quantities, which can depend only on the 
scalar n . n’, i.e. on the scattering angle @ (and on the energy); A, w, v are 
three mutually perpendicular unit vectors along n+n’, n—n’ and nxn’ 
respectively. The operations of time reversal correspond to the changes 


Si > —S1, Sg -> —Se, n-> —n, n’ > —n, 
so that 
A> —A, Poe Vo-v 


and the invariance of the operator (138.12) is obvious. 

In the mutual scattering of nucleons (protons and neutrons) the last term 
in (138.12) does not appear. This is evident from the fact that the nuclear 
forces acting between nucleons conserve the absolute magnitude of the total 
spin S of the system; the operator §;— $2, however, does not commute with 
the operator $2. (The remaining terms in (138.12) are expressed, according 
to (116.4), in terms of the total spin operator S, and therefore commute with 
§2.) In the scattering of like nucleons (pp or mm), the coefficients A, B, ... 
as functions of the angle of scattering also satisfy certain symmetry relations 
as a result of the identity of the two particles (see Problem 2). 


PROBLEMS 


PROBLEM 1. Determine the polarisation after the scattering of particles with spin 4 
by particles with spin zero when the polarisation before scattering is non-zero. 


SoLuTion. A calculation using formulae (138.8) and (138.4) is conveniently effected 
in components, with the z-axis in the direction of y. The result is 

P’ (| A|?—|Bl2)P + 2|Bl2v(v.P)+2 im(AB*)y x P+ 2y re(AB*) 

7 |Al2+|B|2+2 re(AB*)v . P 


PRoBLEM 2. Find the symmetry conditions satisfied by the coefficients in the scattering 
amplitude for two like nucleons, as functions of the angle @ (R. OEHME 1955). 


§138 Scattering with spin-orbit interaction 541 


SoLUTION. We regroup the terms in (138.12) in such a way that each is non-zero only 
for singlet (S = 0) or triplet (S = 1) states of the system of two nucleons: 


f = a8, . 82—4f)+5(81 . 82+ 8) + cf +(81 « v)(Se -v)]+ 
+d[(8. n)(82. n’) + (81. n’)(S2 . n)]+e(81+82) .v. (1) 


Using formulae (116.4), we easily see that the first term is non-zero only for S = 0 and the 
remainder only for S = 1. Owing to the identity of the particles, the scattering amplitude 
must be symmetric with respect to interchange of the particle co-ordinates for S = 0, and 
antisymmetric for S = 1. This transformation is equivalent to 9 -> 7—9, or to a change in 
sign of one of the vectors mn and n’ (cf. §135). From these conditions we obtain the relations 


a(r—6) = a(6),  b(r—6) = —W(0),  a—0) = —c(6), 
d(n—6) = d(6),  e(a—6) = &(6).. 


Owing to isotopic invariance, the scattering amplitude is the same for mn and pp scattering 
and for np scattering in the isotopic state with T = 1. For the mp system, however, the state 
with T = 0 is also possible, and the np scattering amplitude is therefore described by other 
coefficients a, b, ... in (1), which do not possess the symmetry properties (2). 


(2) 


CHAPTER XVIII 


THE THEORY OF INELASTIC COLLISIONS 


§139. Elastic scattering in the presence of inelastic processes 


COLLISIONS are said to be inelastic when they are accompanied by a change 
in the internal state of the colliding particles. Here we understand “‘a change 
in the internal state’ in the widest sense; in particular, the very nature of 
the particles may be altered. For example, the change may consist in the 
excitation or ionisation of atoms, the excitation or disintegration of nuclei, 
and so on. Where a collision (e.g. a nuclear reaction) may be accompanied 
by various physical processes, these are referred to as various channels of the 
reaction. 

The existence of inelastic channels has a certain effect on the properties 
of elastic scattering also. 

In the general case where various reaction channels exist, the asymptotic 
expression for the wave function of the system of colliding particles is a sum, 
with one term corresponding to each possible channel. Among these there is, 
in particular, a term describing the particles in the original unchanged state 
(the input channel). This is the product of the wave functions of the internal 
state of the particles and a function describing their relative motion (in a 
co-ordinate system where their centre of mass is at rest). The latter function 
is the one of interest here; we shall denote it by y, and seek its asymptotic 
form. 

The wave function % in the input channel consists of an incident plane 
wave and an outgoing spherical wave corresponding to elastic scattering. It 
can also be represented as the sum of an ingoing and an outgoing wave, as 
in §122. The difference is that the asymptotic expression for the radial 
functions R;(r) cannot be taken in the form of the stationary wave (122.7). 
The stationary wave is the sum of ingoing and outgoing waves of equal 
amplitude. In purely elastic scattering this corresponds to the physical 
significance of the problem, but when there are inelastic channels the ampli- 
tude of the outgoing wave must be less than that of the ingoing wave. The 
asymptotic expression for y will therefore be given by formula (122.8): 


p= ~ >(2l+ 1)P;(cos 6)[(—1)le-tr — Syet*r], (139.1) 
1=0 


except that the Sz are no longer given by (122.9), but are certain quantities, 
in general complex, with moduli less than unity. The elastic scattering 
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amplitude is given in terms of these quantities by formula (122.10): 
fee] 


1 
fO= = > (i+ 1)(S;—1)P;(cos 6). (139.2) 


=0 


For the total elastic scattering cross-section o¢ we have, instead of (122.11), 
the formula 


a co 
des DPE IYI — Sif (139.3) 
7=0 


The total inelastic scattering cross-section or reaction cross-section or for all 
possible channels can also be expressed in terms of the S;. To do so, we 
need only note that for each value of / the intensity of the outgoing wave is 
reduced in the ratio |,S;|2 in comparison with that of the ingoing wave. This 
reduction must be ascribed entirely to inelastic scattering. It is therefore 
clear that 


ee Delt 1)(1—|.S)/2), (139.4) 
i=0 


and the total cross-section is 


2a = 
op = e+ oF = el 1)(1—reS)). (139.5) 
i=0 


The partial amplitude for elastic scattering with angular momentum /, 
determined from (122.13), is 

fir=(Si—1)/2ik, (139.6) 

and each of the terms in the sum in (139.3) and (139.4) is the partial cross- 


section for elastic or inelastic scattering of particles with angular momen- 
tum 7: 


a) = (a/h2)(214 1)|1— Si]?, 
ot? = (w/A2)(21+1)(1-|SiP), | (139.7) 
oD = (2nr]k2)(21-+4 1)(1 — re S)). 

The value S; = 1 corresponds to the complete absence of scattering (with 


a given 1), The case S; = 0 corresponds to total ‘“‘absorption’’ of particles 
with a given /, when 


of) = ol = (m/h)(21+ 1), (139.8) 


i.e. the cross-sections for elastic and inelastic scattering are equal. 
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For a given value of o,“, the elastic scattering cross-section can have 
values in the range 


Vo00—V/(s0— 59) < Vo!) < V/a0+ V/(o9— 6), (139.9) 


where op = (2/+1)z/k2. It is interesting to note that, when o;) is not zero, 
oe also cannot be zero, i.e. the presence of inelastic reaction channels 
necessarily involves that of elastic scattering at the same time. 

Taking the value of (8) from (139.2) for @ = 0 and comparing with (139.5), 
we find 


im f(0) = ko,/42r, : (139.10) 


which is a generalisation of the optical theorem (124.9). Here f(0) is again 
the amplitude of elastic scattering through zero angle, but the total cross- 
section o; includes the inelastic component. 

The imaginary parts of the partial amplitudes fj are related to the partial 
cross-section o;) by 


| (139.11) 


which follows directly from (139.6) and (139.7). 

The fact that the coefficients S; in the asymptotic expression for the wave 
function are not of unit modulus does not affect the conclusions of §128 
concerning the singular points of the elastic scattering amplitude as a function 
of complex E. These conclusions remain valid when inelastic processes 
occur. The analytical properties of the amplitude are, however, changed in 
that it is no longer real on the negative real axis (E<0), and its values on the 
upper and lower sides of the cut for E> 0 are not complexconjugate quantities 
(and accordingly its values at all points in the upper and lower half-planes 
symmetrical about the real axis are not complex conjugate quantities). 

When we go from the upper edge of the cut to the lower edge by passing 
round the point E = 0, the quantity ./E changes sign, i.e. this process 
changes the sign of the quantity k, which is real (for E > 0). The ingoing 
and outgoing waves in (139.1) are interchanged, and so the coefficient S; is 
replaced by its reciprocal 1/,S; (which is not equal to S;*). The amplitudes 
fi on the upper and lower edges of the cut may be denoted by f;(k) and f;(—) 
(only fi(A) is a physical amplitude, of course). According to (139.6) we have 


1/S;—1 
‘Oi 


y=, f(—m 
Maa IA 
Eliminating S; from these two equations gives 


Silk) — fil —) = 2akfi(R) fi — k); (139.12) 


in the absence of inelastic processes, f(—k) = f*(k), and the relations (139.11) 
and (139.12) are the same. 
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Writing (139.12) in the form 
1 1 


ik, 


we see that the sum 1/f;(k)+ik must be an even function of k, and if this is 
denoted by g7(k?), then 


FAR) = (139.13) 


ai) — ik 
The even function g;(k2), however, is not now real as it was in (124.15). 

When a beam of particles passes through a scattering medium consisting 
of a large number of scatterers, it is gradually attenuated owing to the re- 
moval of particles from it which undergo various elastic and inelastic collision 
processes. This attenuation is entirely determined by the amplitude of 
elastic scattering through zero angle and, under certain conditions (see below), 
can be described by the following convenient formal method.f 

Let f(0,E) be the amplitude of scattering through angle zero by each 
individual particle of the medium. We shall suppose that f is small in com- 
parison with the mean distance d ~ (V/N)* between the particles. Then the 
scattering by each particle may be considered separately. We use as an 
auxiliary quantity an “effective field’? Uery of a fixed centre, so defined that 
the Born scattering amplitude for scattering through angle zero in this field 
is equal to the actual amplitude f(0,Z); this does not mean, of course, that 
the Born approximation can be used to calculate f(0,£) from the actual 
interaction of the particles. Then, by definition, we have (see (125.4)) 


nh? 
i UerdV = — (0, E), (139.14) 
m 


where m is the mass of the scattered particle. The field thus defined is, like 
the amplitude f, complex. The relation between its radius of action a and 
the quantity Uerr is obtained from an estimate of the two sides of equation 
(139.14): 


aUerr ~ h2f|m. - (139.15) 


The definition (139.14) is, of course, not unique. We shall impose the 
further condition that the field Uer: satisfies the condition for perturbation 
theory to be applicable: 


|Uen| <h?/ma?, (139.16) 


e 


+ The foregoing arguments, and the conclusion that the function gi is even, assume that the inter- 
action decreases sufficiently rapidly as r —> 00, so that there are no cuts in the left half-plane of E and 
a complete circuit round the point E = 0 is possible. 

t The following treatment can be used, in particular, for the description of scattering of fast 
neutrons (with energies of the order of hundreds of MeV) by nuclei, the wavelengths of such neutrons 
being so small that the nucleus may be regarded as a non-uniform macroscopic medium. 
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with | f| <a. It is easy to see that the attenuation of the scattered beam can 
then be described as the propagation of a plane wave in a homogeneous 
medium in which the particle has a constant potential energy given by 


2a JV 
Ver =| Vesa 


N 2h? 


Vm 


f(0,E), (139.17) 


which is obtained by averaging the effective fields of all N particles in the 
medium over its volume V. This becomes evident if we first consider 
scattering by a region of the medium which contains many scattering centres 
but for which the scattering effect is still small; the possibility of selecting 
such regions is ensured by the condition (139.16). The attenuation of the 
beam on passing through such a region is determined by the amplitude of 
scattering through angle zero, which in turn is determined, in the Born 
approximation, by the integral of the scattering field over the volume of the 
scattering region. This means that the scattering properties of interest here 
are entirely determined by the field (139.17) averaged over the volume of the 
medium. 

Thus the beam of particles passing through the medium can be described 
by a plane wave ~ ek with wave number 


k= “Vm Ten)]. 


In terms of the wave number kp = 4/(2mE)/h of the incident particles, we 
can write k in the form nko, where the quantity 
Uen 


n=/(1-— 7 


) 


aie oe 139.18 
=/( Te )) (139.18) 


plays the part of a “refractive index’’ of the medium with respect to the 
beam of particles passing through it. It is in general complex (the amplitude 
f being complex) and its imaginary part gives the attenuation of the beam 


intensity. If E> | Vere |, then (139.18) gives, as it should, 


2 
im f(0,E) 


. N wx 
imn=— 
V mE 
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where o; is the total scattering cross-section, and we have used the optical 
theorem (139.10). This expression corresponds to the obvious result that the 
intensity of the wave is damped according to the law 


| etke|2 ~ eNowlV, 


As well as the absorption, the refractive index (139.18) also determines (by 
its real part) the law of refraction of the beam on entering and leaving the 
scattering medium. 


PROBLEM 


Neutrons are scattered by a heavy nucleus whose radius a is large compared with the wave- 
length of the neutrons (ka > 1). It is assumed that all neutrons incident with orbital angular 
momentum 1 < ka = lo (i.e. with impact parameter p = hillmv = lk <a) are absorbed 
by the nucleus, while those with 1 > Jo do not interact with it at all. Determine the cross- 
section for elastic scattering through small angles. 


SoLuTION. Under the conditions stated, the motion of the neutrons is mainly quasi- 
classical, and elastic scattering results from a slight deflection entirely analogous to Fraun- 
hofer diffraction of light by a black sphere. The required cross-section can therefore be 
written immediately from the known solution of the diffraction problem:f 

J?(ka8) 
do, = 7a2—__— do. 
m6? 


The same result can also be derived from the general formula (139.3). According to the 
conditions of the problem, we have S; = 0 for 1 <Jo and Si = 1 for l>/o. The elastic 
scattering amplitude is therefore 


ie 
f0)=—- We (21+ 1)P;(cos 8). 


The chief part in the sum is played by the terms with large J. We therefore write 2/ in place 
of 21-+1, use the approximate expression (49.6) for Pi (cos 8) with @ small, and change from 
summation to integration: 


I, 
(8) =— | LJo(1)al 
0 


1 
= —hJ,(61 
rr. 1(9lo) 


= (1a/0)J;(kaé), 
as it should be.f (ia/6)Ji(ka8) 


+ See The Classical Theory of Fields, §61, Problem 3 (the problem of diffraction from a black sphere 
is equivalent to that of diffraction from a circular aperture cut in an opaque screen). The cross-section 
is obtained by dividing the intensity of the diffracted waves by the incident flux density. 

+ A similar discussion can be given for the problem of diffraction scattering of fast charged particles 
by a “black” nucleus (A. I. AkHTEzER and I. Ya. PoMERANCHUK 1945). The limiting value /o must 
here be determined from the condition that the shortest distance between the nucleus and a particle 
moving along a classical path in a Coulomb field is just equal to the radius of the nucleus. For! < lo 
we must again put S: = 0,andforl > lo Si = e248: where 3: are the Coulomb phases given by (133.11). 
See A. AKHIEZER and I. PoMERANCHUK, Some Problems of Nuclear Theory (Nekotorye voprosy teorit 
yadra), Gostekhizdat, Moscow 1950, §22. 
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The total elastic scattering cross-section is 


foe) 


J2(kad 
Oe = 7ra2 | « dm d8 


arO2 


0 
= 7a?; 


the integration can be extended to infinity because of the rapid convergence. This is the 
result to be expected under the conditions stated (cf. (139.8)), and is the same as the 
absorption cross-section, simply the geometrical cross-section of the sphere. The total cross- 
section o; = 27a2, 


§140. Inelastic scattering of slow particles 


The derivation of the limiting law of elastic scattering at low energies given 
in §130 can easily be generalised to the case where inelastic processes are 
involved. 

As before, the scattering with 1 = 0 is the most important at low energies. 
According to the results of §130, the corresponding element of the S-matrix is 


So = e450 2x14 2150 = 1 —2tka. 


The properties of the wave function described in §130 are changed only in 
that the condition imposed on it at infinity (the asymptotic form (139.1)) is 
now complex, instead of the real stationary wave which occurs in the case 
of purely elastic scattering. The constant « = —¢2/c, is therefore complex 
also. ‘The modulus | Sp | is no longer equal to unity; the condition [So] <1 
means that the imaginary part of a = «’-+i«” must be negative (a” < 0). 
Substituting So in (139.7), we find the cross-sections for elastic and in- 
elastic scattering: 
Ge = 4n a2, (140.1) 
Or = 47a” | /R. (140.2) 


Thus the elastic scattering cross-section is again independent of velocity, but 

the inelastic cross-section is inversely proportional to the particle velocity— 
the 1/v law (H. A. Bere 1935). Consequently, as the velocity diminishes, 
inelastic processes become more and more important in comparison with 
elastic scattering. 

The limiting laws (140.1) and (140.2) are, of course, only the first terms 
of expansions of the cross-sections in powers of R. It is interesting to note that 
the next term in the expansion for each cross-section contains no constants 
other than those which appear in (140.1) and (140.2) (F. L. SHAPIRO 1958). 
This result is due to the fact that the function go(k2), in the expression (139.13) 


fol”) see rr 


t The velocity dependence of the partial reaction cross-sections for various non-zero orbital 
angular momenta / can be determined similarly. It is given by o,/() ~ R23-1, The elastic scattering 
cross-sections oe!) are, as before, proportional to k4", i.e. they decrease more rapidly than o,(4) with the 
same | as k-> 0. 
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for the partial scattering amplitude (J = 0), is even. For small k this function 
can therefore be expanded in even powers of k, and the term following 
go ~ —1/ais ~ k2. If we neglect this term, we can still write two terms of 
the expansion in fo(k): 
3 folk) = —a(1 —ika). 


Correspondingly we can retain the next terms of the expansions in the cross- 
sections, for which the following expressions are easily obtained: 


Ge = 4nr|ae|2(1 — 2h|a2”|), (140.3) 
op = 4n|a"|(1 — 2h|a”|)/R. (140.4) 


These results assume a sufficiently rapid decrease of the interaction at 
large distances. We have seen in §130 that the elastic scattering amplitude 
tends to a constant limit as k -> 0 if the field U(r) decreases more rapidly 
than r-3. This is a necessary condition also for the validity of the analogous 
result (140.1) when inelastic channels are present.t 

The 1/v law for the reaction cross-section is subject to a weaker condition: 
the field must decrease more rapidly than r-2, as is clear from the following 
intuitive derivation of the 1/v law. 

The probability that a reaction will occur in a collision is proportional to 
the squared modulus of the wave function of the incident particle in the 
“reaction zone’’ (in the region r ~ a). Physically, this statement expresses 
the fact that, for example, a slow neutron colliding with a nucleus can bring 
about a reaction only if it “‘penetrates’’ into the nucleus. If the interaction 
decreases more rapidly than 7-2, it does not change the order of magnitude 
of the wave function between large r and r ~ a; in other words, the ratio 
| (a)/:b(00) |2 tends to a finite limit as k -> 0 (this is seen from the fact that 
the term Us in ScHRODINGER’s equation is small compared with Ay). The 
effective cross-section is obtained by dividing | % |? by the current density. 
If % is taken as a plane wave normalised to unit current density, we have 
| % |? ~ 1/v, the required result. 

In collisions of charged nuclear particles, there is a slowly decreasing 
Coulomb field in addition to the short-range nuclear forces. The Coulomb 
field may considerably alter the magnitude of the incident wave in the 
reaction zone. The reaction cross-section is found by multiplying 1/v by 
the ratio of the squared moduli of the Coulomb and free wave functions as 
r +0. This ratio is given by formulae (134.10), (134.11). The result is 
(in Coulomb units) 

207A 


ano (140.5) 


Or 
the plus sign in the exponent corresponds to repulsion and the minus sign to 
attraction. 


+ The formula (140.3), which takes into account the next term in the expansion in powers of k, 
requires that U should decrease more rapidly than r~4. 
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If the velocity is large compared with the Coulomb unit (k> 1), the 
Coulomb interaction plays no part and we return to the law o, = Afk. 

If the velocity is small compared with the Coulomb unit (k< 1, or in 
ordinary units Z;Z2e2/hv > 1, where Ze, Ze are the charges of the colliding 
particles), the Coulomb interaction is predominant in determining the magni- 
tude of the wave function in the reaction zone. Then 


27 AhZ1Ze2 22 Z1 Ze 
oy = ——-——exp (- ———) (140.6) 
vw h 
for a collision between repulsive particles, and 
27 AhZ; Zoe 
op = (140.7) 
U 


for a collision betweenlattractive particles} The exponential factor by which 
(140.6) and (140.7) differ is the small probability of passage through the 
Coulomb potential barrier. 


§141. The scattering matrix in the presence of reactions 


The cross-section oy considered in §§139 and 140 was the total cross- 
section for all possible inelastic scattering channels. We shall now describe 
the derivation of the general theory of inelastic collisions, in which each 
channel can be considered separately. 

We shall suppose that, as a result of the collision of two particles, two 
particles (which may be the same or different ones) are formed.t We number 
all possible reaction channels (for a given energy), and denote quantities 
pertaining to them by appropriate suffixes. 

Let channel a be the input channel. The wave function of the relative 
motion of the colliding particles (in the centre-of-mass system) in this 
channel is given by the sum already mentioned of the incident plane wave 
and the elastically scattered outgoing wave: 


e Kat 


a = eet + faalB)—. (141.1) 


+ It may be noted that the limiting laws (140.6), (140.7) for the velocity dependence relate not only 
to the total cross-sections but also to the partial cross-sections with all angular momenta I. This is 


seen from the fact that, in the expansion (134.2) of the functions ik (which appear in the formulae 
(134.10), (134.11) used above), in all the terms in the sum the functions Ry; have the same limiting 
dependence on k; for example, in the case of attraction, according to (36.25), the Coulomb functions 
Rat ~ V(R/r)Jat+i1[ V(87)], and for r > 0 Re ~ Vkr'. The contributions of the various angular 
momenta to the square |yj;(a)|? are of the order of magnitude of (a/ac)?*k-1 (in ordinary units), i.e. 
they depend in the same way on k, though attenuated by the small factor (a/ac)"* (where ae 
= h?/mZZ2e? is the Coulomb unit of length). 

t In this book we do not explicitly consider reactions in which more than two particles are formed 
(except for collisions leading to ionisation of atoms (§145)). We shall not therefore pause to determine 
the scattering matrix for the general case of reactions involving any number of patticles. 
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The square of the amplitude faa gives the cross-section for elastic scattering 
in channel a: 

doaa — | faa|?do. (141.2) 

In other channels (suffix b) the wave functions of the relative motion of the 


particles formed represent outgoing waves. As explained above, these waves 
are conveniently represented in the form 


mo etkor 


bo = fav(0) Ki (141.3) 


ae > 
ma v 


where ky is the wave vector of the relative motion of the reaction products in 
channel b, @ the angle between it and the z-axis, and mg, mp, the reduced 
masses of the two initial and two final particles. The scattered flux in the 
solid angle do is obtained by multiplying the square | bp |? by var2dr, and the 
cross-section for the corresponding reaction is found by dividing this flux by 
the incident flux density, which is vg. Thus 


ane fl? dn, (141.4) 


a 


where the momenta pg = MaVa, Po = Movp. 

In §124 we have defined the scattering operator S, which converts an in- 
going wave into an outgoing one. When several channels are present, this 
operator has matrix elements for transitions between different channels. 
The elements which are “diagonal’”’ with respect to the channels correspond 
to elastic scattering, and the non-diagonal elements correspond to various 
inelastic processes. All these elements, of course, remain operators with 
respect to the other variables. They are determined as follows. 

Similarly to the method used in §124, we define operators faa, fav related 
to the amplitudes fra, fav. The diagonal elements of the S-matrix are given 
by the formula 


Saa = 1+ 2ikafaas 

which is analogous to (124.4). The non-diagonal elements are defined by 
Sap = 2ir/(Rako) fan, a 0. 

These two expressions can be combined as 
Sap = San+ 2ir/(Rako)fav- (141.5) 


It is easily seen that with this definition we obtain an S-matrix which must 
satisfy the unitarity condition. For we can write the wave function in the 
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input channel as a set of ingoing and outgoing waves, as in §124: 


e—tkar if etkar 
= F(—n’)——-— (14 2k F(n! 
pa = F( )- ea (1+ 2tka faa) F( y ae 
e—tkar etkar 
= F(—n’ — F(n’ . 141.6 
(—0)  ~ Suan’) (141.6) 


Here, for convenience, we have introduced a further factor 1 /4/Vq in com- 
parison with (124.3). Then, with the amplitudes as defined above, the wave 
function in channel b is 


. mp etker 
bo = 2ika | — farF(n’) 
Ma r/Va 
etkor 
= SqpF(n’ ; 141.7 
abl ( ibe wa (141.7) 


The flux in the ingoing waves must be equal to the sum of the fluxes in 
the outgoing waves in all channels. This requirement expresses the obvious 
condition that the sum of the probabilities of all processes (elastic and in- 
elastic) which can occur in the collision must be unity. On account of the 
factor +/v in the denominators of the spherical waves, the velocity does not 
appear in the flux densities in these waves. The above condition therefore 
means simply that the normalisations of the ingoing wave and the assembly of 
outgoing waves must be the same. It is consequently again expressed by the 
condition of unitarity of the scattering operator, regarded as a matrix, with 
respect to (in particular) the channel numbers. For the operator fy, this 
condition becomes 


far—fab = 21> hefacf te, (141.8) 


which is analogous to (124.7). The index + denotes taking the complex 
conjugate and transposing with respect to all the matrix suffixes except the 
channel number. 

The S-matrix is diagonal with respect to states having definite values of 
the orbital angular momentum /; the corresponding matrix elements are 
distinguished by the index (J). By applying the operators fog and fap to the 
function (124.16), we obtain the amplitudes for elastic and inelastic scattering 


processes in the form 
oc 


1 
= 21+-1)(Saa™ — 1)P;(cos 6), 
faa = Tihs )(Saa‘® — 1)Pi(cos 0) 


(141.9) 
1 [o.0) 
fas = Ty la 1)SaoP;(cos 6). 
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The corresponding total cross-sections are 


2) 
Oa = ag > 2E+ 1) Saal 
@ 1=0 


(141.10) 


eo 
7 
oad = 75 > 2l+1)]Sa0 


@ 1=0 


The former is the same as (139.3). The total reaction cross-section oy (from 
input channel a) is 
’ 
Or = > ow 
b 


taken over all b # a. Since the S-matrix is unitary, we have 
>, [Sao]? = 1— | Saal? 
b 


which gives formula (139.4) for or. 
The symmetry of the scattering process with respect to time reversal (the 
reciprocity theorem) is given by the equation 


Sap = Spxax, (141.11) 
or, what is the same thing, 


fav =forar. (141.12) 


The symbols a* and b* denote states which differ from @ and b by a change 
in the signs of the velocities and angular momentum components of the 
particles. These relations generalise the formulae (124.11) and (124.12) for 
elastic scattering.t 

For a process with definite initial and final directions of motion, the relation 
(141.12) gives the same equality for the scattering amplitudes which appear 
in (141.4). The cross-sections for the direct and time-reversed processes 
are therefore related byt 


doap dopra* 


pordon 7 pa*dog ° 


(141.13) 


It has been mentioned in §125 that, if perturbation theory is applicable, 
then in the first approximation we have not only the reciprocity theorem but 


+ Here we omit the factor — 1 which may appear in collisions of particles having spin (cf. (1 38.10)). 
This, of course, does not affect formula (141.13) for the cross-sections. 
+ This equation represents the principle of detailed balancing. 
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also a further relation between the amplitudes of the direct and reverse 
processes (in the literal sense), a > b and b >a. This property, expressed 
by the equation fay = fa", holds good for inelastic processes (in the same 
approximation). The corresponding cross-sections are then related by 


d Gab d Oba 


pordop 7 pa?dog, , 


(141.14) 


The difference between the transitions a >b and a* >b* no longer 
exists 1f we consider the integral cross-section (i.e. that integrated over all 
directions of py) summed over all directions of the angular momenta ji, j2o 
of the resulting particles and averaged over the directions of the momentum 
Pa and angular momenta jra, joa of the initial particles. Let this cross-section 
be 


I 
Onh = __ OT Oe?'—_'_''_ do, do, . 
ab 4n(2jrat+ 1)(2j2a+ 1) 2 > il abdog 


la, Mea Min, Mao 


Writing (141.14) in the form 
Pa®dogydog = Ppo2dooxgxdop« 


and effecting the integrations and summations, we obtain 
(2jra + 1)(2j2a+ 1) pa? oan = (2j10 + 1)(2joo+1)po2oba- (141.15) 


Finally, we may note the following property of the amplitudes fay. We 
have seen in §140 that the cross-section op varies as 1 [Pa when pg -> 0 (if 
the interaction decreases sufficiently rapidly at large distances). According to 
formula (141.4), this means that fas > constant as py >0. Hence it follows 
from the symmetry property (141.12) that fy» tends to a constant limit as 
by > 0 also. We shall return to this result in §144. 


§142. Breit and Wigner’s formula 


In §132 we have introduced the concept of quasi-stationary states as being 
those which have a finite but relatively long lifetime. A wide class of such 
states arises in the field of nuclear reactions at not too high energies which pass 
through the stage of formation of a compound nucleus.+ 

An intuitive physical picture of the processes occurring is that the particle 
incident on the nucleus interacts with the nucleons in the nucleus and 
“coalesces’’ with them, forming a compound system in which the energy 
contributed by the particle is distributed between many nucleons. The 
resonance energies correspond to the quasi-discrete levels of this compound. 
system. The long lifetime of the quasi-stationary states (compared with the 


t The concept of the compound nucleus is due to N. BoHR (1936). 
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“‘neriods’’ of the motion of the nucleons in the nucleus) is due to the fact that 
for the greater part of the time the energy is distributed between many 
particles, so that none of them has sufficient energy to overcome the attraction 
of the other particles and leave the nucleus. Sufficient energy for this purpose 
is only comparatively rarely concentrated on one particle. The disintegration 
of the compound nucleus can then take place in various ways corresponding 
to the various possible reaction channels. 

This description of such collisions shows that the possibility of inelastic 
processes does not affect the potential part of the elastic scattering amplitude, 
which is not related to the properties of the compound nucleus (see §132); 
inelastic processes change only the resonance part of the elastic scattering 
amplitude. For the same reason the amplitudes of inelastic scattering pro- 
cesses which pass through the stage of formation of the compound nucleus 
are purely resonance in character. The resonance denominators of all ampli- 
tudes which relate to the vanishing of the coefficient of the ingoing wave for 
E = Eo—WY retain their form (E—Eo+ hil), I being again the total proba- 
bility of decay of any given quasi-stationary state of the compound nucleus. 

These arguments, together with the unitarity condition which must be 
satisfied by the scattering amplitudes, are sufficient to establish the form of 
these amplitudes. 

The calculations may conveniently be made in a symmetrical form by 
numbering all possible channels of disintegration of the compound nucleus 
and not specifying beforehand which of them is the input channel for the 
reaction concerned. The suffixes denoting the channel numbers will be 
represented by a, b, c,..... We shall also consider the partial scattering 
amplitudes corresponding to the value of J for the quasi-stationary state in 
question.{ We accordingly seek these amplitudes in the form 


far” | 28a 1)5 i i(Satd>) UMar (142.1) 
= é o— — —_— a 6) . 
er DiRey 00 24/(Raks) E—Eot+hT 


(the index (J) to the constants 5g and May is omitted for simplicity). The 
first term appears only if a = b, and represents the amplitude of potential 
elastic scattering in channel a; the constants 5, are the same as the phases 
5, which appear in (132.11). The second term in (142.1) corresponds to 
resonance processes. The form of the coefficient of the resonance factor in 
this term is chosen so as to simplify the result of applying the unitarity 
conditions (see below). 

Since we are considering scattering for a given value of the absolute 
magnitude of the orbital angular momentum, a quantity which does not 
change sign under time reversal, the reciprocity theorem (symmetry with 


+ The competing reactions include also radiative capture of the incident particle, in which the 
compound nucleus goes from an excited state to its ground state with the emission of a y-quantum. 
This process is also “‘slow”, owing to the relatively low probability of the transition with emission. 

t We shall at first ignore the complications which arise from the spins of the particles involved in 
the process. 
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respect to time reversal) is expressed simply by the symmetry of the ampli- 
tudes fan with respect to the suffixes a and b. Hence it follows that the 
coefficients M,, must also be symmetrical (Map = Moa). 

The unitarity conditions for the amplitudes fyp are 


im fap => Uhefac foc* ; (142.2) 


cf. (141.8). Substituting the expressions (142.1), we find after a straight- 
forward calculation 


Map* Map ae 2 MacM be*™ 


E-Eo-}T 9 E-y+iT  (E—Ey? 440? 


If this equation is satisfied identically for all energies E, we must have first 
of all May = Mp", i.e. the quantities My, are real. We then obtain the 
relation 


Map = uMacMoc, (142.3) 


le. the matrix of coefficients Myp must be equal to its own square. 

The real symmetrical matrix Map can be brought to diagonal form by a 
suitable orthogonal linear transformation U. Denoting the diagonal elements 
(eigenvalues) of the matrix by M©), we can write this transformation in the 
form 

x UzaU poMan = M8, 6, 


a,b 
where the transformation coefficients satisfy the orthogonality relations 


LW acU pe = bap (142.4) 


Conversely 


Map = LU 2a abl @), (142.5) 


The relations (142.3) give the conditions M@ = (M2 for the eigen- 
values M“), so that these must be zero or unity. If only one of the M“™) is 
different from zero (say M® = 1), then (142.5) gives 


Map = ViaU i», (142.6) 


i.e. all the matrix elements Mg» are expressed in terms of the set of quantities 
Uig, a = 1, 2,.... If several of the M@) are non-zero, then the elements 
Map are sums expressed in terms of several sets of quantities Uig, Urq, ... , 
these quantities being related only by the orthogonality relations and other- 
wise independent. This case would correspond to accidental degeneracy, 
where several different quasi-stationary states of the compound nucleus 
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correspond to the same quasi-discrete energy level.t Ignoring these un- 
important cases, i.e. considering non-degenerate levels, we therefore conclude 
that the matrix elements Mg» are products of quantities each depending on 
the number of only one channel. 

With the notation 


[Ura] = V(Ta/T), 
we can write formula (142.6) as 
Man = + VJ (Val's)/T3 (142.7) 


the sign of Myp depends on those of Uia and Uj», and remains indeterminate. 
On account of the equation DU1-Ui¢ = 1, the quantities I’, thus defined 
satisfy the relation 


Ty =T. (142.8) 


They are called the partial widths of the various channels. Formulae (142.1), 
(142.7) and (142.8) give the required general form of the scattering amplitudes. 
Let us now rewrite the final formulae, taking some definite channel as the 
input channel.{ The partial width of this channel will be denoted by I’e 
(the elastic width) and the widths of channels corresponding to various reac- 
tions by Ty, Dre, ... . 
The total elastic scattering amplitude is 


21+1 YT, | 
—___- ——_____¢2#8:(0) P;(cos 8), (142.9) 
2k E-—Eot+hl 


Fe(8) = fO(8)— 
where k is the wave number of the incident particle and f the potential scat- 
tering amplitude. This formula differs from the expression (132.11) in that 
T in the numerator of the resonance term is replaced by the smaller quantity 
Te. 

The amplitudes of inelastic processes are, as already mentioned, of purely 
resonance type. The differential cross-sections are 


21+1)2 we 
dora = SOE ens ap, (142.10) 
4k2 (E—Eo)?-+}12 


and the integral cross-sections are 


rr 
Ora = (21-4+1)— sda 


+ This is particularly clear in the case where all the M (4) = 1, It follows from (142.4) and (142.5) 
that then Map = 8ap, i.e. there are no transitions between different channels. In other words, this case 
would correspond to a number of independent quasi-discrete states, each occurring in elastic scattering 
in one channel. 


+ These formulae were first obtained by G. BreIT and E.WIGNER (1936). 
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The total cross-section for all possible inelastic processes is 
wT Ty 


SO 
RA ig (E— Eo)?-+302 


(142.12) 
where [’, = [T'—T-, is the total inelastic width of the level. 

It is also of interest to know the value of the reaction cross-section inte- 
grated over the range of energy near the resonance value E = Eo. Since oy 
decreases rapidly away from the resonance, the integration with respect to 
E-—Ep can be extended from — oo to +00, giving 


| 272 TT; 


In the scattering of slow neutrons (for which the wavelength is large 
compared with the dimensions of the nucleus), only s-wave scattering is 
important, and the potential scattering amplitude is a real constant — a. 
Then (132.13) becomes 


Ve 


Jem ~8~ Fe By tidy 


(142.14) 


The total elastic scattering cross-section is 


T.?+4akD.(E—E, 
EO ile Sc any (142.15) 
B (B- Byes ir? 


The term 47x? may be called the potential scattering cross-section. We see 
that in the resonance region there is interference between the potential 
scattering and the resonance scattering. The amplitude « can be negligible 
only in the immediate neighbourhood of the level (E— Ep ~ I’) (we recall 
that | «k | <1), and the formula for the slow neutron elastic scattering cross- 
section then becomes 


TT I,2 
fe eee TEED (142.16) 
2 (E—Ep)2-+402 
The total cross-section for elastic and inelastic scattering is 
7 me 
Of = Oet or = (142.17) 


2 (E—Ey)?+412 | 


When potential scattering is negligible, the cross-sections o¢, org can be 
put in the form 
Oe = ol e/T, Ora = ol'ra/T. 


The quantity o; is the sum of the cross-sections for all possible resonance 
processes, and may be regarded as the cross-section for the formation of the 
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compound nucleus. The cross-sections for the various elastic and inelastic 
processes are obtained by multiplying o; by the relative probabilities of 
particular types of disintegration of the compound nucleus, which are given 
by the ratios of the corresponding partial widths to the total width of the 
level. The possibility of this representation of the cross-sections is the result 
of the factorisation of the coefficients My in the numerators of the scattering 
amplitudes. It corresponds to the physical picture of the collision process 
as occurring in two stages: the formation of the compound nucleus in a 
certain quasi-stationary state, and its disintegration through one or another 
channel. 

As already mentioned in §132, the range of applicability of the formulae 
considered here is limited only by the requirement that the difference 
| E-—Epo | should be small compared with the distance D between neighbour- 
ing quasi-discrete levels of the compound nucleus (with equal values of the 
angular momentum). It was also mentioned, however, that the formulae 
as written do not allow the passage to the limit E + 0, which is relevant if 
the value E = 0 lies in the resonance region. In this case the formulae must 
be modified by replacing the energy Eo by some related constant eo, and the 
elastic width I’, by yev/E; the inelastic width I, must again be regarded as 
constant.t This change causes the inelastic cross-section (142.12) to increase 
as 1/4/E when E + 0, in accordance with the general theory of the inelastic 
scattering of slow particles (§140). 

When the spins of the colliding particles are taken into account, the form- 
ulae are in general very complicated. We shall consider only the simplest, 
though important, case of the scattering of slow neutrons, when only orbital 
angular momenta J = 0 are involved in the scattering. The spin of the com- 
pound nucleus is obtained by adding the spin ¢ of the target nucleus to the 
spin s = 4 of the neutron, ie. it can take the valuesj = 7+ } (we assume that 
i % 0, since otherwise the formulae are unchanged). Each quasi-discrete 
level of the compound nucleus relates to a definite value of j. The reaction 
cross-section is therefore obtained by multiplying the expression (142.12) 
(with 1 = 0) by the probability g(j) that the system of nucleus + neutron 
will have the necessary value of j for which there is a resonance level. 

We shall suppose that the spins of the neutrons and of the target nuclei 
are oriented at random. There are altogether (22+ 1) (2s+1) = 2(2¢+ 1) 
possible orientations of the pair of spins i and s. Of these, 2j+1 correspond 
to a given value j of the total angular momentum. Assuming that all orientations 


+ All the above calculations have been based on a reaction of the form a+ X = 6++Y, in which 
two initial particles (the nucleus and the incident particle) give rise to two particles. This assumption 
is not, however, of fundamental importance, as is clear from the physical nature of the results obtained. 
Formulae of the type (142.11) for the integral cross-sections are valid also for reactions where more than 
one particle leaves the nucleus. 

t It is important to note that, for inelastic processes which are possible at small energies (for example, 
radiative capture), the value E = 0 is not a threshold value. A change in the partial widths Ira similar 
to that specified for "'e would be necessary for energies close to the threshold of the reaction in question, 
below which it cannot occur at all. 

The necessity of the above modification of the formulae at low energies was pointed out by H. A. 
BETHE and G. PiaczexK (1937). 


560 The Theory of Inelastic Collisions §142 


are equally probable, we find that the probability of a given value j is 
+1 


a (142.18) 


89) = 

The formula for the elastic scattering cross-section must be modified 

similarly. Here it must be borne in mind that, in potential scattering, both 

values of j are involved. The factor g(j) (with j corresponding to the resonance 

level) must therefore be included in the second term in (142.15), while the 
term 47a? must be replaced by the sum 


e(j) Arla", 


The fact that resonance reactions go through the stage of formation of a 
compound nucleus in a definite quasi-stationary state leads to some general 
conclusions concerning the angular distribution of the products of these re- 
actions. Each quasi-stationary state has a certain parity (in addition to its 
other characteristics). The system of particles 6+ Y formed in the dis- 
integration of the compound nucleus will therefore have the same parity. 
This means that the wave function of this system, and therefore the reaction 
amplitudes, can only be multiplied by + 1 when the co-ordinate system is 
inverted; the squared amplitudes, i.e. the cross-sections, therefore remain 
unchanged. Inversion of the co-ordinates signifies (in the centre-of-mass 
system) the changes 0 > 7—6, 6 -> «+4 for the polar angle and the azimuth 
which determine the direction of scattering. The angular distribution of the 
reaction products must therefore be invariant under this change. In par- 
ticular, after averaging with respect to the directions of the spins of all the 
particles participating in the reaction, the cross-section depends only on the 
scattering angle @, and the distribution with respect to this angle must be 
symmetrical with respect to the change 0 > 7—6, i.e. the angular distri- 
bution (in the centre-of-mass system) is symmetrical about a plane per- 
pendicular to the direction of collision of the particles.+ 

Owing to the very large number of closely-packed levels of the compound 
nucleus, the detailed variation with energy of the cross-sections for various 
scattering processes is extremely complex. This complexity makes difficult, 
in particular, the discovery of any systematic changes in the properties of the 
cross-sections from one nucleus to another. It is therefore reasonable to 
consider the behaviour of the cross-sections apart from the details of the 
resonance structure, i.e. averaged over energy ranges which are large 
compared with the distances between levels. With this treatment we also 
make no distinction between the various types of inelastic process, but 
divide the scattering only into “elastic” and “‘inelastic’’ (in the sense defined 
below).t 


t For particles without spin, the differential reaction cross-section would be simply proportional 
to [P: (cos 6)]?, and the symmetry is obvious. . 

t The following method of averaging (for proceeding to what is called the optical model of nuclear 
scattering) was proposed by V. F. Weisskopr, C. E. Porter and H. FesHpacu (1954). 
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To demonstrate the significance of the averaging processes, we again omit 
the complexities associated with spin, and consider the partial cross-sections 
for scattering with / = 0. 

According to formulae (139.7), 


7 7 
c= |S-1), or = (1-5) 
7 
or = 75 -21— reS), (142.19) 


the elastic and inelastic scattering cross-sections, and therefore the total 
cross-section, are expressed in terms of the same quantity S (the index (0) 
is omitted for brevity). In averaging over the energy interval, the total cross- 
section, which depends linearly on S, is given in terms of the mean value of 
S by 

& = (a/k2).2(1— re S); (142.20) 


the factor 1/k2, which varies only slowly, is unaffected by the averaging. The 
averaged “‘elastic’’ cross-section is defined as 


GOPt = (/k2)| S—112, (142.21) 


which is not in general equal to the mean value 6¢. In other words, we define 
the elastic scattering by first averaging the amplitude in the outgoing wave 
Setkrir, With this definition the elastic scattering of a wave packet leaves it 
unchanged in form; we can say that the cross-section (142.21) relates to the 
“coherent” part of the scattering. This means that the part of the elastic 
scattering which occurs through the formation of a compound nucleus is 
excluded: when a long-lived compound nucleus is formed and then dis- 
integrates, the specific features of the incident wave packet are, of course, 
lost. The ‘‘inelastic’”’ scattering in the averaged model is now naturally 
defined as the difference G,°Pt = 6;—6,°Pt, i.e. 


&q0Pt = (m/k2)(1—|,S]2). (142.22) 


This includes, therefore, not only the various inelastic processes but also that 
part of the elastic scattering which occurs with the formation of an inter- 
mediate compound nucleus. 

It is easy to see that this interpretation gives a correct account of the limit- 
ing cases, and therefore serves as a reasonable interpolation. 

In the region of low energies, where the resonances are well resolved 
([ < D), S is given near each level by the formula 


Te 
s=en (1--—*_). 
E-Eo+#T 
Averaging gives 


S = €246(1 —a¥P,/D), (142.23) 
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where I’, and D are the elastic width and the mean distance between the levels, 
averaged over the levels occurring in the energy range concerned; the slowly 
varying function 6) may be regarded as constant in the averaging. 
Hence we find 

T 2rT e 


Gat = (142.24) 


where small terms ~ I'/D have been omitted.t This expression in fact 
coincides with the mean value of the cross-section (142.17), which, as pre- 
viously mentioned, corresponds to the formation of a compound nucleus. 

As the excitation energy of the compound nucleus increases, the distances 
between its levels decrease, and the disintegration probabilities (and so also 
the total widths of the levels) increase, so that the levels begin to “overlap” 
(in which case the concept of quasi-discrete levels loses much of its signific- 
ance). The irregularities of the function S(£) are then smoothed out, so that 
the difference between the exact and the averaged functions becomes small, 
and the cross-section (142.22) is the same as oy given by (142.19). This is in 
accordance with the fact that at high energies the disintegration of the com- 
pound nucleus through the input channel is unimportant in comparison with 
the numerous other modes of disintegration possible at such energies. In 
this range, therefore, all processes which involve the formation of a com- 
pound nucleus may be regarded as inelastic. 

Thus in the averaged model the scattering is again determined by a single 
quantity S, which is now a smooth function of energy. In the optical model, 
in order to calculate this function, the scattering properties of the nucleus 
are approximated by a field of force with a complex potential. The imaginary 
part of the potential has the result that absorption of particles occurs as well 
as elastic scattering. This absorption, the cross-section for which is given by 
the expression (142.22), is identified with “‘inelastic’’ scattering in the averaged 
model. 


§143. Interaction in the final state in reactions 


The interaction between particles formed as a result of a reaction may have 
a considerable effect on their distribution in energy and angle. This effect 
will naturally be particularly marked when the relative velocity of the inter- 
acting particles is small. Such a phenomenon occurs, for example, in nuclear 
reactions accompanied by the emission of two or more nucleons, the effect 
here being due to the nuclear forces which act between free nucleons. 

Let po be the momentum of the centre of mass of a pair of emergent 
nucleons, and p the momentum of their relative motion. We shall suppose 


t+ Terms arising in the region of a level owing to the presence of other levels would be of the same 
order of magnitude. 

{ The results given below were obtained first by A. B. Micpar (1950) and later, independently, 
by K. M. Watson (1952). 
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that p< po, and so the relative energy E = p2/m (m being the nucleon 
mass) is small compared with the energy Eo = po?/4m of the motion of the 
centre of mass. We also suppose that the energy Ep is large compared with the 
energy « of the level (real or virtual) belonging to the system of two nucleons. 
That is, only the relative motion of the nucleons is assumed “‘slow’’, while the 
nucleons themselves are “‘fast’’. 

The probability of reaction is proportional to the squared modulus of the 
wave function of the particles formed when they are in the “reaction zone’, 
i.e. at a distance apart which is of the order of the radius a of action of nuclear 
forces (cf. the similar discussion in §140 relating to primary particles). In 
the present case our object is to determine the dependence of the reaction 
probability only on the characteristics of the relative motion of one pair of 
nucleons. It is therefore sufficient to consider only the wave function 
#,(t) of this motion, so that the probability of the formation of a pair of 
nucleons with relative momentum in the range d¥p is 


dwp = constant x |p(a)|2d3p. (143.1) 


It has been shown in §134 that, in order to find the probability that a 
system will enter, through scattering, a state with a definite direction of 
motion, we must take as the wave functions of the final state functions 
#, which contain (at infinity) only an ingoing wave together with a plane 
wave; these functions must be normalised by the delta function of momen- 
tum. The functions ¢,~ are also obtained directly (by taking the complex 
conjugate and changing the sign of p) from the functions +, which contain 
(at infinity) outgoing spherical waves, i.e. those which correspond to the 
mutual scattering of two particles. On substitution in (143.1) this difference 
is not significant, so that %, in (143.1) may be taken to be the functions #,*, 
and the problem is therefore reduced to that of the resonance scattering of 
slow particles, which has already been discussed. 

Although the actual form of the function y, in the regionr ~ ais unknown, 
in order to find the dependence of the probability on the energy E it 1s 
sufficient to consider this function at distances r $ 1/k > a (wherek = p/h; 
it is assumed that ka < 1), and then continue it in order of magnitude to 
distances r ~ a.f The main contribution to %, comes from the spherical 
wave (containing the factor 1/r). ‘This wave is an assembly of partial waves 
with various values of J, whose amplitudes are the corresponding scattering 
amplitudes. To determine the square | ¥,(a) |? it is sufficient to consider the 
s-wave alone, since at low energies the scattering amplitudes with / 4 0 are 
relatively small. According to formula (131.6) we therefore have 


1 etkr 
(143.2) 


° > 
Ktik + 

+ This procedure is permissible because in the region r < 1/k the energy E may be neglected in 

ScHRGDINGER’s equation which determines the function %p. The dependence of yp on E in this region 


is therefore entirely determined by the “joining” to the function in the region r ~ 1/k. 


19 
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where « = 4/(2mle|)/A and ¢ is the energy of the bound (or virtual) state 
of the two-nucleon system.} Substituting this expression in (143.1), we obtain 


d3p 
E+|e| ; 
Thus the distribution with respect to direction of the momentum (in the 


centre-of-mass system of the two nucleons) is isotropic. The distribution with 
respect to energy of the relative motion is given by 


/ EdE 
E+le| 


(143.3) 


dwp = constant x 


dwz = constant x (143.4) 


We see that the interaction of the nucleons leads to the appearance of a 
maximum in the distribution in the range of small E, at E ~ | ¢ |.t 

In the laboratory system of co-ordinates, small angles 9 between the 
momenta of the two nucleons correspond to small values of the relative 
momentum (p < fo). Thus in this system an angular correlation between the 
directions of emission of the nucleons corresponds to the maximum in the 
distribution with respect to E, and leads to an increased probability of small 
values of 0. 

Let pi and pz be the momenta of the nucleons in the laboratory system. 
Then 

Po=PitP2, P= 3(P2—P1) 


(the reduced mass of two equal particles is 4m). The vector product of these 
equations gives po x p = pi x pe, and so if p < po we have 


bop. = pip2sin® = £p0"8, 


or 9 = 4p,/po, where p, is the component of the vector p transverse with 
respect to the direction of po, and 6 is the small angle between the directions 
of pi and pe. Rewriting formula (143.3) in the form 


2np dp dp i 
(p,?+p,?)/M+ |e 


and integrating with respect to p,, we find the probability distribution as a 
function of the angle @. Owing to the rapid convergence of the integral, the 
integration can be extended from — oo to + oo, and the final result is 


6d0 
= 4/ (62+ 4|e|/E) 


+ We are here considering an np pair with parallel or antiparallel spins, or an nn pair with anti- 
parallel spins. For a pp pair the situation is complicated by the Coulomb repulsion, and this case 
must be treated by means of the theory given in §136. 

+ Strictly speaking, the constant coefficients in formulae (143.3) and (143.4) may also depend on 
E through the remaining parts of the wave function for the whole system of reaction products. This 
dependence is only slight, however: the coefficient varies appreciably, as a function of E, only over 
the whole energy range (~ Eo) available to the nucleon pair in the reaction considered. Thus this 
dependence may be neglected, as regards the distribution in the range E < Eo, in comparison with 
the strong dependence given by formula (143.4). 


dwp = constant x 


dwg = constant x (143.5) 
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The angular distribution relative to the solid angle element do ~ 278 dé has 
a maximum at 0 ~ 4/(| « |/Eo). 


§144. Behaviour of cross-sections near the reaction threshold 


If the sum of the internal energies of the reaction products exceeds the 
corresponding sum for the original particles, the reaction has a threshold: 
it can occur only when the kinetic energy E of the colliding particles (in 
the centre-of-mass system) is greater than a certain “threshold” value Ey. 
Let us examine the nature of the energy dependence of the reaction cross- 
section near the threshold. We shall assume that the reaction produces only 
two particles (type 4+ B = A’+B’). 

Near the threshold, the relative velocity v’ of the particles formed is small. 
Such a reaction is the opposite of one in which the velocity of the colliding 
particles is small. The dependence of its cross-section on v’ is therefore 
easily found by means of the principle of detailed balancing (141.13) and 
the known energy dependence of the reaction where v’ is the velocity in the 
input channel (§140). In a wide class of reactions where there is no Coulomb 
interaction between the particles A’ and B’ (such as nuclear reactions in 
which a slow neutron is formed), we therefore find that the reaction cross- 
section is proportional to v’? (1/v’), i.e.F 


op~ ul. (144.1) 


Similarly we find the dependence of the cross-section on the energy of the 
colliding particles: the velocity v’, and therefore the reaction cross-section, 
are proportional to the square root of the difference E-E;: 


oy = A\/(E— F)). (144.2) 


The scattering amplitudes in different channels are related by the unitarity 
conditions. The opening of a new channel therefore leads to the appearance 
of certain singularities in the energy dependence of the cross-sections for 
other processes also, including the elastic scattering cross-section (E. P. 
Wicner 1948; A. I. Baz’ 1957). To elucidate the origin and nature of this 
phenomenon, let us consider the simple case where only elastic scattering is 
possible below the reaction threshold. 

Near the threshold, the particles A’ and B’ are formed in a state with 
orbital angular momentum / = 0 (corresponding to (144.2)). If the reacting 
particles have no spin, the orbital angular momentum is conserved, and the 
system of particles A+B is also in the s-state. According to (139.7), the 
partial reaction cross-section for / = 0 is related to the S-matrix element 
for elastic scattering by 


; | 
o4(0 = (1 —|So)), (144.3) 


+ This result corresponds to the constant limit of the amplitude fap as pp —> 0 derived at the end 
of §141. The cross-section (141.4) is proportional to pp. 
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where k is the wave number of the colliding particles. Equating (144.2) and 
(144.3), we find that just above the reaction threshold the modulus | So| is 
given, to within quantities of higher order than +/ (E-E;), by 


k 2 
|So| = 1 ~5-AV(E-Bi) (E> E}), (144.4) 
Tt 


where ky = 1/(2mE;)/f, and m is the reduced mass of the particles A and B. 
Below the threshold we have only elastic scattering, so that 


[Sol =1 (E< E). (144.5) 


The scattering amplitude, and therefore So, must be analytic functions 
for all values of the energy. The function concerned, which takes the values 
(144.4) and (144.5) above and below the threshold, is given to the same 
accuracy by the formula 


Ry 
Soe etn] = 5 AV (E- x) |, (144.6) 
TT 


where 59 is constant; for E < E; the root becomes imaginary, and the 
modulus of the expression in the brackets differs from unity only by a quantity 
of a higher order of smallness. 

For all / # 0 there is no inelastic scattering, so that 


Sy = ed: (140), (144.7) 


and in the region near the threshold the phases 8; must be taken equal to 
their values for E = E;.+ 

Substituting the values obtained for S; in (139.2), we find the following 
expression for the scattering amplitude near the reaction threshold: 


k 
f(8,E) = f(8)— Fp AVE yee, (144.8) 


where /;,(0) is the scattering amplitude for E = E;. Writing the latter in 
the form f; = |f;|e’*, we have finally for the differential scattering cross- 
section 


sin (289—a) (E> E) 


(144.9) 
cos (259 —«) (E < E:) 


do ky 
ae 7 HOP ALM) V(/E— Ei) 


Depending on whether the angle 259— « is in the first, second, third or 
fourth quadrant, the energy dependence of the cross-section described by 
this formula has the forms shown in Fig. 49a, b, c, d. In every case there 
are two branches lying on either side of a common vertical tangent. 


t Since the functions 8:(E) are real both for E > E: and for E < E t, they can be expanded as a 
series of integral powers of the difference E — E:. 
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E 
(b) 
do 
do | 
\Y 
| 
| 
E 
(c) 
do 
do | 
I 
| 
E 
{d) 
Fic. 49 


Thus the existence of a reaction threshold leads to a characteristic singu- 
larity in the energy dependence of the elastic scattering cross-section. If 
the particles have spin, of course, the formulae are quantitatively different, 
but the general nature of the effect remains the same. If other reactions as 
well as elastic scattering are possible below the threshold, then corresponding 
singularities will appear in the cross-sections for such reactions. ‘They all 
have a singularity at E = E; near which they are linear functions of the root 
4/(|E—£,;|) with different slopes above and below the threshold. 

In nuclear reactions with emission of a positively charged particle, we 
have a case where Coulomb repulsion forces act between the reaction products 
(the particles A’ and B’). In this case the reaction cross-section, together with 
all its derivatives with respect to energy, tends exponentially to zero as v’ > 0 
(ie. as E > E;), and there is no singularity in the cross-sections for other 
processes. 

Finally, let us consider reactions in which two oppositely charged slow 
particles are formed, so that Coulomb attraction forces act between them. 
The cross-section for such a reaction is related by the principle of detailed 
balancing to the cross-section (140.7) for the opposite reaction between two 


19* 
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slow attracting particles. Thus we find that as v’ -> 0 the cross-section tends 
to a constant limit: 


Or = constant as v’ >0, (144.10) 


i.e. the reaction begins suddenly with a finite cross-section as the threshold 
is passed. 

We may elucidate the nature of the singularity of the elastic scattering 
cross-section near the threshold for such a reaction (A. I. Baz’ 1959). This 
cannot, however, be done directly from the known law (144.10) above the 
threshold by the simple method used previously for uncharged particles. In 
comparison with the latter case the situation is now complicated by the fact 
that the system of particles A’+ B’ has bound states in the region near the 
threshold (with E < E;), corresponding to discrete energy levels in the 
Coulomb attraction field. These states can be formed, so far as energy is 
concerned, in a collision of particles A and B, but owing to the possibility 
of elastic scattering they are only quasi-stationary states. Their existence 
must nevertheless cause resonance effects in the elastic scattering below the 
threshold, analogous to the Breit-Wigner resonances. 

To solve the foregoing problem, let us consider the structure of the wave 
functions which describe the collision process. In accordance with the 
presence of two channels, SCHRODINGER’s equation for the system of inter- 
acting particles has two independent solutions finite in all configuration space. 
Let two such solutions, arbitrarily selected and arbitrarily normalised, be 
denoted by y% and Ye. From these functions we can construct linear com- 
binations which describe the scattering in the case where one or other of the 
channels is the input channel. Let the channels corresponding to the pairs 
of particles A, B, A’, B’, be denoted by a and 4, and let the sum % = ajyy+ 
+ ago correspond to the case of input channel a; it describes elastic scattering 
of particles A and B and the reaction d+ B - A’+B’. Near the reaction 
threshold, the coefficients «1 and «2 depend considerably on the small momen- 
tum kp, while the arbitrarily chosen functions 4) and #2 do not have singu- 
larities at kp = 0. 

At large distances, the function % must represent the sum of two terms 
corresponding to the motion of pairs of particles in the channels a and b. 
These terms are the products of the “‘internal’’ functions of the particles and 
the wave function of their relative motion.t In channel a the latter function 
has the form Ryg~—SagRat, and in channel b it is — SgypRp+, where R+ and 
R~ are the outgoing and ingoing waves in the corresponding channels. At 
distances 79 which are large compared with the radius of action of the short- 
range forces and small in comparison with 1/kp, these functions (and their 
derivatives) must join on to the values calculated from the wave function ¢ in 


+ The law (144.10) holds not only for the total cross-section but also for the partial cross-sections 
with various values of 1; cf. the last footnote to §140. The singularity discussed below therefore occurs 
also for all the partial scattering cross-sections. Its nature is entirely evident from the treatment for 
the case 1 = 0 given below. The index 0 will be omitted, for simplicity, from the corresponding 
partial amplitudes. 


§144 Behaviour of cross-sections near the reaction threshold 569 


the “reaction zone’. These conditions are expressed by equations of the 
form 


4141 + 4242 = [Ra- = SaaRa* |r, ab) + aobe = [- SavRo*)};,, 
aay’ +0209’ = [Ra~— SaaRat]'r,. %1b1' + agbe’ = [— SavRo*]'r» 


where aj, ay’, bi, by’, ... are quantities calculated from the functions 4 and 
ys2; according to the above discussion, they may be regarded as constants 
independent of kp near the threshold. Dividing these two pairs of equations, 
we obtain two linear equations for two unknowns (a)/a2 and Saga), the coeffi- 
cients in these equations involving only one quantity which depends “‘critic- 


ally” on ky, namely the logarithmic derivative of the outgoing wave in channel 
b. We define this as 
1 (rRoty 
mr = | e 
1=To 


~ Ql rRyt 


There is no need to derive the actual solution of these equations; it is sufh- 
cient to note that the quantity Syq of interest here (which determines the 
elastic scattering amplitude) is a fractional-linear function of 4. Below the 
threshold the quantity A is real, since the wave function Ro is real, being the 
solution of a real SCHRODINGER’s equation with a real condition at infinity 
(decrease as e~*>", where xp = 4/[2mp(E;—E)|/h). Below the threshold we 
must have |Sgq| = 1, whence it follows that the fractional-linear function 
Saa(A) must have the form 


Sag = ——-——€240, (144.11) 


where 7) is a real constant and 8 a complex constant. 

Let us determine the value of A as a function of the momentum ky. Since 
Coulomb attraction forces act between the particles A and B, 7R»* is the 
Coulomb wave function which is asymptotically proportional to esr at 
infinity. In a Coulomb repulsion field this function is given by the sum 
L+iK, with K and L as in (136.4) and (136.7). The change to an attractive 
field is effected by simultaneously reversing the signs of k and r.t Making 
this change and calculating the logarithmic derivative (see §136), we have 


site theme} eve 


Here ky is assumed real, so that the formula pertains to the region above the 
threshold. For kp — 0, the first term in (144.12) tends to 7, and the second 
tends to zero (see the third footnote to §136). Thus we have above the thresh- 
old 


A=i (E> E)). (144.13) 


+ In what follows we use Coulomb units. The change in sign of k and r corresponds formally to a 
change in sign of the Coulomb unit of length. 
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The passage to the region below the threshold is achieved by replacing k by ik, 
which gives from (144.12) with « > Of 


A= —cot(a/«) (E< Bi). (144.14) 


These formulae solve the problem under consideration. The elastic 
scattering cross-section is 


oe = tkg-?| Saa — 1/2. 
Above the threshold we have 


1+ 7B 
Saa = ———e1 (E > E;); (144.15) 
1+ 7B* 


like the reaction cross-section, the scattering cross-section is constant in this 
region. The condition |Saa| < 1 signifies that B” > 0, where f” is the 
imaginary part of B = f’+78". 

Below the threshold 
8 —tan(z/xp) 


Saag = e288) 
B* —tan(z/kp) 


278” 
ye) i er : 
L tan(z/Kp)— ra eee) 


This expression has an infinite number of resonances whose density increases 
towards the point E = E;. The resonance energies are the zeros of the 
expression tan(7/x») — 8’; they are somewhat displaced relative to the purely 
Coulomb levels (the zeros of tan(z/«»)) owing to the short-range forces. Near 
each resonance the expansion of the denominator in (144.16) leads to an 
expression which corresponds exactly to Bretr and WIGNER’s formula 
(132.11). The width of the region below the threshold in which the resonance 
structure is found is determined by the energy of the first Coulomb level. 

It may be mentioned, in conclusion, that another interesting case of re- 
actions near the threshold is the ionisation of an atom by an electron whose 
energy is only slightly greater than the first ionisation energy of the atom. In 
these conditions the collision process may be regarded as quasi-classical, but 
the problem is greatly complicated by the presence of three charged particles 
in the final state. 

Wannier{ has given a general solution of this difficult problem. The 
probability of ionisation of a neutral atom is found to be proportional to 


(E-I,  « =;( [z= 1-125, 


J The first term in (144.12) gives —4 cot (m/«y)-+ 31, and the expression in the braces tends to 
im cot(m/xy)+ tim. Here we have used the formula y(x)—y(—x) = —mcotax—1/x, which can be 
obtained by logarithmic differentiation of the well-known relation I'(x)[(—x) = —m/x sin mx, and 
the limiting expression x(x) % log x«—1/2x as x > 00, : 

t G. H. Wannizr, Physical Review 90, 817, 1953. 
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where E—I is the amount by which the energy of the electron exceeds the 
ionisation threshold. 


§145. Inelastic collisions between fast electrons and atoms 


Inelastic collisions between fast electrons and atoms can be considered 
by means of the Born approximation in the same way as elastic collisions in 
§137.+ The condition for the Born approximation to be applicable is, as 
before, that the velocity of the incident electron should be large compared 
with those of the atomic electrons. The energy loss in the collision may have 
any value. If the electron loses a considerable part of its energy, the atom 
is ionised, the energy being transferred to one of its electrons. However, 
we can always regard as the scattered electron that which has the greater 
velocity after the collision; thus, if the velocity of the incident electron is 
large, that of the scattered electron is large also. 

In a collision between an electron and an atom, the co-ordinate system in 
which their centre of mass is at rest may, as already remarked at the beginning 
of §137, be identified with that in which the atom is at rest; this latter 
system will in fact be used below. 

An inelastic collision is accompanied by a change in the internal state of 
the atom. The atom may go from the normal state into an excited state of the 
discrete or continuous spectrum; the latter case signifies an ionisation of the 
atom. In deriving the general formulae, we can consider these two cases 
together. 

We start (as in §125) from the general formula for the transition probability 
between states of the continuous spectrum, and apply it to the system 
consisting of the incident electron and the atom. Let p, p’ be the momenta 
of the incident electron before and after the collision, and Ey, E,, the cor- 
responding energies of the atom. For the transition probability, we have 
instead of (125.9) the expression 


2ar E 2 abe! ss , 7 / 
din = rae a( +E,—Es) dp’; dp’y dp’z, (145.1) 
where U£:?, is the matrix element of the energy of interaction between the 
incident electron and the atom, 


Zz 
U = Zeé/r— & e?/|\r—ral ; 
a=1 


here r is the radius vector of the incident electron, r, those of the atomic 
electrons; the origin is at the nucleus of the atom, and m is the mass of the 
electron. 

The wave functions y,, ¢,, of the electron are determined by the previous 
formulae (125.10), (125.11); then dw is the effective cross-section do for the 


+ Most of the results given in §§145-147 were obtained by H. A. Betue (1930). 
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collision. The wave functions of the atom in the initial and final states we 
denote by yo, ¥,,. If the final state of the atom belongs to the discrete spectrum, 
then ¢,, (like #9) is normalised to unity in the usual manner. If, on the other 
hand, the atom enters a state of the continuous spectrum, the wave function 
is normalised by the delta function of the parameters v which determine these 
states (these parameters may be, for instance, the energy of the atom, and the 
momentum components of the electron which leaves the atom in the ionisa- 
tion). The effective cross-sections thus obtained give the probability of a 
collision in which the atom enters states of the continuous spectrum lying 
in the range of parameters between v and v+dp. 
Integration of (145.1) over the absolute magnitude p’ gives 


2amp’ 
doy = ———|Up |2 do’, 
h mp’ 


where p’ is determined from the law of conservation of energy: 
(p?—p)/2m = En—Ep. (145.2) 


Substituting in the matrix element Up», the wave functions of the electron 
from (125.10), (125.11), we obtain 
m2 

~ Anda 
where dr = dV, dV, ... dVz is the element of configuration space of the Z 
electrons in the atom, and we omit the prime to do. In this form, this is 
a general formula of perturbation theory, applicable not only to collisions 
of electrons with an atom, but also to any inelastic collisions of two particles, 
and gives the effective scattering cross-section in a system of co-ordinates 
in which the centre of mass of the particles is at rest; m is then the reduced 
mass of the two particles. For n= 0 and p= p’, (145.3) becomes the 
formula for the effective elastic scattering cross-section. 

Since the functions ¢,, and ys are orthogonal, the term in U which contains 
the interaction Ze?/r with the nucleus vanishes on integration over 7, and 
so we have for inelastic collisions 


m2 p’ e 2 
= OC —tq.r, * . . 
don = , >, | | ae Yn*iy drdV] do (145.4) 


On 


’ 2 
- | | | Ue-ta-rin*hy drdV| do, (145.3) 


The integration over V can be effected as in §137. The integral 
ta(ta) = [ e--6 dV/[x—ra] 


is formally the same as the Fourier component of the potential at the point r 
due to charges distributed in space with density p = 8(r—r,). Formula 
(137.1) therefore gives 

da(fa) = (477/q2)e-#4-0, (145.5) 
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Substituting this expression in (145.4), we finally obtain the following 
general expression for the effective inelastic scattering cross-section : 


e2m\ 2 4k’ : 
dea (> a | i Dt dol do; (145.6) 


here we have introduced, in place of the momenta p’, p, the wave vectors 
k’ = p’/i,k = p/f. This formula gives the probability of a collision in 
which the electron is scattered into an element of solid angle do and the atom 
enters the nth excited state. The vector — fig is the momentum given to the 
atom by the electron in the collision. 

In effecting the calculations, it is more convenient to refer the effective 
cross-section, not to the element of solid angle, but to the element dg of the 
absolute magnitudes of the vector q. The vector q is defined by q = k’—k; 
for its absolute magnitude we have 


g? = k2-+-k2—2kk’ cos. (145.7) 
Hence, for given k, hk’, i.e. for a given loss of energy by the electron, 
qdq = kk’ sin 9 dd = (kk’/2m) do. (145.8) 
Formula (145.6) may therefore be written 
2\2q 2 
don = 87 = 4 { > e- $4 - Faby *ybg d7|. 
a 


(145.9) 


hv] @ 


The vector q plays an important part in all the following calculations. 
Let us examine more closely its relation to the scattering angle 9 and to 
the energy E,,—E, transferred in the collision. We shall see below that the 
most important collisions are those which cause scattering through small 
angles (9 < 1), with a transfer of energy which is small in comparison with 
the energy E = 4mv? of the incident electron: E,—Ep < E. The difference 
k—k’ is in this case also small (k—k’ < k), and 


Eq —Ep = W2(R2 —k’2)[2m ~ WR k—k’)|m = hio(k—F’). 
Since 9 is small, we have from (145.7) 
g = (k-R’P+(k9)?, 


and finally 
q = V[{(En—Eo)/fiv}?+ (k9)"]. (145.10) 
The minimum value of g is 
Qmin = (En — Eo)/ hiv. (145.11) 


In the region of small angles we can further distinguish between different 
regions depending on the relation between the small quantities 3 and 
vo/v, where vo is of the order of the velocity of the atomic electrons. If we 
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consider energy transfers of the order of the energy eo of the atomic electrons 
(En—Eo ~ eo ~ mv?), then for (vo/v)2<9<1 we have 


gq=kt= (mo]h)9; (145.12) 


the first term under the radical in (145.10) can be neglected in comparison 
with the second. In this range of angles, therefore, g is independent of the 
energy transfer. For 3 <1, q may be either large or small in comparison with 
1/a9 (where ag is a quantity of the order of atomic dimensions). On the same 
assumption regarding the energy transfer we have 


gap ~ 1 for 3 ~ w/v. (145.13) 


Let us now apply the general formula (145.9) to the case of small g (gay <1, 
i.e. § < vo/v). In this case we can expand the exponential factors as series of 
powers of q: 


e-4-ta ~ 1—ig.rg = 1 ~— 19%; 


we choose a co-ordinate system with the x-axis along the vector q. On 
substituting this expansion in (145.9), the terms containing 1 give zero, by 
the orthogonality of the wave functions w and %,, and we obtain 


Seetle |) i (2) as 145.14 
a (=) “(da -(=) \(dz)on] (145.14) 


where d,, = e 2 x, is the x-component of the dipole moment of the atom. 
We see that the effective cross-section (for small q) is given by the squared 
modulus of the matrix element of the dipole moment for the transition which 
corresponds to the change in state of the atom.+ 

It may happen, however, that the matrix element of the dipole moment 
vanishes identically for the transition considered, on account of the selection 
rules (a forbidden transition). Then the expansion of e-‘4« must be continued 
to the next term, and we obtain 


e2\2 
dey = 2n( =) (5 xa2)on|2q dg. (145.15) 
hv a 


Let us now consider the opposite limiting case of large q (qa) > 1). If g 
is large, this means that the atom receives a momentum which is large com- 
pared with the original intrinsic momentum of the atomic electrons. It is 
evident from physical considerations that, in this case, we can regard the 
atomic electrons as free, and the collision with the atom as an elastic col- 
lision between the incident electron and the atomic electrons, the latter 
being originally at rest. This can also be seen from the general formula 


} The effective cross-section dg, summed over all directions of the angular momentum of the atom 
in the final state and averaged over the directions of the angular momentum in the initial state, is what 
is usually of physical interest. After this summation and averaging, the square |(d;)9,|? is independent 
of the direction of the x-axis. 
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(145.9). For large g, the integrand contains rapidly oscillating factors 
e~‘4rs, and the integral is almost zero if ¥,, does not contain a similar factor. 
Such a function %,, corresponds to an ionised atom, with the electron emitted 
from it with momentum — fq = p—p’, i.e. with the momentum given by the 
law of conservation of momentum, as it should be in a collision of two free 
electrons. 

In a collision with a large transfer of momentum, the incident electron 
and the atomic electron may have final velocities that are comparable in 
magnitude. The exchange effect arising from the identity of the colliding 
particles therefore becomes important, although it was not taken into account 
in the general formula (145.9). The effective scattering cross-section for 
fast electrons when exchange is allowed for is given by formula (135.9); 
this formula relates to a co-ordinate system in which one of the electrons is 
at rest before the collision. For a fast electron the cosine in the last term in 
(135.9) may be put equal to unity. 

Multiplying by the number of electrons in the atom, Z, we obtain the 
effective cross-section for the collision of an electron with an atom, in the 


form 
1 1 
do = 12(— y E 5, [cos $do. (145.16) 
mv2 ints ‘cost? sin29 cos29- 


In this formula it is convenient to express the scattering angle in terms of 
the energy which the electrons have after the collision. As is well known, 
when a particle of energy E = 4mv? collides with one of the same mass at 
rest, the energy of the particles after the collision is 


e = Esin?9, E—e = E cos*d. 


In order to find the effective cross-section referred to the interval de, we 
express do in terms of de by the relation cos $ do = 27 sind cos$ dd = 
(x/E) de. Substituting in (145.16), we obtain the final formula 
an 1 
den nel <4 (145.17) 
(E—e? =a 
If one of the energies « and E—e is small compared with the other, only one 
of the three terms in this formula (the first or the second) is important. This 
is as it should be, since, for a great difference between the energies of the 
two electrons, the exchange effect becomes insignificant, and we then return 
to the familiar Rutherford’s formula.t 
The integration of the differential effective cross-section over all angles 
(or, what is the same thing, over g) gives the total effective cross-section a, 
for a collision in which the atom is excited to the state in question. The 


{ For a collision of a positron with an atom there is no exchange effect, and Rutherford’s formula 


= (nZe4|E) dee 
holds for all g > 1/ag. 
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dependence of o,, on the velocity of the incident electron is closely related 
to the existence or otherwise of the matrix element, for the corresponding 
transition, of the dipole moment of the atom. Let us first suppose that this 
matrix element is not zero. Then, for small g,do, is given by formula 
(145.14), and we see that, as ¢ diminishes, the integral over g diverges logarith- 
mically. In the region of large g, on the other hand, the effective cross-section 
(for a given energy transfer E,,—E,) decreases exponentially as q increases, 
because of the presence (already pointed out) of a rapidly oscillating factor 
in the integrand of (145.9). Thus the region of small g plays the principal 
part in the integral over g, and we can restrict ourselves to an integration 
from the minimum value (145.11) to some value of the order of 1/ao. 
As a result we obtain 
Gn = 87(¢/fiv)2|(dz)on|2 log(Bnvli/e2), (145.18) 


where 8,, is a dimensionless constant, which cannot be calculated in a general 
form.t 

If, on the other hand, the matrix element of the dipole moment vanishes for 
the transition in question, the integral over g converges rapidly both for 
small q (as we see from (145.15)) and for large g. The most important range 
in the integral is in this case g ~ 1/ay. No general quantitative formula 
such as (145.14) can be obtained, and we can deduce only that a,, is inversely 
proportional to the square of the velocity: 


Gn = constant/v?. (145.19) 


This follows at once from the general formula (145.9), according to which 
do,, is proportional to 1/v? for g ~ 1/dp. 

Let us determine the effective cross-section do;, for inelastic scattering 
into a given element of solid angle regardless of the state entered by the atom. 
To do this, we have to sum the expression (145.9) for all 2 4 0, i.e. over all 
the states of the atom (of both the discrete and the continuous spectrum) 
except the normal state. We omit from consideration the ranges of large 
and small angles, and suppose that 1 >9% » (v,/v)*. Then, by (145.12), 
q is independent of the amount of energy transferred. 

The latter circumstance makes it easy to calculate the total inelastic collision 
cross-section, i.e. the sum 


ez\2 Z 249 
= = eels —tq.t, 
doin goes an(—) peal Jon| 3 


262 \2 de 
7 =) > [Beer (145.20) 
nX0 


+ We suppose that E,—Ey is of the order of the energy eg of the atomic electrons. For larger 
energy transfers (E,—Ey ~ E > €o), the formulae (145.14), (145.18) are still inapplicable, since the 
matrix element of the dipole moment becomes very small, and it is not possible to take only the first 
term of the expansion in powers of q. 

{ The summation in (145.9) is taken over states with En— Eo > €o also, for which (145.12) does 
not hold. However, the effective cross-section for transitions with a large energy transfer is relatively 
small, and these terms in the sum are unimportant. The condition § < 1 is imposed so that the ex- 
change effects need not be taken into account. 
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To do so, we note that, for any quantity f, we have by the multiplication rule 
for matrices 


% | fon? = & fonfon* = & fon(f*)no = (ff *)o0- 


The summation here is over all m, including n = 0. Hence 


Zo lfonl® = % [fonl*—Lfool? = (AF "oo—| fool. (145.21) 


Applying this relation for f = & ea, we have 


*, do 145.22 
vu (145.22) - 


> e-ta-re 
a 


2 \2 ——___— 
doin = (=) {|= e—fa.r4|2— 


where the bar denotes averaging with respect to the normal state of the atom 
(i.e. taking the diagonal matrix element 00). The mean value & e-"4-'a is, 
by definition, the atomic form factor F(q) for the atom in the normal state. 
In the first term in the braces we can write 


2 
& eta Pg 
a=1 


= Z+- 2D efa-a-ty), 
azd 


Thus we find the general formula 
d 20 ZF q+ Soe ed} 145.23 


This formula is much simplified for small g, when we can expand in powers 
of q (v/v < gay < 1, corresponding to angles (v,/v)* <4 < v,|v). Instead 
of effecting the expansion from formula (145.23), it is more convenient to 
sum again over n, using for do, the expression (145.14). Summing with 
the aid of the relation (145.21) with f = d,, and recalling that d, = 0, we 
have 


doin = (2e/hiv)2dz2-do/92. (145.24) 


It is of interest to compare this expression with the effective cross-section 
(137.5) for elastic scattering through small angles; whereas the latter is 
independent of 9, the effective cross-section for inelastic scattering into the 
solid angle element do increases as 1/9? when S decreases. 

For angles 9 such that 1 >9 > v9/v (so that gay > 1), the second and 
third terms in the braces in (145.23) are small, and we have simply 


doin = Z(2e2/mv2)? do/94. (145.25) 


As we should expect, we have obtained Rutherford scattering from the Z 
atomic electrons (without allowance for exchange). We recall that, for 
elastic scattering, we had the result (137.6), which is proportional to Z? and 
not to Z. 
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Finally, integrating over angles, we have the total effective cross-section 
0;, for inelastic scattering at all angles and with any excitation of the atom. 
In an exactly similar manner to the calculation of o, (145.18), we obtain 


Gin = 8x(e/hiv)2dz? log(Buh|e2). (145.26) 


PROBLEMSt 


PROBLEM 1. Determine the angular distribution for 1 > 3S v2 from the inelastic 
scattering of fast electrons by a hydrogen atom (in the normal state). 


SOLUTION. For the hydrogen atom, the third term in the braces in (145.23) vanishes, 
while the atomic form factor F(q) has been calculated in §137, Problem. Substituting, we 
find 


: 4 (14+0292/4)4—1 
jy = — —_——_——— 

" o494 (140292/4)4 

PROBLEM 2. Determine the differential effective cross-section for collisions of electrons 


with a hydrogen atom in the normal state, the latter being excited to the nth level of the 
discrete spectrum (where n is the principal quantum number). 


SoLuTION. The matrix elements are conveniently calculated in parabolic co-ordinates. 
We take the z-axis in the direction of the vector q; then 


e-ta.r — e-tqz — e—tialt-7), 


The wave function of the normal state is 
000 = ate het), 


The matrix elements are non-zero only for transitions to states with m= 0. The wave 
functions of these states are the functions 


Pango = (1]//mn?)eHE+ 0 in r(— ny, 1, E/n)F(—ne, 1, n/n) 
(n = m,+n,+1). The required matrix elements are the integrals 


ce 0 


(e-ta.r)000 = { | ett ae ibaa 


n,n,0 
00 


Ton dédn. 


The integration is effected immediately by means of the formulae of § f in the Mathematical 
Appendices. The result is 


[(e—1)°+(qnP}e 
ee a ee peer Hanh 


All states with the same ,-+m, = n—1 have the same energy. Summing over all possible 
values of 2, —n, for the given n, and substituting the result in (145.9), we obtain the required 
cross-section: 


[(a—1)?+-(qn)?]"8 dg 


1 
don = ag e+ +1)2-++(gn)2]0+8 @ 


+ We use atomic units in all the Problems. 
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ProsLeM 3. Determine the total effective cross-section for the excitation of the first 
excited state of the hydrogen atom.f 


SoLuTION. We have to integrate 
dg 
8q7— —__~__ 
v g(g?+9/4)° 


over all g from gmin = (E,—F;)/v = 3 /8v tO max = 2v, only the terms of the highest degree 
in v being retained. The integration is elementary, and the result is 


dog = 


18.7 


2 25 
o2 = ——[log(4 %)—sa) 


31072 


Prosiem 4. Determine the effective cross-section for the ionisation of a hydrogen atom 
(in the normal state), with the emission of a secondary electron in a given direction; the 
energy of the secondary electron is small in comparison with that of the primary, and so 
exchange effects are unimportant (Massey and Mour 1933). 


SOLUTION. ‘The wave function of the atom in the initial state is fy = e-"/+/7. In the 
final state, the atom is ionised, and the secondary electron emitted from it has a wave vector 
which we denote by » (and energy « = $x"). This state is described by a function $-,_ 
(134.9), in which the outgoing part consists (at infinity) only of a plane wave propagated in 
the direction of x. The function ¢-, is normalised by the delta function in x-space; hence the 
effective cross-section calculated from it will relate to dx, dx, d«z, or to x? dx do,, where 
dox is an element of solid angle about the direction of the secondary electron. Thus 


do = (e-t0.2)9,[2 dodoyd 
o= eae Ox oao0,ak, 
hg! 


where do is an element of solid angle about the direction of the scattered electron, and 
e7 [211 —2/ x) 
23/272 , 


(e-f4-F)o, = [preteto-nto dV= 


I= [-= | e-ta.r-in.e A F(i/K, 1,i(xr-+ % 2) —|_. 


jel 


We effect the integration in parabolic co-ordinates, with the z-axis in the direction of x and 
the angle ¢ measured from the (q, ») plane: 


Oo”, 


=[ a5 | f | xrt—sate—npcosy bia Gein, cood— (E41) Biel} x 
000 : 

XFliley Lied) ddan | 

a= 


+ It can also be calculated for arbitrary x. By numerical calculation, we can obtain also the total 
effective cross-section for inelastic scattering by a hydrogen atom: 


oin = 47 log(v2/0-160). 


This includes the following contributions from collisions in which states of the discrete spectrum are 
excited, and from those in which the atom is ionised: 


Gex = 427X0-715 log(v?/0-45), 
= 47X0-285 log(v2/0-012). 
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where y is the angle between x and q. The integration over ¢ and 7 is easily performed by sub- 
stituting 1/7 cos¢ = u, v/ 7 sin ¢ = v, which gives 
foo) 
I 0 { {=# sin?y-+-A2-+-(«+4q cosy)? F(i/«, 1, ix€) =] 
e SSS eo ————— . 
A-1 


Qn = a 2[t(K-+q cosy)—Al i(«+q cosy)—A 
0 


The integral here is found from the formula 


J e-AtF(a, 1, kt) dt = 4#-1(A—k)-2; 
0 


see §f of the Mathematical Appendices. The subsequent calculations, though lengthy, are 
elementary, and give as a result the following expression for the effective cross-section: 


28’ x[q?-+ 2qK cos y-+(K?-+-1) cos*y] . 
x e-{2/x)tan—M2« (g2-K2+1)) do do, dk. 


The integration over all angles of emission of the secondary electron is elementary, and gives 
the distribution of scattering over directions, for a given energy }x? of the emitted electron: 


7 210R' re [92+ £(1+4+ 12) Je“2 /edtan—H2x Mg? —K2+D) < 
he [(g-t «P+ 1P[(g—«)P-+ 1 —e2*/*) 
For g > 1, this expression has a sharp maximum at «x & q; near the maximum, 
25 drdo 
© Bax! [+(q— «2 P 


Integrating over o, with do = 27q dg/k® > (27x/k®)d(q—x), we obtain the expression 
82 dxik?x?; this is the same as the first term in formula (145.17), as it should be. 


dk. 


§146. The effective retardation 

In applications of collision theory, the calculation of the mean energy 
lost by a colliding particle is of great importance. This energy loss is con- 
veniently characterised by the quantity 


dx = 3 (En—E) don, (146.1) 


which we shall call the (differential) effective retardation; the summation 
is taken, of course, over states of both the discrete and the continuous spec- 
trum. dx relates to scattering into a given element of solid angle.t 

The general formula for the effective retardation of fast electrons is 


= 8r as = (En—Eo)|(= eta 249 146.2 
= ay as “lq iia ; 
dx = 8 G) 2 ( n o)|(2 Jon| 3? ( ) 


+ If an electron is passing through a gas, the scattering at various atoms is independent, and Ndx« 
(where N is the number of gas atoms per unit volume) is the energy lost by the electron in unit path 
by collisions in which it deviates into the given element of solid angle. 
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where do,, has been taken from (145.9). As in the derivation of (145.23), we 
exclude from consideration the region of very small angles, and suppose that 
1 > > (wo/v)?. Then q is independent of the amount of energy transferred, 
and the sum over 7 can therefore be calculated in a general form. 

This is done by means of a summation theorem derived as follows. The 
matrix elements of some quantity f, a function of the co-ordinates, and of 
its derivative f with respect to time are related by 


(fon = —(i/h)(En—Eo) fon- (146.3) 
Hence we have 


& (En—Eo)| fon|? = % (En—Eo) fonfon* 
= & (En—Eo) fon(f*)n0 = th & (f)on(f+)no = th(ff*)oo. 


The wave functions of the stationary states of the atom can be taken real. 
Then the matrix elements of the function f of the co-ordinates are related 
by fon = fno, and for the matrix elements (146.3) we accordingly have 
( fon = —(f)no. Thus we can also write the sum in question as 


—ih & (f*)on(f)no = —ih( f*f/)oo. 
Taking half the sum of these two equations, we have the required theorem: 


% (En—Eo)| fon)? = sih( ff*—f*f)oo. (146.4) 


We apply it to the quantity 


= iq. 
f= Detar, 


According to (19.2), its derivative with respect to time is represented by the 
operator 


f = — (hi[2m) & [e49-te(q. Va) +(4- Va)e t+). 
The result of commuting f and + is easily calculated directly: 
fft—fif = —(ihifm)gPZ. 


Substituting in (146.4), we obtain the formula 


2m 
> epee Ol e-Fa)gn|? = Z, (146.5) 
n 
which effects the summation required.t 
Thus we find for the differential effective retardation the formula 
Ze+dqg 2Zedo 


dk = 4nr— — = . 
mv? q = mv® §2 


(146.6) 


+ In deriving this relation we have nowhere used the fact that the state denoted by the suffix 0 is 
the normal state of the atom. The relation therefore holds for any initial state. 
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The range of applicability of this formula is given by the inequality 


(v/v)? <9 < 1, ie. vo/v < ang < v|vo. 


Next, let us determine the total effective retardation «(q,) for all collisions 
in which the transfer of momentum does not exceed some value g, such 
that v/v < agg, < v/v9: 

vet 


«(q) = © | (En—Eo) don; (146.7) 


@min 


qmin is given by (145.11). The integration and summation signs cannot be 
transposed, since gmin depends on n. 

We divide the range of integration into two parts, from Ymin tO Jo and 
from q» to q,, where gy is some value of g such that v/v < Wo% <1. Then, 
over the whole range of integration from q,,,, to g), we can use for do, 
the expression (145.14): 


«(qo) = s0( =) > |dz)on|2(En—Eo) { | = 


Imin 


whence 


Pare ae 
k(qo) = ea) 2 \(dz)on|?(En— Eo) ee a (146.8), 


In the range from q, to q,, on the other hand, we can first sum over , which 
gives the expression (146.6) for dx, and then on integrating over g we have 


«(q1)— (qo) = 4(Ze4/mv?) log(qi/qo). (146.9) 


To transform the above expressions, we use the summation theorem 
obtained from formula (146.4) by putting there 


4 


f= dzle = 2X Xa, f = (1/m) = pra. 
Commuting /+ and f gives (in the present case, ft is the same as f) 
| ff+—fif = —ihZ)m, 
so thatt 
E Non = ¥ (2m|ePh®)(Eq—Eo)|(dz)on|® = Z. (146.10) 


We have introduced the special notation No» for the summand. The quanti- 
ties Non are called the oscillator strengths for the corresponding transitions. 


* The remark made concerning (146.5) applies to this relation also. 
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We introduce some mean energy J of the atom, defined by the formula 


log I = p> Non log(En—Eo)/% Non 
= (1/Z) & Non log(En— Fo). (146.11) 


Then, using the summation theorem (146.10), we can rewrite formula (146.8) 
in the form 


«(qo) = (42 Ze*/mv?) log(qohv/I). 
Adding this to (146.9), we have finally 
K(q1) = (47 ZeA/mv?) log(qihiv/1). (146.12) 


Only one constant characterising the atom concerned appears in this formula. 
Expressing q, in terms of the scattering angle 3, by means of q, = mv9,/h, 
we obtain the effective retardation in scattering through all angles $< 4,: 


(91) = (40 Ze4/mv?) log(mv?94/I). (146.13) 


If qa) > 1 (i.e. 9, > v/v), we can express « as a function of the greatest 
amount of energy that can be transferred from the incident electron to 
the atom. We have shown in the previous section that, for gay > 1, the atom 
is ionised, almost all the momentum /iq and energy being given to one atomic 
electron. Hence fiq and « are related by being the momentum and energy 
of an electron, i.e. by « = A2q?/2m. Substituting in (146.12) q,2 = 2me,/h’, 
we obtain the effective retardation in collisions where the energy transfer is 
e< €: 


x(e1) = (2m Ze4/mv2) log(2me,v?/I2). (146.14) 


For heavy atoms we should expect to get good accuracy on calculating the 
constant I by the Thomas-Fermi method. It is easy to establish how the 
values of J thus calculated will depend on Z. In the quasi-classical case, the 
eigenfrequencies of the system of particles correspond to the differences of 
the energy levels. The mean eigenfrequency of the atom is of the order of 
vo/ao; hence we can deduce that I ~ /iv/ap. The velocities of the atomic 
electrons in the Thomas-Fermi model depend on Z as Z2/3, while the dimen- 
sions of the atom vary as Z~1/3, Thus we find that J should be proportional 
to Z: 


I = constant x Z. 


In conclusion, we may make the following remark. The energy levels of the 
discrete spectrum of an atom mainly involve excitations of a single 


+ For hydrogen, I = 0-55me*/h? = 14-9 eV. 
+ From experimental results it can be found that the constant is of the order of magnitude of 10 eV. 
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(outer) electron; the excitation of even two electrons usually requires an 
energy sufficient to ionise the atom. Hence, in the sum of oscillator strengths, 
the transitions to states of the discrete spectrum form only a part, of the 
order of unity, while those which involve ionisation form a part of the order 
of Z. Hence it follows that the main part in retardation (by heavy atoms) 
is played by those collisions which are accompanied by ionisation. 


PROBLEM 


Determine the total effective retardation of an electron by a hydrogen atom (J = 0°55 
atomic units); for large energy transfers, the faster of the two colliding electrons is taken to 
be the primary. 


SOLUTION. When the primary and secondary electrons have comparable energies after 
the collision, the exchange effect must be taken into account. Hence, for retardation with 
an energy transfer between some value €, (1 < ¢€; <v*) and the maximum value e€,,, 
= 4E = jv? (by our definition of the primary electron), we must use the effective cross- 
section (145.17): 


4E 
k(€max)— «(€1) = iB J (s+e"=5 


= 5; Hog(#/8e)+1]. 


Adding this to (146.14), we obtaint 


in atomic units. 


§147. Inelastic collisions between heavy particles and atoms 


The condition for the Born approximation to be applicable to collisions 
between heavy particles and atoms, expressed in terms of the velocity of a 
particle, remains the same as for electrons: 


UV > Up. 


This follows immediately from the general condition (125.2) for perturbation 
theory to be applicable (Uay/fiv < 1), if we notice that the mass of the particle 
does not appear there, while Uag/f is of the order of magnitude of the velocity 
of the atomic electrons. 

In a system of co-ordinates in which the centre of mass of the atom and the 


+ For collisions between a positron and a hydrogen atom there is no exchange effect, and the total 
retardation is obtained by simply substituting enax = E = $v? in place of e, in (146.14): 


1 == (4n/v2) log(v2/0-55). 
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particle is at rest, the effective cross-section is given by the general formula 
(145.3), in which mis now the reduced mass of the particle and the atom. It is 
more convenient, however, to consider the collision in a system of co- 
ordinates in which the scattering atom is at rest before the collision. To do 
this, we start from formula (145.1); in a system of co-ordinates in which the 
atom is at rest before the collision, the argument of the delta function which 
expresses the law of conservation of energy is of the form 


4p?/M—}p?/M+34( p’—p)?/MatEn—Eo, (147.1) 


where M is the mass of the incident particle and M, that of the atom. The 
third term is the kinetic “recoil” energy of the atom (and could be entirely 
neglected when considering a collision between an atom and an electron). 

For a collision of a fast heavy particle with an atom, the change in the 
momentum of the particle is almost always small in comparison with its 
original momentum. If this condition holds, we can neglect the recoil energy 
of the atom in the argument of the delta function, and we then arrive at 
exactly the same formula (145.3), except that m in the latter must be replaced 
by the mass M of the incident particle (and not by the reduced mass of the 
particle and the atom). Bearing in mind that the transfer of momentum is 
supposed small in comparison with the original momentum, we put p = pf’; 
then the effective cross-section in a system of co-ordinates in which the 
atom is at rest before the collision is 


don = (MP/4ntht)| | { Ue-Mnpn*fo ded VIP do. (147.2) 


Taking into account the fact that the charge on the particle may differ from 
that on the electron, we write ze? in place of e?, where ze is the charge on 
the incident particle. The general formula for inelastic scattering, written 
in the form (145.9): 


d 8 aa x e* ad 147.3 
= a —tq .0% _—_—— 
On n( —) I( - é Jon| g ’ ( 47. ) 


does not contain the mass of the particle. Hence it follows that all the formulae 
derived from it remain applicable to collisions with heavy particles, provided 
that these formulae are expressed in terms of v and q. 

It is easy to see how the formulae must be modified when they are expressed 
in terms of the scattering angled (the angle of deviation of the heavy particle 
on colliding with the atom). To see this, we notice first of all that the angle 
9 is always small in an inelastic collision with a heavy particle. For, when 
the momentum transfer is large (compared with the momenta of the atomic 
electrons), we can regard the inelastic collision with the atom as an elastic 
collision with free electrons; when a heavy particle collides with a light one 
(the electron), however, the heavy particle hardly deviates at all. In other 
words, the transfer of momentum from the heavy particle to the atom is 
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small in comparison with the original momentum of the particle; an excep- 
tion is formed by elastic scattering through large angles, but this is extremely 
improbable. 

Thus, over the whole range of angles, we can put 


q = Vi[(En—Eo)/vP-+ (Mv8)}/h, (147.4) 
which in practice reduces to 
gh ~ Mv (147.5) 


everywhere except for very small angles. On the other hand, when consider- 
ing the collisions of electrons with an atom, we had (for small angles) 


q = Vil(En—£o)/e P+ (mv9)?}/h. 


Hence we can deduce that the formulae which we obtained for collisions be- 
tween electrons and atoms, if expressed in terms of the velocity and the angle 
of deviation, become formulae for the collision of heavy particles if we 
everywhere make the substitution 


3 —> M3/m (147.6) 


(including the element of solid angle do = 27 sin 3 d9 ~ 279 d9), the 
velocity of the incident particle remaining unchanged. Qualitatively, this 
means that the whole picture of small-angle scattering is (for a given velocity) 
compressed in the ratio m/M. 

The rules obtained above relate also to elastic scattering through small 
angles. Making the transformation (147.6) in formula (137.4) with <1, 
we have the effective cross-section 


doe = 8n(ze2/Mv2)°[ Z—F(Mv 9h)? 49/93. (147.7) 


The elastic scattering of heavy particles through angles ® ~ 1 reduces to 
Rutherford scattering at the nucleus of the atom. 

Inelastic scattering in which the atom is ionised with a large transfer of 
momentum requires special consideration. Unlike the situation for ionisation 
by an electron, there are of course no exchange effects. For heavy particles 
it is characteristic that a large momentum transfer (qa) > 1) does not mean 
a deviation through a large angle; 9 always remains small. The effective 
cross-section for ionisation with the emission of an electron of energy between 
e and e+de is found immediately from formula (145.25), which we write in 
the form 


doin = 87(ze2/fiv)2Z dq/q’, 
putting h29?/2m = « (the whole of the momentum hg is given to a single 
atomic electron). This gives 

do, = (20Zz%e4/mv2) dee. (147.8) 


In collisions of heavy particles with atoms, the total effective cross-section 
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and retardation are of particular interest. The total inelastic scattering cross- 
section is given by the previous formula (145.26). The total effective retarda- 
tion is obtained by substituting the maximum possible momentum transfer 
max in place of gi in (146.12). gmax is easily expressed in terms of the velocity of 
the particle as follows. Since even /igmax is small compared with the original 
momentum My of the particle, the change in its energy is related to the 
change in momentum by AE = v.fq. On the other hand, for a large 
momentum transfer nearly all this energy is given to one atomic electron, so 
that we can write 


e = Wq?/2m = liv.g <hvg. 


Hence we have fig < 2mz, i.e. 
hdmax = 2mv, Emax = 2mv?. (147.9) 


We may notice that the maximum angle of deviation of the particle in an 
inelastic collision 1s 


Smax = AQmax/Mv = 2m/M. 


Substituting (147.9) in (146.12), we obtain the total effective retardation 
of a heavy particle: 


k= (40 Zz2e4/mv2) log(2mv®/I). (147.10) 


§148. Scattering by molecules 


The general theory of the scattering of fast charged particles by molecules 
is given by essentially the same formulae as for scattering by atoms. The 
problem of scattering by molecules can in some cases be reduced to problems 
of scattering by the individual atoms forming the molecule. Let us consider 
collisions of fast electrons with molecules, accompanied by the excitation of 
rotational and vibrational levels, the electron state of the molecule remaining 
unchanged. In view of the small excitation energy of these levels we can 
suppose that the momentum is unchanged in absolute value. 

Let U be the energy of the interaction between the incident electron and 
the molecule, averaged with respect to the electron wave function of the 
molecule; U is a function of the co-ordinates of the incident particle and those 
of the nuclei in the molecule. Next, let 4, and %, be the initial and final 
wave functions of the nuclear (vibrational and rotational) motion. Then, 
analogously to formula (145.3), we have 


don = (m2/4n2h?)| } J Ue-ta-rby*ibo drdV|2 do (148.1) 


Here dr is an element of the configuration space of the nuclei, m the mass of 
the electron. This formula relates to both inelastic and (m = 0) elastic 
scattering. 


20 
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If all the atoms in the molecule are fairly heavy, the majority of the 
scattering electrons belong to the inner shells of the atoms. On the other hand, 
the motion of the inner electrons is not greatly affected when the atoms form a 
molecule (this, of course, does not in general hold good for the outer elec- 
trons). Hence the “‘scattering field” U can be written with sufficient accuracy 
in the form U = & U,, where U, is the energy of the interaction between the 
incident particle and the ath atom (averaged with respect to its electron state); 
U, is a function of the co-ordinates of the particle relative to the ath nucleus. 
Substituting in (148.1) 


U= x Ua — »» Ugeta-RaetaRa, 


where R, is the radius vector of the ath nucleus, we can represent the effective 
cross-section in the form 


don = | 5 fal q)(e!4-Re)on|? do, (148.2) 


where the matrix element of the expression in parentheses is taken with respect 
to the nuclear wave functions yo, %,, and the quantities f,(q) are defined 
by the formula 


fala) = (— m[2ah®) [ Uge-ta-©-Ro AV, (148.3) 


These have a simple physical significance. They are the scattering amplitudes 
for the individual atoms: 


doae = | fa(q)|? do (148.4) 


is the effective elastic scattering cross-section for an individual (free) atom. 
The formula which we have obtained solves the above problem in principle. 

Next, let us consider the scattering of a neutron by a molecule (not having 
a magnetic momentt). The electrons hardly scatter neutrons at all, so that 
practically all the scattering takes place at the nuclei. We shall suppose that 
the scattering is weak, in the sense that the amplitude of a wave scattered 
by one of the nuclei in the molecule becomes small even at the positions of the 
other nuclei; this condition essentially amounts to requiring that the 
amplitudes for scattering by individual nuclei are small in comparison with 
the distances between the atoms. When this condition holds, the scattering 
amplitude for the molecule is given by the sum of those for the separate nuclei. 

Perturbation theory is in general inapplicable to neutron-nucleus collisions; 
although the range of action of nuclear forces is small, within that range they 
are very strong. In consequence, perturbation theory is also inapplicable to 
general problems of neutron scattering by molecules. For slow neutrons, 
however, a formal perturbation theory can be used for the problem of 
scattering by a system of nuclei (a molecule), which is thereby reduced to that 


{ Otherwise there is a further special scattering effect due to the interaction between the magnetic 
moment of the neutron and that of the molecule. 
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of determining the amplitude of neutron scattering by free nuclei (E. FERMI 
1936). 

The physical basis of this method is that the amplitude for scattering of 
a slow neutron (with wavelength large compared with the dimensions of the 
nucleus) by a free nucleus is a constant independent of velocity. Let fa be 
the scattering amplitude for the ath nucleus, and |fa|? do the differential 
cross-section for elastic scattering of a neutron by a free nucleus (in the 
centre-of-mass system of the neutron and the nucleus). 

The constant amplitude can be formally obtained from perturbation theory 
if we describe the interaction of the neutron with the nucleus by a “point”’ 
potential energy 


Qa 
U(r) = — —fa(r), (148.5) 
& 


where pp = A/(A+1) is the reduced mass of the neutron and a nucleus of 
atomic weight A; when this expression is substituted in Born’s formula 
(125.4), the delta function makes the integral a constant independent of q.t 
It should be emphasised that the possibility of defining the ‘“quasi-potential”’ 
(148.5) is due to the fact that f is constant. In the general case of an arbitrary 
neutron energy, the scattering amplitude depends on the momenta p and p’ 
separately, and not only on their difference q, whereas the amplitude given 
by the Born approximation can depend only on q. 

If the scattering nucleus executes a given motion (for example, vibrations 
in a molecule), and we average over this motion, then the interaction (148.5) 
is “smeared” over a region of dimensions in general large compared with the 
scattering amplitude f. For such a “smeared”? interaction the condition 
(125.1) for the Born approximation to be valid is satisfied. 

Thus we can describe the neutron-molecule interaction by the potential 
energy 


U(r) = —2ah? + 6,3(¢ —Ra), . (148.6) 
La 


a 


where the summation is over all the nuclei in the molecule, Rg are their 
radius vectors, and r that of the neutron. Substituting this expression in 
formula (148.3), with jm in place of m, um being the reduced mass of the 
molecule and the neutron, we obtain the following formula for the cross- 
section for scattering of a neutron by a molecule, in the centre-of-mass 
system: 


’ 1 | 
don = pS peters on 2do; (148.7) 
p ira 


+ Although the potential (148.5) gives the correct value of the scattering amplitude when per- 
turbation theory is formally applied, this does not mean that perturbation theory is actually applicable 
to this field. For a potential well of depth Uo which tends to infinity in such a way that Usa? = 
constant (where a is the radius of the well, tending to zero), the conditions (125.1), (125.2) are certainly 
not satisfied. 
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the matrix elements are taken with respect to the wave functions of the motion 
of the nuclei, and the momenta p and p’ are related by the law of conservation 
of energy: 


(p?—p’?)/2tm = En— Eo. 


Formula (148.7) determines the scattering of neutrons by a molecule, taking 
account of the effect of the motion of the nuclei and the interference effects 
from scattering by different nuclei, in terms of the amplitudes (assumed 
known) of neutron scattering by free nuclei.ft 

If the nuclei have non-zero spin, the fact must also be taken into account 
that the scattering amplitudes f, depend on the total spin of the scattering 
nucleus and the neutron. This can be done as follows. 

The total spin of the nucleus and the neutron can take two values, 
ja = ta+%; we denote the corresponding scattering amplitudes by Ta and f7. 
We form a spin operator whose eigenvalues for the values jg = ig+4 of the 
total spin are f{ and f7 respectively. This operator is 


fa = aa+ be8 ota, (148.8) 


where ig and & are the spin operators of the nuclei and the neutron, and the 
coefficients aq and by are given by the formulae 


1 
a (ta =f 1)ft af tafa ’ 
mail | (148.9) 


2 
ba = mar —fa ). 


This is easily seen if we note that, for a given value of j, the eigenvalue of 
the operator §.i is 


s.i= $[j(7 + 1) — 1 +1) — 2). 


The operators (148.8) must replace /, in formula (148.7), and their matrix 
elements corresponding to the transition considered must be taken. If, as 
usually happens, the incident neutron beam is unpolarised (or if the nuclei 
in the irradiated target have different spin directions), then the scattering 
cross-section must be appropriately averaged (see the Problems). 


PROBLEMS 
PROBLEM 1. Average formula (148.7), assuming the directions of the spins of the neutrons 
and the nuclei to be distributed entirely at random, and all the nuclei in the molecule to be 
different. 
SOLUTION. ‘The averagings with respect to the directions of the spins of the neutrons and 
of the nuclei are independent, and each spin gives zero on averaging; hence 8.ig = 0. If 


+ It must be emphasised that it would, of course, be inadmissible to use the interaction (148.6) 
in deriving higher approximations of perturbation theory. 
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the molecule contains no two like atoms, there is no exchange interaction of the nuclear 
spins, and, since their direct interaction is negligible, the directions of the spins of the various 
nuclei in the molecule may be regarded as independent; the products of the form 
(s.i1) (S.iz) therefore also give zero on averaging. For the square (s.i)? we have 


(s.i)? = 48%? = As(s-+ 1)i(i+ 1) = H(Z+1). 


This gives the following expression for the averaged cross-section: 
PT! 
don = pn | L—ag(eta Re) gn? + 
PL “pa 


ta(ta+ 1 
rs lll) o(e™ Joa) ae 


Fa 


PROBLEM 2. Apply formula (148.7) to the scattering of slow neutrons by parahydrogen 
and orthohydrogen (J. SCHWINGER and E. TELLER 1937). 


SOLUTION. Before the matrix elements of the spin operators are taken, the expression 
(148.7) for the scattering by a hydrogen molecule is 


, 


1 
don = 5 + (ef4-F/2) on] + 


+ B8 .[i(e-#9-t /2) on + Io(e!4-* /2) on ]|2do, (1) 
a=iGfttf), b=ft-f, 


+ 7/2 being the radius vectors of the two nuclei in the molecule relative to their centre of mass. 

The rotational and vibrational states of the molecule are defined by the quantum numbers 
K, Mx, v (which are together represented by in (1)). In the electron ground state of the 
He molecule, even values of K are possible only for a total nuclear spin J = 0 (parahydrogen), 
and odd values of K only for J = 1 (orthohydrogen) (see §86). We must therefore distin- 
guish two cases: (1) transitions between rotational states with values of K of the same parity, 
which are possible only for unchanged J (ortho-ortho ‘and para-para transitions), (2) tran- 
sitions between states with values of K of different parity, which are possible only when I 
changes (ortho-para and para-ortho transitions). In the first case we have 


(e-ta-r / 2)o n= (efor 12) n 
= (cos4q.r)on; 


it should be remembered that the rotational wave function is multiplied by (—1)% when the 
sign of r is changed. The spin operator in (1) then becomes 2a+b8.1, where f = 1+ ie. 
This operator is diagonal with respect to J, in accordance with the above discussion. The 
square (2a+bs.1I)2 is averaged, as in Problem 1, giving 


The result is : 7 lke ms 
den -2 \(cosdp-ronl*[3ft +f + IE +1 ft—fPldo. (2) 
In the second case 
(€f4-F/2)on = —(e-t4-F/2) gn 
= 1(sin$q.r)on, 


and the spin operator in (1) becomes §.(i1— ig); it has only matrix elements which are non- 
diagonal with respect to J. The squared moduli of these elements, summed over all possible 
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values of the component of the total spin I’ in the final state, are calculated as the mean values 
(diagonal element) of the square [6.(i1—ig)]? (see the first footnote to §138): 


[s.(i1 — ig) ]? = 3-2(41—i2)? 
= 3(2i12 + Zio? — i) 
= }[3 —1(I+1)]. 


The result is 


oe 
dap = (D685 IsindaonlF* ~f-)do, (3) 


where the coefficient 1 appears for ortho-para transitions and the coefficient 3 for para-ortho 
transitions. 

If the neutrons are so slow that their wavelength is large even compared with the size of 
the molecule, then we can put cos(4q.r) = 1, sin(4q.r) = 0 in the matrix elements in (2) 
and (3), so that they are all zero except the diagonal element 00 in (2); in these conditions, 
of course, only elastic scattering is possible. The elastic scattering cross-section in this case is 


4 
Sse May ie) se) ee 


PROBLEM 3. Determine the cross-section for the scattering of neutrons by a bound 
proton, regarded as an isotropic three-dimensional oscillator of frequency w (E. FERMI 1936). 
SOLUTION. Considering the proton as oscillating about a point fixed in space, we must 
put in formula (148.7), from its derivation, um = M and ua = 4M (M being the mass of the 
proton). Then 
Pp’ 90 


don p — Z| fe-4-FYo00(r)Yn,n.n,(r)d V|?do, 
7 


where oo = 47|f|2 is the cross-section for scattering by a free proton, and Yn,ngn, are the 
eigenfunctions of the three-dimensional oscillator corresponding to the energy levels En = 
hw(n+3/2); the summation is over all values of 21, ng and m3 whose sum has a given value 2. 
The functions %n,n,n3 are products é6f the wave functions of three linear oscillators (see §33, 
Problem 4). The required integral therefore falls into the product of three integrals of the 
form 


san! etd2%e—a2/29—a2x?/2 77 (ax)dx 
Tae 


V( 


(« = /(Mw/f)), which are found by substituting Hn,(x) in the form (a.4) and integrating 
ni times by parts. The result is 


e~97/2a*do, 


do, = = ceo 
TU QNgrn 


1 v o0 a 
n1!no!n3! 
The summation is effected by the binomial theorem, and the final result is 
E’ q? n 
don = —— ~~ |= ) e—9?/2a2do, 
a! N E\ 2027 


In particular, the elastic scattering cross-section (x = 0, EF = E’) is 


60 hw 
do, = —e7-9*/227do, Oe = oo, Ul — e4E/hw): 

7 
as E/iiw ~ 0, ce > 400. 
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§a. Hermite polynomials 
The equation 
yy —2xy’+2ny = 0 (a.1) 


belongs to a class which can be solved by what is called Laplace’s method.t 
This method is applicable to any linear equation of the form 


n dmy 
>, (am-+bmx) —, = 0, 


m=0 


whose coefficients are of degree in x not higher than the first, and consists 
in the following procedure. We form the polynomials 


n n 
m=0 m=0 


and from them the function 
Z(t) = (1/Q)eltP/ @ dt, 


which is determined to within a constant factor. Then the solution of the 
equation under consideration can be expressed as a complex integral: 


y = { Zeer de, 
Cc 


where the path of integration C is taken so that the integral is finite and non- 
zero, and the function 
V = ettQZ 


returns to its original value when ¢ describes the contour C (which may be 
either closed or open). 
In the case of equation (a.1) we have 


P = #?+2n, = —21, = ——¢ 4, = —ett-t9/4, 
2int1 tn 


so that its solution is 


y= | ent-H/4 dp/yntt, (a.2) 


+ See, for instance, GoursaT, Cours d’?Analyse Mathématique, Vol. I1; V. I. SmrrnNov, Course of 
Higher Mathematics, Vol. III, Part 2, Pergamon, Oxford 1964. 
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For physical applications we need only consider values n > —}. For 
these values the contour of integration can be taken as C, or C, (Fig. 50); 
these satisfy the required conditions}, since the function V vanishes at their 


ends (¢ = + co ort = — 0). 


Fic. 50 


Let us find the values of the parameter n for which equation (a.1) has 
solutions finite for all finite x, which tend to infinity, as x > + 00, not more 
rapidly than every finite power of x. First, we consider non-integral values 
of n. The integrals (a.2) along C, and C, then give two independent solutions 
of equation (a.1). We transform the integral along C, by introducing the 
variable u such that ¢ = 2(«—u). Omitting a constant factor, we find 


yor | e-¥' du/(u—x)"1, (a.3) 
C,’ 


where the integration is taken over the contour C,’ in the complex plane of 
u, as Shown in Fig. 51. 


Fic. 51 


As x + +00, the whole path of integration C,’ moves to infinity, and 
the integral in (a.3) tends to zero as e~*’, As x -> —oo, however, the path 
of integration extends along the whole of the real axis, and the integral in 
(a.3) does not tend exponentially to zero, so that the function y(x) becomes 
infinite essentially as e**. Similarly, it is easy to see that the integral (a.2) 
along the contour C,’ diverges exponentially as x > +00. 


t+ These paths will not serve for negative integral 2, since the integral (a.2) along them then vanishes 
identically. 
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For positive integral m (including zero), on the other hand, the integrals 
along the straight parts of the path of integration cancel, and the two integrals 
(a.3), along C,’ and C,’, reduce to an integral along a closed path round the 
point u = x. Thus we have the solution 


y(x) = er" } e-™ du/(u—x)"+1, 


which satisfies the conditions stated. According to CaucHy’s well-known 
formula for the derivatives of an analytic function, 


f(x) = au IY. dit 


Qni J (t—x)mtt 
y(x) is, apart from a constant factor, what is called an Hermite polynomial: 
.d% 
Hy(x) = (—1)er 5 ie (a.4) 
The polynomial H,, expanded in decreasing powers of x, has the open 


form 


n(n—1) n(n—1)(n—2)(n—3) 


Hy(2) = (2x)"————(2)"-24 Ss (2x)n-4— 1... (a.5) 


It contains only powers of x which are of the same parity as . We may write 
out here the first few Hermite polynomials: 


Ho =1, Hy = 2x, He =4x2—-2, Hg = 8x8—12x, Hy = 16x4—48x2+-12. 
(a.6) 


To calculate the normalisation integral, we replace e-*” Hy by its expres- 
sion in (a.4) and integrate m times by parts: 


[oe] fee) 
: dm, 
i e-? Hy2(x) dx = | costae dx 
dx 
00 00 


fee) 


eae 
=> | e7% —Hyn dx. 
dx” 
ee) 


But d"H,,/dx" is a constant, 2.!. Thus 


| e-® H,2(x) dx = 2%n!4/z. (a.7) 
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§b. The Airy function 
The equation 
y"—xy = 0 (b.1) 
is of Laplace’s type (see §a). Following the general method, we form the 
functions 


P=, Q=-1, Z=—-e/3, V = ert, 


so that the solution can be represented in the form 


+(x) = constant x | ext -t°/3 dt, (b.2) 
c 


The path of integration C must be chosen so that the function V vanishes 
at both ends of it. These ends must therefore go to infinity in the regions 
of the complex plane of ¢t in which re #3 > 0 (the shaded regions in Fig. 52). 


QO; 
Lo 


qn 
iM 


A solution finite for all x is obtained by taking the path C as shown in the 
figure. It can be displaced in any manner provided that the ends of it go to 
infinity in the same two shaded sectors (I and ITI in Fig. 52). We notice that, 
by taking a path which lay in sectors III and II (say), we should obtain a 
solution which becomes infinite as x > 0. 

Deforming the path C so that it goes along the imaginary axis, we obtain 
the function (b.2) in the form (substituting t = 1) 


O(x) = = i cos(ux-+-4u3) du. (b.3) 
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The constant in (b.2) has been put equal to —7/2+/7, and we have denoted 
the function thus obtained by (x); it is called the Airy function. . 

The asymptotic expression for ®(«) for large values of x is obtained by 
calculating the integral (b.2) by the saddle-point method. For x > 0, the 
exponent in the integrand has an extremum for ¢ = + +/x, and the “direction 
of steepest descent” of the integrand is parallel to the imaginary axis. 
Accordingly, to obtain the asymptotic expression for large positive x, we 
expand the exponent in powers of t+ 4/x and integrate along the line C1 
(Fig. 52), which is parallel to the imaginary axis; the distance OA = +/x. 
Making the substitution ¢ = —/x+iu, we have 


ics) 


M(x) ~) 7 { e—(2/3)a8/8 2/2 du, 
24/m 
-00 


whence 
D(x) & far-N4e-(2/3)2972, (b.4) 


Thus, for large positive x, the function ®(x) diminishes exponentially. 

To obtain the asymptotic expression for large negative values of x, we 
notice that, for x < 0, the exponent has an extremum for ¢ = 74/|x| and 
t = —14/|x|, and the direction of steepest descent at these points is along 
lines at angles —j7 and }> respectively to the real axis. Taking as the path 
of integration the broken line C, (the distance OB = +/|x|), we have, after 
some simple transformations, 


O(x) = |x|-1/4 sin(§|x|8/2-+47). (b.5) 


Thus, in the region of large negative x, the function ®(x) is oscillatory. 
We may mention that the first (and highest) maximum of the function O(x) 
is @(—1-02) = 0-95. 

The Airy function can be expressed in terms of Bessel functions of order 4. 
The equation (b.1), as can easily be seen, has the solution 


VxZ13(§x*/"), 


where Z,;,(x) is any solution of Bessel’s equation of order 4. The solution 
which is the same as (b.3) is 


D(x) = $V (ax){Li (Ge? ?)—la(Gx*?)} for x > 0, 
D(x) = $V (alx|){J-1aZl*9 7) +Jia(Glx[9”)} for x < 0, 


where I,(x) = i-"J,(ix). The coefficient here is most simply obtained by 
comparing the asymptotic expression (b.5) with the well-known asymptotic 
expression for the Bessel functions, 


Jnlx) & +/(2/rx) sin(x—3n7-+ 4n). 


{ We follow the definition proposed by V. A. Fox; see the supplement to his book Difraktsiya 
radiovoln vokrug zemnoi poverkhnosti (Diffraction of Radio Waves near the Earth’s Surface), USSR 
Academy of Sciences, Moscow 1946, which contains a collation of formulae and numerical tables. 
The function D(x) is one of two defined by Fox, who denotes it by v(x). 


(b.6) 
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§c. Legendre polynomials 
The Legendre polynomials P,(cos 6) are defined by the formula 


dn 
= — —__ 29— 
Py(cos 6) 2mnl (d cos6)* (cos?@— 1)", (c.1) 
or, in open form, 
2n)! —1 —1)(n—2)(n—3 
Pn(cos 0) = (2n) [costa cosn-09 4" Dn 2hn—3) cost 16. | 
2”(nl!)2 2(2n—1) 2.4.(2n—1)(2n—3) 
(c.2) 
They satisfy the differential equation 
(ago 1)Pn = 0 3 
ETT sin Stn )Pn = 0. (c.3) 
The associated Legendre polynomials are defined by 
: d™P,,(cos 6) 
Py™(cos 6) = sin™@ ———_— 
(d cos 0)™ 
1 dmtn 
= sin” —_—_—__——(cos?9— 1)", (c.4) 
2”n! (d cos @)mtn 
with m = 0, 1,..., . An equivalent definition is 
(n+m)! be 
Pp™(cos 6) = (—1)"—_____ sin-™9 ——____-(cos6— 1)n, (c.5) 
(n—m)! 2"n! (d cos #)"-m 
or, in open form, 
(2n)! : (n—m)(n—m—1) 
P,™(cos 8) = ————_ snt6cosr-mp_ cos” -m 264 
2%n! (n—m)! 2(2n—1) 
en laa em! eee aus ; (c.6) 
2.4.(2n—1)(2n—3) 
The associated Legendre polynomials satisfy the equation 
Ricans! (7 joan Wr ere |e 0 (c.7) 
ae — = Q, Cc. 
sind dd\. dO [* ee sino |” 


The following “addition theorem” holds for Legendre polynomials.+ Let 


t There are in the mathematical literature many good accounts of the theory of spherical harmonics. 
Here we shall give, for reference, only a few basic relations, and make no attempt at a systematic dis- 
cussion of the theory of these functions. 
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y be the angle between two directions defined by the spherical angles 0, ¢ and 
0’, dp’ : 
cosy = cos@ cos #’-+sin@ sin 6’ cos(¢—¢’). 
Then 
Pn(cosy) = Pn(cos 0)Pn(cos 8’) + 


+d 26 a mPam(e 6)Pq™(cos 6’ )cos m(p—¢’). (c.8) 
We shall show how the normalisation integral for Legendre polynomials 
n 1 
| [Pa(cos 6)? sin 6 do = | [Pa(w) 2 dp 
0 -1 


( = cos 6) may be calculated. Substituting for P,() the expression (c.1) 
and integrating 7 times by parts, we have 


1 


1 
dn 
{ eacor ae = a map| aa S388 eI de 


-l 


te)? 1)” d2n 
= aap | (21 I de 
n)l f 
ny 
= Zen(nlye J (1—p?)" du 
(2m )! Nn \n 
= ale | um(1—u)" du 
(u = 4(1—)), whence 
1 
| (PnQ)P dp = 2/(2n-+1). (c.9) 


-l 


Similarly, it is easy to see that the functions P,(m) with different m are 
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orthogonal: 
1 
| Polu)Pm(u) dp =0 — (n # m). (c.10) 
-1 


The calculation of the normalisation integral for the associated Legendre 
polynomials is easily effected by a similar method. We write [P,,”(u)]? as 
a product of the expressions (c.4) and (c.5), and integrate n—m times by 
parts; the result is 


(c.11) 


1 
s _ 2  (n+m)! 
} pe SS 5s Gaal 
i 


It is easily seen that the functions P,,” with different m (and the same m) 
are orthogonal: 


1 
[Pomu)PemM(y) dp =0 = (wR). (c.12) 
-1 


The calculation of the integrals of products of three Legendre polynomials 
is discussed in §107. 

Finally, we give for reference the first few normalised spherical harmonics 
Vin : 


Yoo = 1//(47); 
Yio = 14/(3/477)cos 6, Y1,41 = + i4/(3/877)sin 8 . ettd: 


Yoo = +/(5/167r)(1 —3 cos?6), 
Yoa1 = £+/(15/87) cos@ sin é . ett9, 
Yo,49 = —4/(15/327) sin26 . e+2t6; 

Y30 = —11/(7/167) cos 6(5 cos2@— 3), 
Y3,41 = +14/(21/647) sin 6(5 cos?6—1)e+#, 
Y3,42 = —14/(105/327) cos @ sin26 . e+24¢, 


Yo.a3 = +14/(35/64m) sin. e#3%6, 


§d. The confluent hypergeometric function 
The confluent hypergeometric function is defined by the series 
z a(a+1) 2? 


(4 
Flasy3) = 14 Aiyasd (d.1) 
ee) yl y(y+1) 2! 


which converges for all finite z; the parameter « is arbitrary, while the 


§d The confluent hypergeometric function 601 


parameter y is supposed not zero or a negative integer. If « is a negative 
integer (or zero), F(a, y, 2) reduces to a polynomial of degree |«|. 
The function F(a, y, 2) satisfies the differential equation 


su’ +(y—2z)u’—ou = 0, (d.2) 


as is easily seen by direct verification.t By the substitution u = 21m, 
this equation is transformed into another of the same form, 


suzy’ +(2—y—2)uy’ —(a—y+1)u = 0. (d.3) 


Hence we see that, for non-integral y, equation (d.2) has also the particular 
integral z!~” F(a—y+1, 2—y, 2), which is linearly independent of (d.1), 
so that the general solution of equation (d.2) is of the form 


u = F(a, y, 2)+c21-7F(a—y+1, 2—y, 2). (d.4) 


The second term, unlike the first, has a singular point at z = 0. 
Equation (d.2) is of Laplace’s type, and its solutions can be represented 
as contour integrals. Following the general method, we form the functions 


P(t) =yt—2, Q() =1t—-1), Z(t) = #-Ae—-1)r-=, 
so that 


ie [ etetete— tre dt. (d.5) 


The path of integration must be chosen so that the function V(?) 
= e{*(t— 1)’ returns to its original value on traversing the path. Applying 
the same method to equation (d.3), we can obtain for u a contour integral of 
another form: 


u = 21-7 etztz-7(t—1)-% di. 
The substitution tz — ¢ reduces this integral to the convenient form 
u(z) = f et(t—z)-2t2-7 dt, (d.6) 


and the function V to 
V(t) = ete-7+1(t—1)1-«, 


The integrand in (d.6) has in general two singular points, at t = z and 
t= 0. We take a contour of integration C which passes from infinity 
(re > —oo) round the two singular points in the positive direction and back 
to infinity (Fig. 53). This contour satisfies the required conditions, since 


+ The equation (d.2) with a negative integral y does not require special discussion, since it can be 
reduced to a case of positive integral y by the transformation which gives equation (d.3). 
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V(t) vanishes at its ends. The integral (d.6), taken along the contour C, 
has no singular point for z = 0; hence it must be the same, apart from a 


Fic. 53 


constant factor, as the function F(«, y, 2), which also has no singularity. 
For z = 0 the two singular points of the integrand coincide; according to a 
well-known formula in the theory of the gamma function,+ 


1 
ae i ett-v dt = 1/T(y). (d.7) 
2mt Z 
Since F(a, y, 0) = 1, it is evident that 


F(a,y,2) = au i) et(t—z) ~*~ dt. (d.8) 
Cc 


The integrand in (d.5) has singular points at ¢ = 0 and t = 1. If re(y—«) 
> 0, and y is not a positive integer, the path of integration can be taken as a 
contour C” starting from the point ¢ = 1, passing round the point t = 0 
in the positive direction, and returning to t = 1 (Fig. 54); for re(y—«) > 0, 


Cc’ 
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the function V(t) returns to its original value of zero on passing round such a 
contour.[ The integral thus defined again has no singularity for z = 0, 
and is related to F(a, y, 2) by 


F(a,y, 2) = ——~—————~  e#(—)*-1(1-2)y-#-1 dt. (d.9) 
x 


The following remark should be made concerning the integrals (d.8), (d.9). 
For non-integral « and y, the integrands are not one-valued functions. 
+ See, for instance, WHITTAKER and WaTSON, Course of Modern Analysis, Cambridge 1944, §12°22. 


[ If y is a positive integer, C’ can be any contour which passes round both the points t = 0 and 
= 1. 
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Their values at each point are supposed chosen in accordance with the con- 
dition that the complex quantity which is raised to a power is taken with the 
argument whose absolute value is least. 

We may notice the useful relation 


F(a,y,2) = &F(y—a,y, —2); (d.10) 


which is obtained at once by substituting ¢ > ¢+2 in the integral (d.8). 

We have already remarked that, if « = —z, where n is a positive integer, 
the function F(a, y, 3) reduces to a polynomial. A concise formula can be 
obtained for these polynomials. Making in the integral (d.9) the substitution 
t > 1-t/z and applying Caucuy’s formula to the resulting integral, we find 

1 d™ 
== ——_____________21 -Y¢2 —_(e~#gvtn-l), (d.11) 
W(y+1)...(y+a—1) da” 


If also y = a positive integer m, we have the formula 


F(—n, > 2) 


(- 1)™ -1 dmtn-1 
F(—n, m,2) = ———_-___——-e# ——_—__(e*2"). (d.12) 
m(m+1)...(m+n—1) damtn-1 
This formula is obtained byapplying Caucry’s formula to the integral derived 
from (d.8) by the substitution t > z—t. 
The polynomials F(—n, m, 2), 0<m <n, are (apart from a constant 
factor) the generalised Laguerre polynomials, defined by 
(nl)? 
Ly™(z) = (—1)"—_—_-F(—[n—m], m+ 1, 2) 
m\(n—m)! 
ni d™ 
= ——___—__¢2 ——(e%gn-m) 
(n—m)! dz” 
n-m 


ni As d ae 4 


=(-1)" 


The polynomials L,, for m = 0 are denoted by L,(z) and are called simply 
Laguerre polynomials; from (d.13) we have 


dz 
Ln(2) = @% rae 


The integral representation (d.8) is convenient for obtaining the asymptotic 
expansion of the confluent hypergeometric function for large z. We deform 
the contour into two contours C, and C, (Fig. 53), which pass round the points 
t = 0 andt = 2 respectively; the lower branch of C, and the upper branch of 
C, are supposed to join at infinity. To obtain an expansion in inverse powers 
of z, we take (—z)-“ outside the parenthesis in the integrand. In the integral 
along the contour C,, we make the substitution ¢ - ¢+-2; the contour C2 
is thereby transformed into C,. We thus represent the formula (d.8) as 
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F(a, y,2) > ry) (—3)-*G(a,a—y+1, —2z)4+ 
P(y—«) 
nn pet iets ay. 1—a, 2), (d.14) 
T'(«) 
where 
G(«,B, 2) - | (1+) "pb -let det. (d.15) 
C; 


In raising —z and z to powers in the formula (d.14) we must take the argu- 
ments which have the smallest absolute value. Finally, expanding (1+<¢/z)-* 
in the integrand in powers of t/z and applying formula (d.7), we have for 
G(«, B, 2) the asymptotic series 


o, a(a-- 1 +1 
Stain) =e gH 


(d.16) 
Formulae (d.14) and (d.16) give the asymptotic expansion of the function 
F(a, y, 2). 

For positive integral y, the second term in the general solution (d.4) 
of equation (d.2) is either the same as the first term (if y = 1) or meaningless 
(if y > 1). In this case we can take, as a set of two linearly independent 
solutions, the two terms in formula (d.14), i.e. the integrals (d.8) taken along 
the contours C, and C, (these contours, like C, satisfy the required conditions, 
so that the integrals along them are solutions of equation (d.2)). The asymp- 
totic form of these solutions is given by the formulae already obtained; it 
remains for us to find their expansion in ascending powers of z. To do this, 
we start from equation (d.14) and the analogous equation for the function 
zi? F(a—y+1, 2—y, 2). From these two equations we express 
G(a,a—y-+1, —z) in terms of F(a, y, 2) and F(a—y+1, 2—y, 2); we then 
put y=p-+te (p being a positive integer), and pass to the limit « > 0, 
resolving the indeterminacy by L’Hospirat’s rule. A fairly lengthy calcula- 
tion gives the following expansion: 

sin 7a. 0(p—a) : 


G(a, a—p+l, —2) => a) x 


V(p)T(a-+s)[p(a-+s)—Y(p+s) (s+ 1)] 
P(«)0(s+p)0(5+1) 


(oe) 


x loge. F(a,p,2)+ > 


s=0 


re 
= T(s)P(a—s)I'(p) 
— 1)s+1______—__"‘z-s| d.17 
+2 Tore) = 


where y% denotes the logarithmic derivative of the gamma function: (a) 


= I"(«)/T(2). 
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$e. The hypergeometric function 
The hypergeometric function is defined in the circle |z| < 1 by the series 


of x  a(a+1)R(B+1) 2° 
F ,8) = 1-— —+—— + +» | 
(«,B,7,2) = 1+ 7 il y+) rr (e.1) 
and for |z| > 1 it is obtained by analytical continuation of this series. The 
hypergeometric function is a particular integral of the differential equation 


3(1—3z)u”+[y—(«+B+1)2]u’—opu = 0. (e.2) 


The parameters « and f are arbitrary, while y 4 0, —1, —2,.... The 
function F(a, B, y, 2) is evidently symmetrical with respect to the parameters 
a and f.+ The second independent solution of equation (e.2) is 


21-7 F(B—y+1, a—y +1, 2—y, 2); 


it has a singular point at z = 0. 

We shall give here for reference a number of relations obeyed by the hyper- 
geometric function. 

The function F(«, 8, y, 2) can be represented for all 2, iff re(y—a) > 0, 
as an integral: 


1 Pda) 


Retyae= § (9101s) dt, 
Cc’ 


Qni - (y—a) 
(e.3) 
taken along the contour C’ shown in Fig. 54. That this integral in fact 
satisfies equation (e.2) is easily seen by direct substitution; the constant 
factor is chosen so as to give unity for z = 0. 

The substitution u = (1—z)’*-4u, in equation (e.2) leads to an equation 
of the same form, with parameters y—«, y—f, y in place of «, 8, y respec- 
tively. Hence we have 


F(a,B,y,2) = (1—2)-*-#F(y—«, y—-B, y, 2); (e.4) 


both sides of this equation satisfy the same equation, and they have the same 
value for z = 0. 

The substitution ¢ -> ¢/(1—z-+2t) in the integral (e.3) leads to the fol- 
lowing relation between hypergeometric functions with variables z and 


2/(z—1): 
F(a, B,y,2) = (1—2)-*F(«, y—B, y, 2/(2—1)). (e.5) 
The value of the many-valued expression (1—z)~* in this formula (and of 


+ The confluent hypergeometric function is obtained from F(«, 8, y, 2) by passing to the limit 
F(a,y,2) = lim F(a, B, y, 2/B). 
goo 


} This inequality holds for all cases occurring in physical applications. 
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similar expressions in all the following formulae) is determined by the con- 
dition that the complex quantity which is raised to a power is taken with the 
argument whose absolute value is least. 

Next we shall give, without proof, an important formula relating hyper- 
geometric functions with variables z and 1/z: 


T(8)P'(y—«) 
T'(y)T'(a—B) 
T(a)I'(y—) 
This formula expresses F(a, 8, y, 2) as a series which converges for |z| > 1, 
i.e. it is the analytical continuation of the original series (e.1). 
The formula 


_Ty)Py—a«—) 
F(a, 8,y,2) = To—a)Fo—py a+B+1—y,1—2)+ 
Ty) P(a+p—y) 


D(«)D(8) 


(—2) #F(B, B+1—y, B+1—a, 1/2). (e.6) 


(1—2)7-*-4F(y—a, y—B, vr 1 —a—B, 1—z) 
(e.7) 


relates hypergeometric functions of z and 1—z; it is derived similarly to 
formula (e.6). Combining (e.7) and (e.5) with (e.6), we obtain the relations 


PZ) ee 
FlosBirs2) = Fa (8) *Fleny Bat 1—B, (ta) + 
PO)T(a—B) 


T(«)T'(y—B) 


_TOG-e~8)_, spp 
ONDE 8) = rar ay P(aa+1 y,a+6+1—y, 2 )+ 


PO) (e-+B—y) sr z= 
— (1 — 28) 7-2-8 22-7F( 1-8, y—B, y+ 1—a—f, —— ). e.9 
Tere (1—2) B,y—B, y+ ae (e.9) 
Each of the terms in the sums on the right of equations (e.6)-(e.9) is itself 
a solution of the hypergeometric equation. 

If « (or f) is a negative integer or zero, « = —n, the hypergeometric 
function reduces to a polynomial of the mth degree, and can be represented 
in the form 


(1—2) #F(B, y—a, B+1—a, 1/(1—2)), (e.8) 


F(—n,B,y,2) = oe aay (e.10) 
Ee AAA cl nl) det 


F(a, 8, y, 2) also reduces to a polynomial for «= y-+-n and for «=n, 
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y = m-+1 (n and m being positive integers, with n<m). The explicit 
forms of these polynomials can be obtained in the former case by com- 
bining (e.10) with (e.5), and in the latter case by combining it with (e.9). 


$f. The calculation of integrals containing confluent hypergeometric 
functions 


Let us consider an integral of the form 


[oe] 


Jay’ = | eAzgr F(a, y, kz) dz. (£.1) 


0 


We assume that it converges. If this is so we must have rev > —1 and 


reA > |rek|; if « is a negative integer, the latter condition can be replaced 
by red > 0. 

The integral (f.1) is easily calculated by using for F(a, y, kz) the integral 
representation (d.9) and effecting the integration over z under the contour 
integral: 


_ 1 Td-#P%) 


ro) 
Jaye = EF ry—x) $| eA-kbzgr(— t)4-1(] — ty -e-1 didg 
c’0 


17d APO), 


AD (y-41)x 
Qni  T(y—a) eh) 


x b (—2)2-1(1—d)y-2-1(1—ht/A) Pd. 
a 


Using (e.3), we have finally 
Jay? = UT ve+lrAr7F(a,v+ 1, y, R/A). (f.2) 


In the cases where the function F(a, v+1, y, k/A) reduces to a polynomial, 
we have for the integral J,,,”an expression in terms of elementary functions: 


d" 
Ji ee l= (— 1)*T(y) aan “Y(A— k) mad | ’ (f. 3) 


T(v-1)(A—k)ytn-»-1 dn 
—n v— —] oe nein ae I 1 YE —— vp— 
Feng? = (=1 SPO, ea) 


(-1)"—" 


Jam” = FA —a)(2—0) (m1 a) 


dz 
[=m rrr ais ms eat 


m—n—-2 


d 
+n! (m—n—1)...(m—1)dAz-"-1(A—R) en 


wae het Keyls (65) 
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here m, n are integers, with 0 < n < m—2. 
Next, let us calculate the integral 


d= | e-begy -1LF(—n, y, ke) da, (£6) 
J | 


where v is an integer and re v > 0. To calculate this, we begin with a more 
general integral having e~** instead of e-*# in the integrand. We write one 
of the functions F(—n, y, kz) as a contour integral, and then integrate over 
2, using formula (f.3): 


r 1 T(L+n)P(y) 
e~AZgv—l1 _ Z= —— 
} [Fm fa) ds = 
x{¢ (—t)--1(1—t)yt-le A -kbegv-1 FF (—n, y, kz) ditdz 
0 Cc’ 
_ 1p hdtoPOPO) 
Omi T2(y-+n) 


dn 
x $ (A—ki—k)vtn-»(—t)--1(1—2)y+n yal Fd) —*(A—ki—k)’-7] dé. 
c’ | 
The nth derivative with respect to A can evidently be replaced by a derivative 


of the same order with respect to ¢; we then put A = k, and thereby return 
to the integral J,: 


1 Pa tiP ery) 


dv 
Jy = Qi T2(y--n)k? x $ (—t)v7-1(1—2)yt241 Gall arr 7] dt. 


By integrating times by parts, we transfer the operator d”/dé” to the expres- 
sion (—#)’-” (1—#)’*"~1, and then expand the derivative by LeErBNiz’ 
formula. As a result, we obtain a sum of integrals, each of which reduces 
to EuLer’s well-known integral. We finally have the following expression 
for the integral required: 


he T(v)n! f n(y—v—1)(y—v) 
" Ry(y+1)...(y-+n—1) 12y 


n(a—1)(y—v—2\ly—»— Ny —»)y— v1) 
yt 
n(n—1)... 1(y—v—n)...(y—v-+n—1) 


(£.7) 
1222. n2y(y+1)...(y+n—1) 
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It is easy to see that the integrals J, are related by 


(y—p—1)(y—P) ..- (y+2—)) 


J yp = peptl J y-1-p» (£.8) 
where p is any integer. 
We similarly calculate the integral 
co 
jJ= | e2z7-1F (a, y, ka) F(a’, y, k’2) dz. (f.9) 
0 


We represent the function F(a’, y, k's) as a contour integral, and integrate 
over 2, using formula (f.3) with n = 0: 


fee) 
1 Ti—e’)I(y) , ; 
J =-—-———_ (—t)*-1(1—t)7-#' 127 Te 2A-kD F(a, y, kz) dedi 
Qni  T(y—w) ue 
‘0 


_ 1 Td—«’)PXy) aa eee AO ea =e 
ey 1(1—2)y-#’-1(A—R't)*-7(A—k’t—k) dt. 


By the substitution ¢ > At/(k't+A—R’), this integral is brought to the form 
(e.3), giving 


= P(y)rete’-1(A—B)-4(A—K) “F(a, @’,y,————}. (£10 
J = Type B08) Fue). (EO 
If « (or «’) is a negative integer, « = —n, this expression can be rewritten, 
using (e.7), as 
Ty) —o’ 
: (y) (y+n 1) yma’ —1(X—BYMA- KB)“ 
Nyta)l(y—«’) 
xP( ‘ +oa’+1 a lela f.11 
—nN,a,—n —Y; . 
a ek eee alas ae on 


Finally, let us consider integrals of the form 


foe) 


J5?(a, 0’) = | etk+kz/2g7-1+8 F(a, y, ka)F(a’,y—p,k’2) dz. — (f.12) 
0 


The values of the parameters are supposed such that the integral converges 
absolutely; s and p are positive integers. The simplest of these integrals, 
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T° (a, «’), is, by (f.10), 
: : 4kk’ 
Fora) = 2b et BYP 27, 5 619) 


if « (or a’) is a negative integer, « = —n, we can also write, by (f.11), 


Ly)(y—#)(y—a' +1)... (y—a’ -+n—1) 
OO rit Vee 2 
se aia W(y+1)...(y+n—1) . 
k+k’\2 
(Het yak a’,a’-+1—n—y, (=) | (f.14) 


The general formula for J y'?(a, a’) can be derived, but it is so complex that 
it cannot be used conveniently. It is more convenient to use recurrence 
formulae, which enable us to reduce the integrals ],°?(«, «’) to the integral 
with s= = 0. We shall give these here without proof.f The formula 


a4 
Jy®(08!) = JPM 00) —Jo-19?Hu—1,0°) (£.15) 


enables us to reduce J,*?(«, «’) to the integral with p= 0. The formula 


4 
Tf (a0, 0’) = rae {[3y(R—R’) — hak’! — k's] J90(c, 0”) + 


+s(y— 14-5 — 20’) J 81a, a’) + 20's J. y> ba, a’ 1)} (f.16) 


then makes possible the final reduction to the integral with 5 = p=0. 


+ The derivation is given by W. Gorpon, Annalen der Physik [5] 2, 1031, 1929, 
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Acceleration, in quantum mechanics, 56 
Accidental degeneracy, 118, 236 
Action, 20, 159n. 
Airy function, 74, 596-597 
Alternation of functions, 217 
Angular momentum, (IV) 81ff. 
addition of, 97-100, (XIV) 401ff. 
commutation relations, 82-84, 92, 95 
eigenfunctions, 88-91 
eigenvalues, 85-88 
orbital, 188 
total, 190 
spin, 188 
vibrational, 390 
Annihilation operator, 223 
Anticommuting operators, 96 
Anti-Hermitian operator, 15 
Antisymmetric term, 311 
Antisymmetric unit tensor, 83 
Apparatus, 2-3, 21-24 
Atom, (X) 231ff. 
interaction at large distances, 319-322 
Atomic energy levels, 231-232 
Atomic units, 116n. 
Auger effect, 260-261 
Axial vector, 97n. 
Azimuthal quantum number, 103 


Barrier, potential, 78-80 
in quasi-classical case, 171-177, 181-184 
Bilateral axis, 339 
Binary transformations, 194 
Bohr and Sommerfeld’s quantisation rule, 
163 
Bohr magneton, 423 
Bohr radius, 116n. 
Born approximation, 480-486 
Bose(-Einstein) statistics, 210 
second quantisation, 222-227 
Bosons, 210 
Bound state, 30 
Breit and Wigner’s formula, 554-562 


Cayley-Klein parameters, 194n. 
Centrally symmetric field, motion in, (V) 
101ff. 
quasi-classical, 167-170 
Centrifugal energy, 103 
Channel of reaction, 542 
input, 542 
widths, 557-558 
Class of group, 337 


Clebsch-Gordan coefficients, 404n. 
Closed set of functions, 8 
Closed shell, 233 
Collision of the second kind, 323 
Collisions, see Elastic collisions; Inelastic 
collisions 
Commutation relations, 42, 46, 82-84, 92, 
95, 189, 383, 423 

Commutator of operators, 15 
Commuting operators, 14 
Complete description, 4, 5 
Complete set 

of functions, 8 

of quantities, 5 
Complex compounds, 291 
Compound nucleus, 554 
Configuration space, 6 
Conservation of 

angular momentum, 81 

energy, 28 

momentum, 42 

parity, 96 
Conserved quantity, 27 

in Coulomb field, 128 
Continuous spectrum, 8, 15-19, 519-523 
Coulomb field, motion in, 116ff. 

scattering in, 516-519 
Coulomb units, 116 
Creation operator, 223 
Cross-section 

reaction, 543 

scattering, 470, 558 

transport, 483, 533 
Current density, 57 

in magnetic field, 435-437 


De Broglie wavelength, 52 
Degeneracy of energy levels, 29, 231 
accidental, 118, 236 
permutational, 219n. 
removal of, 133 
Delta function, 17, 43n., 474n. 
Density matrix, 38-41 
Derivative, in quantum mechanics, 26, 31 
Detailed balancing, principle of, 553n. 
Diatomic molecule, (XI) 277ff. 
Dipole moment, 261 
Dispersion relation, 499-500 
Doublets (see also Multiplet) 
irregular, 260 
regular, 260 
relativistic, 260 
screening, 260 
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Eigenfunctions, 8 
Eigenvalues, 8 
complex, 512 


Elastic collisions, theory of, (XVII) 469ff. 


with inelastic processes, 542-548 
Electron 
configuration, 233, 254-257 
diffraction experiment, 1-2 
states in the atom, 232ff. 
terms in the diatomic molecule, 277ff. 
intersection of, 279-282 


Element of group, see Group, element of 


Energy, 28 
levels, 29 
atomic, 231-232 
complex, 512 
degenerate, 29 
hydrogen-like, 236-237 
of linear oscillator, 69 
anharmonic, 132 
in magnetic field, 425 
in potential well, 65 
in quasi-classical case, 163-167 
vibrational, 378-380 
virtual, 507 
width of, 153 
Equivalent 
axes, 339 
planes, 339 
states, 233 
Even states of molecules, 278 
Exchange 
integral, 215 
interaction, 213, 524 


“Fall’’ to the centre, 54, 113-116 
Fermi(-Dirac) statistics, 210 

second quantisation, 227-230 
Fermions, 210 
Fine structure, 232, 301 

of atomic levels, 247-252 
Forbidden transition, 100 
Form factor, atomic, 532 
Franck and Condon’s principle, 324 
Free motion, 50-52 

in centrally symmetric field, 104-113 


Galileo’s relativity principle, 50 
Ground state, 28 
Group 
Abelian, 336 
class of, 337 
conjugate, 338 
continuous, 364-367 
cubic, 346n. 
cyclic, 336 
direct product of, 338 
double, 367 
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Group (cont.) 
element of, 336 
conjugate, 337 
generating, 357 
inverse of, 336 
order of, 336 
period of, 336 
product of, 336 
unit, 336 
finite, 336 
icosahedron, 346 
isomorphous, 338 
normal divisor of, 338 
octahedron, 345 
order of, 337 
point, 338-347, 354-358, 364-370 
representation of, 347-361; see also 
Representation of group 
rotation, 364 
sub-, 336 
conjugate, 338 
tetrahedron, 343 
theory, 336ff. 
unit element of, 336 
Gyromagnetic factor, 429, 452 


Hamiltonian (operator), 26 
of freely moving particle, 50 
of interacting particles, 51 
of linear oscillator, 67 
Hamilton’s principle, 20 
Heisenberg representation, 37-38 
Helium atom, 237-240 
Hermite polynomials, 69, 593-595 
Hermitian 
conjugate operator, 12 
matrix, 32 
operator, 12 
Heteropolar binding, 289 
High energies 
elastic scattering at, 489-492, 531-535 
inelastic scattering at, 571-580 
Homogeneous field, motion in, 73-75 
Homopolar binding, 290 
Hund’s rule, 233 


Hydrogen atom, 236-237, 269-276, 535, 


578-580 
Hydrogen-like energy levels, 236-237 
Hyperfine structure 
of atomic levels, 463-466 
of molecular levels, 466-468 
Hypergeometric functions, 600-610 


Identical particles, (IX) 209ff. 

collisions of, 523-526 
Indistinguishability of similar particles, 209 
Inelastic collisions, theory of, (XVIII) 542ff. 
Intermediate groups, 254, 256-257, 290-291 


Index 


Intermediate states, 150 
Intersection of electron terms, 279-282 
Inverse operator, 14 
Inversion transformation, 95-97 
Ionisation of atoms 

in a decay, 145-146 

in B decay, 144-145 

by electric field, 274 

by electrons, 571, 579-580 

by heavy particles, 586 

near threshold, 570-571 
Irreducible tensor, 202 
Isotopic 

invariance, 438-442 

shift, 461-463 

spin, 439 


qj coupling, 251, 449 


Kernel of operator, 10 
Kramers’ theorem, 208 


Laguerre polynomials, 603 
generalised, 118, 603 

Lambda (A)-doubling, 316-319 

Landé g-factor, 429 

Landé’s interval rule, 249 

Large distances, atoms at, 319-322 

Legendre polynomials, 90, 598-600 
associated, 89-90, 598-600 

Linear operator, 10n. 

Linear oscillator, 67-73 
anharmonic, 132 

Low energies 
elastic scattering at, 500-511 
inelastic scattering at, 548-550 

LS coupling, 251 


Magic numbers, 451 
Magnetic field, motion in, (XV) 421ff. 
Magnetic quantum number, 103, 127 
Magnetons, 423 
Mass of particle, 50 
reduced, 101 
Matrix, 31ff. 
density, 38—41 
diagonal form of, 33 
elements, 31 
for addition of angular momenta, 418- 
420 
of angular momentum, 87-88 
in classical limit, 165-166 
of derivative, 31 
diagonal, 32 
for diatomic molecule, 312-316 
quasi-classical, 177-181 


613 


Matrix (cont.) 
elements (cont.) 
reduced, 93n., 410 
selection rules for, 361-363 
of tensors, 408-412 
of vectors, 91-95 
Hermitian, 32 
multiplication of, 32 
Pauli, 193 
trace of, 36 
Mean value, 10 
Measurements, 2-5, 21-24, 151-152 
predictable, 5 
Mirror nuclei, 438n. 
Mixed states, 39n. 
Molecular terms 
and atomic terms, 282-286 
classification of, 394-400 
Molecule, see Diatomic molecule; Poly- 
atomic molecules 
scattering by, 587-592 
Momentum, 42-45 
commutation relations, 42, 46 


Multiplet 
inverted, 249 
normal, 249 


splitting, 232, 301 

terms in diatomic molecule, 299-309 
Multiplicity, 232, 277 

of frequency, 372 
Multipole moments, 261-264 


Negative terms, 310, 394 
9j-symbol, 416-417 
Nodes, 59 
Normal co-ordinates, 372 
Normal state, 28 
Normalisation, 6, 16-17 
Notation, xiii, 103, 232, 259, 277 
Nuclear forces, 438ff. 
charge symmetry of, 438 
saturation of, 445 
spin dependence of, 442-444 
Nuclear magneton, 423 
Nuclear structure, (XVI) 438ff. 
Nucleons, 438ff. 
Nuclei (see also Nuclear forces; Nuclear 
structure) 
compound, 554 
non-spherical, 456-461 


Occupation numbers, 221 
Odd states of molecules, 278 
One-dimensional motion, 60-80 
quasi-classical case, 158-166 
Operators, 10ff. 
addition of, 13 
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Operators (cont.) 
annihilation, 223 
anticommuting, 96 
anti-Hermitian, 15 
commutator of, 15 
commuting, 14 
creation, 223 
differentiation of, 26-27 
Hermitian, 12 
Hermitian conjugate, 12 
inverse, 14 
linear, 10n. 
momentum, 42-45 
multiplication of, 14 
self-conjugate, 12 
symmetrised products of, 15 
transposed, 11 
unitary, 35 

Optical model, 560n., 562 

Optical theorem for scattering, 476, 544 

Orbital angular momentum, 188 
total, 190 

Orthogonal functions, 10 

Orthohelium, 238n. 

Orthohydrogen, 312, 591-592 

Orthonormal functions, 10 

Oscillation theorem, 60-61 

Oscillator 
in external field, 143 
linear, 67-73 

anharmonic, 132 
strengths, 582 
three-dimensional, 111 


Parabolic 

co-ordinates, 125, 270 

quantum numbers, 127 
Parahelium, 238n. 
Parahydrogen, 312, 591-592 
Parity, 96 

addition rule for, 99-100 
Paschen-Back effect, 430, 431 
Pauli matrices, 193 
Pauli’s principle, 211 
Periodic system, 252-259 
Permutations, 216-221 
Perturbation theory, (VI) 129¢f. 
Perturbations 

adiabatic, 142, 185-187 

in diatomic molecule, 329-330 
Phase 

factor, 7 

shift, 109 

space, 164, 241, 445 
Physical quantity, 5 
Physical sheet, 493 
Planck’s constant, 20-21 
Plane wave, resolution of, 111-113 


Index 


Point groups, 338-347, 354-358, 364-370 
continuous, 347, 364-367 
Poisson bracket, 27n. 
Polar vector, 97n. 
Polarisation of particles, partial, 204-206 
Polyatomic molecules, (XIII) 371ff. 
Positive terms, 309, 394 
Potential barrier, 78-80 
in quasi-classical case, 171-177, 181-184 
Potential scattering, 514, 558 
Potential wall, 75-77, 162 
Potential well, 63-67, 71-73, 109-110, 123 
125, 154, 156-157, 504 
Predictable measurements, 5 
Pre-dissociation, 322-331 
Principal groups, 254-255, 288-290 
Principal quantum number, 118, 233, 449 
Principle of least action, 20 
Probability 
amplitude, 6 
current density, 57 
Product 
of elements of group, 336 
of groups, 338 
of matrices, 32 
of operators, 14 
of quantities, 13 
of representations of groups, 352 
of spinors, 197 
Pseudoscalar, 96 
Pure states, 39n. 


Quadrupole moment, 261-264, 460 
Quantum mechanics, 2 
basic concepts of, (I) 1ff. 
and classical mechanics, 2-3, 20-21, 52, 54, 
95, 154, (VII) 158ff., 190n., 209, 421, 
474, 486-489 
Quantum number 
azimuthal, 103 
magnetic, 103, 127 
parabolic, 127 
principal, 118, 233, 449 
radial, 103, 118 
vibrational, 296 
Quasi-classical systems, 21, 49, 113, (VII) 
158ff., 486-489 
Quasi-discrete spectrum, 512 
Quasi-stationary states, 153, 512, 554 


Racah coefficients, 413 
Radial 
quantum number, 103, 118 
wave function, 102-104 
in Coulomb field, 116-122 
in free motion, 105-109 
Ramsauer effect, 502n. 


Index 


Reciprocity theorem for scattering, 477, 538, 
553 
Redundant poles, 496 
Reflection coefficient, 76 
in quasi-classical case, 181-184 
Representation 
of group, 347-361 
antisymmetric product of, 352 
basis of, 348 
character of, 348 
dimension of, 348 
direct product of, 352 
equivalent, 348 
irreducible, 349-361 
reducible, 349 
regular, 351 
symmetric product of, 352 
total, 372 
two-valued, 367-370 
unit, 352 
of matrices, 33 
of operators, 37-38, 44 
of wave functions, 18 
Resonance, 146 
scattering, 505-516, 526-531 
Retardation, effective, 580-584 
Rigid body, rotation of, 383-389 
Rotary-reflection axis, 333 
Rotation of molecules, 293-299, 301-309, 
389-393 
Rotator, 296n. 
Russell-Saunders coupling, 251 
Rutherford’s formula, 519 
Rydberg’s correction, 237 


Saddle-point method, 597 
Scattering (see also Elastic collisions; Inelastic 
collisions) 

amplitude, 470, 492-500 

general theory of, 469ff. 

length, 502n. 

matrix, 476ff., 550-554 

operator, 476 

potential, 514, 558 

quasi-classical, 486-489 

resonance, 505-516, 526-531 
Schrédinger’s equation, 51ff. 

in central field, 101-102 

for free particle, 51 

in homogeneous field, 73 

for linear oscillator, 69 

in magnetic field, 421-424 

in one dimension, 60, 63-64 

in quasi-classical case, 158 
Second quantisation, 221-230 
Secular equation, 133 
Selection rules, 92-93, 361-363, 410 
Self-adjoint operator, see Self-conjugate 

operator 
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Self-conjugate operator, 12 
Self-consistent field, 232, 237-240, 447 
Shell model of the nucleus, 447-456 
Sign of terms, 309-310, 394 
6j-symbols, 412-416 
Slow particles 
elastic scattering of, 500-511 
inelastic scattering of, 548-550 
S-matrix, 476; see Scattering matrix 
Spectral terms, 232, 277 
Spectrum 
continuous, 8, 15-19, 519-523 
discrete, 8-15 
of eigenvalues, 8 
Spherical harmonics, 90, 598-600 
Spin, (VIII) 188ff. 
commutation relations, 189 
in magnetic field, 434-435 
nuclear, 449 
suffixes, 189 
total, 190 
variable, 189 
Spin-axis interaction, 300 
Spin-orbit interaction, 247-250, 300, 448, 
535-541 
Spin-spin interaction, 247, 250, 305 
Spinors, 194ff. 
contraction of, 197 
multiplication of, 197 
symmetrical, 197 
and tensors, 200-204 
unit, 197 
Spur of matrix, 36 
Stability of molecules, 380-383 
Stark effect, 265-276 
in diatomic molecule, 316 
linear, 269 
Stationary states, 28 
Statistical weight, 311n., 395n. 
Sum of quantities, 13 
Superposition principle, 7 
Symmetric term, 311 
Symmetrisation 
of functions, 217 
of spinors, 197-200 
Symmetry 
axis of, 332 
bilateral, 339 
equivalent, 339 
centre of, 333 
groups, 335ff. 
plane of, 332 
equivalent, 339 
of terms 
in diatomic molecule, 277-278, 
309-312 
in polyatomic molecules, 371ff. 
theory of, (XII) 332ff. 
transformations, 332-335 
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Tensor 
antisymmetric unit, 83 
forces, 443 
irreducible, 202 
matrix elements of, 408-412 
spherical, 409 
‘Thomas-Fermi method, 241-246, 257-259 
3j-symbols, 401—408 
Threshold of reactions, 565 
Time reversal, 24, 55, 206-208, 423-424, 
477, 553 
Top, 383-389 
asymmetrical, 384 
spherical, 384 
symmetrical, 384 
‘Trace of matrix, 36 
‘Transition 
frequency, 31 
probability, in quasi-classical case, 181- 
184 
Transmission coefficient, 76 
in quasi-classical case, 172-177 
Transport cross-section, 483, 533 
Transposed operator, 11 
‘Turning points, 159 


Uncertainty 
principle, 2 
relations, 47 

for energy, 151 

Unitary operator, 35 


Valency, 286-292 
Van der Waals forces, 320 
Variational principle, 58-60 
Vector addition coefficients, 404n. 
Vector model, 99 
Velocity, in quantum mechanics, 4, 55-56, 423 
Vibrational 
angular momentum, 390 
co-ordinates, 372 
energy levels, 378-380 
quantum number, 296 


Index 


Vibrational (cont.) 

states and rotational states in diatomic 

molecule, 293-299, 301-309 

Vibrations, molecular 

anharmonic, 378 

classification of, 371-378 

interaction with rotations, 389-393 
Virtual level, 507 


Wall, potential, 75-77, 162 
Wave equation, 26 
Wave function, 6, 21-24, 57-61 
antisymmetrical, 210 
of boson system, 211 
co-ordinate, 212 
of fermion system, 211 
in magnetic field, 422, 425 
near nucleus, 246-247 
orbital, 212 
quasi-classical, 158ff. 
radial, 102-104, 105-109, 116-122 
spin, 212 
for arbitrary spin, 198-200 
symmetrical, 210 
Wave mechanics, 2 
Wave number, 61, 104 
Wave packet, 21 
Well, potential, 
156-157 
Width 
of channel, 557-558 
of level, 153 
Wigner 3j-symbols, 403 


63-67, 109-110, 154, 


X-ray terms, 259-261 


Young diagrams, 217-220 


Zeeman effect, 427-434 
anomalous, 429n. 
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COURSE OF THEORETICAL PHYSICS 
by L. D. LANDAU and E. M. LIFSHITZ 
Institute of Physical Problems of the USSR Academy of Sciences 


The complete Course of Theoretical Physics* by Landau and Lifshitz, recognised as two of the world's 
outstanding physicists, is being published in full by Pergamon Press. It comprises nine volumes, covering 
all branches of the subject; translations from the Russian are by leading scientists. 

Typical of many statements made by experts, reviewing the series, are the following: 

“The titles of the volumes in this series cover a vast range of topics, and there seems to be little in physics 
on which the authors are not very well informed.” —Nature 

“|, the whole set making up a Course of Theoretical Physics of remarkable completeness on both ‘modern’ 
and ‘classical’ physics.""—Journal of Fluid Mechanics 

“The remarkable nine-volume Course of Theoretical Physics ... the clearness and accuracy of the authors’ 
treatment of theoretical physics is well maintained.’'—Proceedings ofthe Physical Society 

“The monumental Course of Theoretical Physics.’’"—Science Progress 


Of individual volumes, reviewers have written: 
MECHANICS 


“The entire book is a masterpiece of scientific writing. There is not a superfluous sentence and the authors 
know exactly where they are going... It is certain that this volume will be able to hold its own amongst more 
conventional texts in classical mechanisms, as a scholarly and economic exposition of the subject.""— 
Science Progress 


QUANTUM MECHANICS (Non-relativistic Theory) 


“., throughout the five hundred large pages, the authors’ discussion proceeds with the clarity and succinct- 
ness typical of the very best works on theoretical Technology physics.""—Technology 

“every page shows evidence of great mastery of the subject. No one can read this volume without being 
aware that he is in the presence of a master.” —Proceedings ofthe Faraday Society 

“To the serious student of theoretical physics no better textbook could be recommended."'—WNature 


FLUID MECHANICS 

“In the event, the book is one which will have to find its way on to the shelves of allthose seriously interested 
in the subject."'"—Bulletin of the Institute of Physics 

“The ground covered includes ideal fluids, viscous fluids, turbulence, boundary layers, conduction and 
diffusion, surface phenomena and sound. Compressible fluids are treated under the headings of shock 
waves, one dimensional gas flow and flow past finite bodies. There is a chapter on the fluid dynamics of 
combustion while unusual topics discussed are relativistic fluid dynamics, dynamics of superfluids and 
fluctuations in fluid dynamics .. . a valuable addition to any library covering the mechanics of fluids.” — 
Science Progress 


THE CLASSICAL THEORY OF FIELDS (Second Edition) 


“This is an excellent and readable volume. It is a valuable and unique addition to the literature of theoretical 
physics."’"—Science 

“The clarity of style, the conciseness of treatment, and the originality and variety of illustrative problems make 
this a book which can be highly recommended.""—Proceedings of The Physical Society 


STATISTICAL PHYSICS 


“. . . stimulating reading, partly because of the clarity and compactness of some of the treatments put 
forward, and partly by reason of contrasts with texts on statistical mechanics and statistical thermodynamics 
better known to English sciences... The chapters... on fluctuations and...on second order phase transi- 
tions are particularly well sustained. Other features, such as the space devoted to systems undergoing rota- 
tion, to systems at high temperatures and pressures, and to relativistic modifications of statistical physics, 
attract attention since they do not always receive comparable mention in other textbooks.""—New Scientist 


THEORY OF ELASTICITY 


“| shall be surprised if this book does not come to be regarded as a masterpiece.''"—Journal of the Royal 
Institute of Physics. 

‘the book is well constructed, ably translated, and excellently produced.""—Journal of The Royal Aero- 
nautical Society 


ELECTRODYNAMICS OF CONTINUOUS MEDIA 


“Within the volume one finds everything expected of a Textbook on classical electricity and magnetism, and 
a great deal more. It is quite certain that this book will remain unique and indispensable for many years to 
come.”—Science Progress 

“The volume of electrodynamics conveys a sense of mastery of the subject matter on the part of the authors 
which is truly astonishing.""—Nature 


*Volume 4, RELATIVISTIC QUANTUM MECHANICS, is almost completely written in Russian, and Pergamon 
expect to publish at the end of 1966. Volume 9, PHYSICAL KINETICS, will be published at a future date when 
the manuscript in Russian is completed. 
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